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Now	in	its	third	edition,	Fundamentals	of	Microfabrication	and	Nanotechnology	continues	to	provide	the	most	complete	MEMS	coverage	available.	Thoroughly	revised	and	updated	the	new	edition	of	this	perennial	bestseller	has	been	expanded	to	three	volumes,	reflecting	the	substantial	growth	of	this	field.	It	includes	a	wealth	of	theoretical	and
practical	information	on	nanotechnology	and	NEMS	and	offers	background	and	comprehensive	information	on	materials,	processes,	and	manufacturing	options.	The	first	volume	offers	a	rigorous	theoretical	treatment	of	micro-	and	nanosciences,	and	includes	sections	on	solid-state	physics,	quantum	mechanics,	crystallography,	and	fluidics.	The	second
volume	presents	a	very	large	set	of	manufacturing	techniques	for	micro-	and	nanofabrication	and	covers	different	forms	of	lithography,	material	removal	processes,	and	additive	technologies.	The	third	volume	focuses	on	manufacturing	techniques	and	applications	of	Bio-MEMS	and	Bio-NEMS.	Illustrated	in	color	throughout,	this	seminal	work	is	a
cogent	instructional	text,	providing	classroom	and	self-learners	with	worked-out	examples	and	end-of-chapter	problems.	The	author	characterizes	and	defines	major	research	areas	and	illustrates	them	with	examples	pulled	from	the	most	recent	literature	and	from	his	own	work.	Volume	IIntroductionHistorical	Note:	The	Ascent	of	Silicon,	MEMS,	and
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Analytical	Techniques	in	Micro-	and	Nanotechnology	we	lay	the	foundations	for	a	qualitative	and	quantitative	theoretical	understanding	of	micro-	and	nanoelectromechanical	systems,	i.e.,	MEMS	and	NEMS.	In	integrated	circuits	(ICs),	MEMS,	and	NEMS,	silicon	(Si)	is	still	the	substrate	and	construction	material	of	choice.	A	historical	note	about	the
ascent	of	silicon,	MEMS	and	NEMS	is	the	topic	of	Chapter	1.	The	necessary	solid-state	physics	background	to	understanding	the	electronic,	mechanical,	and	optical	properties	of	solids	relied	on	in	ICs,	MEMS	and	NEMS	is	covered	in	Chapters	2–5.	Many	important	semiconductor	devices	are	based	on	crystalline	materials	because	of	their	reproducible
and	predictable	electrical	properties.	We	cover	crystallography	in	Chapter	2.	The	ultimate	theory	in	modern	physics	today	to	predict	physical,	mechanical,	chemical,	and	electrical	properties	of	atoms,	molecules,	and	solids	is	quantum	mechanics.	Quantum	mechanics	and	the	band	theory	of	solids	are	presented	in	Chapter	3.	The	relevance	of	quantum
mechanics	in	the	context	of	ICs	and	NEMS	cannot	be	underestimated,	and	the	profound	implications	of	quantum	physics	for	nanoelectronics	and	NEMS	are	a	recurring	topic	throughout	this	book.	Given	the	importance	of	single-crystal	Si	(SCS)	for	IC,	MEMS,	and	NEMS	applications,	we	analyze	silicon	crystallography	and	band	structure	in	more	detail
in	Chapter	4.	This	chapter	also	elucidates	all	the	singlecrystal	Si	properties	that	conspired	to	make	Si	so	important	in	electronic,	optical,	and	mechanical	devices	that	one	might	rightly	call	the	second	half	of	the	20th	century	the	Silicon	Age.	Photonics,	treated	in	Chapter	5,	involves	the	use	of	radiant	energy	and	uses	photons	the	same	way	that
electronic	applications	use	electrons.	We	review	the	distinctive	optical	properties	of	bulk	3D	metals,	insulators,	and	semiconductors	and	summarize	effects	of	electron	and	photon	confinement	in	lower-dimensional	structures.	We	show	how	evanescent	fields	on	metal	surfaces	enable	the	guiding	of	light	below	the	diffraction	limit	in	plasmonics.
Plasmonics	is	of	growing	importance	for	use	in	submicron	lithography,	near-field	optical	microscopy,	enhancement	of	light/matter	interaction	in	sensors,	high-density	data	storage,	and	highly	integrated	optic	chips.	We	also	delve	into	the	fascinating	new	topic	of	metamaterials,	man-made	structures	with	a	negative	refractive	index,	and	explain	how	this
could	make	for	perfect	lenses	and	could	change	the	photonic	field	forever.	In	Chapter	6	we	introduce	fluidics,	compare	various	fluidic	propulsion	mechanisms,	and	discuss	the	influence	of	miniaturization	on	fluid	behavior.	Given	the	high	level	of	interest,	fluidics	for	miniaturized	analytical	equipment	is	covered	in	this	chapter	as	well.	Chapter	7
combines	a	treatise	on	electrochemical	and	optical	analytical	processes	whose	implementation	is	often	attempted	in	miniaturized	components	and	systems.	Note	to	the	Reader:	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	was	originally	composed	as	part	of	a	larger	book	that	has	since	been	broken	up	into
three	separate	volumes.	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	represents	the	first	volume	in	this	set.	The	other	two	volumes	include	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	and	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications.	Cross-references	to
these	books	appear	throughout	the	text	and	will	be	referred	to	as	Volume	II	and	Volume	III,	respectively.	The	interested	reader	is	encouraged	to	consult	these	volumes	as	necessary.	ix	Author	Dr.	Madou	is	the	Chancellor’s	Professor	in	Mechanical	and	Aerospace	Engineering	(MEA)	at	the	University	of	California,	Irvine.	He	is	also	associated	with	UC
Irvine’s	Department	of	Biomedical	Engineering	and	the	Department	of	Chemical	Engineering	and	Materials	Science.	He	is	a	Distinguished	Honorary	Professor	at	the	Indian	Institute	of	Technology,	Kanpur,	India	and	a	World	Class	University	Scholar	(WCU)	at	UNIST	in	South	Korea.	Dr.	Madou	was	Vice	President	of	Advanced	Technology	at	Nanogen
in	San	Diego,	California.	He	specializes	in	the	application	of	miniaturization	technology	to	chemical	and	biological	problems	(bio-MEMS).	He	is	the	author	of	several	books	in	this	burgeoning	field	he	helped	pioneer	both	in	academia	and	in	industry.	He	founded	several	micromachining	companies.	Many	of	his	students	became	well	known	in	their	own
right	in	academia	and	through	successful	MEMS	startups.	Dr.	Madou	was	the	founder	of	the	SRI	International’s	Microsensor	Department,	founder	and	president	of	Teknekron	Sensor	Development	Corporation	(TSDC),	Visiting	Miller	Professor	at	UC	Berkeley,	and	Endowed	Chair	at	the	Ohio	State	University	(Professor	in	Chemistry	and	Materials
Science	and	Engineering).	Some	of	Dr.	Madou’s	recent	research	work	involves	artificial	muscle	for	responsive	drug	delivery,	carbonMEMS	(C-MEMS),	a	CD-based	fluidic	platform,	solid-state	pH	electrodes,	and	integrating	fluidics	with	DNA	arrays,	as	well	as	label-free	assays	for	the	molecular	diagnostics	platform	of	the	future.	To	find	out	more	about
those	recent	research	projects,	visit	.	xi	Acknowledgments	I	thank	all	of	the	readers	of	the	first	and	second	editions	of	Fundamentals	of	Microfabrication	as	they	made	it	worthwhile	for	me	to	finish	this	completely	revised	and	very	much	expanded	third	edition.	As	in	previous	editions	I	had	plenty	of	eager	reviewers	in	my	students	and	colleagues	from
all	around	the	world.	Students	were	especially	helpful	with	the	question	and	answer	books	that	come	with	the	three	volumes	that	make	up	this	third	edition.	I	have	acknowledged	reviewers	at	the	end	of	each	chapter	and	students	that	worked	on	questions	and	answers	are	listed	in	the	questions	sections.	The	idea	of	treating	MEMS	and	NEMS
processes	as	some	of	a	myriad	of	advanced	manufacturing	approaches	came	about	while	working	on	a	WTEC	report	on	International	Assessment	Of	Research	And	Development	In	Micromanufacturing	(	micromfg/report/Micro-report.pdf).	For	that	report	we	travelled	around	the	US	and	abroad	to	visit	the	leading	manufacturers	of	advanced	technology
products	and	quickly	learned	that	innovation	and	advanced	manufacturing	are	very	much	interlinked	because	new	product	demands	stimulate	the	invention	of	new	materials	and	processes.	The	loss	of	manufacturing	in	a	country	goes	well	beyond	the	loss	of	only	one	class	of	products.	If	a	technical	community	is	dissociated	from	manufacturing
experience	,	such	as	making	larger	flat-panel	displays	or	the	latest	mobile	phones,	such	communities	cannot	invent	and	eventually	can	no	longer	teach	engineering	effectively.	An	equally	sobering	realization	is	that	a	country	might	still	invent	new	technologies	paid	for	by	government	grants,	say	in	nanofabrication,	but	not	be	able	to	manufacture	the
products	that	incorporate	them.	It	is	naïve	to	believe	that	one	can	still	design	new	products	when	disconnected	from	advanced	manufacturing:	for	a	good	design	one	needs	to	know	the	latest	manufacturing	processes	and	newest	materials.	It	is	my	sincerest	hope	that	this	third	edition	motivates	some	of	the	brightest	students	to	start	designing	and
making	things	again	rather	than	joining	financial	institutions	that	produce	nothing	for	society	at	large	but	rather	break	things.	xiii	INTRODUCTION	MEMS	and	NEMS	Foundations	Miniaturization	science	is	the	science	of	making	very	small	things.	In	top-down	micro-	and	nanomachining,	one	builds	down	from	large	chunks	of	material;	in	bottom-up
nanochemistry,	one	builds	up	from	smaller	building	blocks.	Both	require	a	profound	understanding	of	the	intended	application,	different	manufacturing	options,	materials	properties,	and	scaling	laws.	The	resulting	three-dimensional	structures,	ranging	in	size	from	subcentimeters	to	subnanometers,	include	electronics,	photonics,	sensors,	actuators,
micro-	and	nanocomponents,	and	microand	nanosystems.	(a)	(b)	(a)	Copper	Fermi	surface—FCC	sixth	band	with	eight	short	necks	touching	the	eight	hexagonal	zone	faces.	(Fermi	surface	database	at	fermisurface.)	(b)	Platinum	Fermi	surface—FCC	fourth,	fifth,	and	sixth	bands.	(Fermi	surface	database	at	2	MEMS	and	NEMS	Foundations	No	one
behind,	no	one	ahead.	The	path	the	ancients	cleared	has	closed.	And	the	other	path,	everyone’s	path,	easy	and	wide,	goes	nowhere.	I	am	alone	and	find	my	way.	Dharmakirti	(7th	century	India)	Introduction	Chapter	1	Historical	Note:	The	Ascent	of	Si,	MEMS,	and	NEMS	Chapter	2	Crystallography	Chapter	3	Quantum	Mechanics	and	the	Band	Theory
of	Solids	Chapter	4	Silicon	Single	Crystal	Is	Still	King	Chapter	5	Photonics	Chapter	6	Fluidics	Chapter	7	Electrochemical	and	Optical	Analytical	Techniques	Introduction	In	Volume	I,	we	lay	the	foundations	for	a	qualitative	and	quantitative	understanding	of	micro-	and	nanoelectromechanical	systems,	i.e.,	MEMS	and	NEMS.	In	integrated	circuits	(ICs),
MEMS,	and	NEMS,	silicon	(Si)	is	still	the	substrate	and	building	material	of	choice.	A	historical	note	about	the	history	of	the	ascent	of	silicon,	MEMS,	and	NEMS	is	the	topic	of	Chapter	1.	The	necessary	solid-state	physics	background	of	electronic,	mechanical,	and	optical	properties	of	solids	relied	on	in	MEMS	and	NEMS	is	covered	in	Chapters	2–5.
Solid-state	physics	is	the	study	of	solids.	A	major	part	of	solid-state	physics	is	focused	on	crystals	because	the	periodicity	of	atoms	in	a	crystal	facilitates	mathematical	modeling,	but	more	importantly	because	crystalline	materials	often	have	electrical,	optical,	or	mechanical	properties	that	can	be	easier	exploited	for	engineering	purposes.	In	Chapter	2,
we	detail	crystalline	materials	in	which	atoms	are	arranged	in	a	pattern	that	repeats	periodically	in	three	dimensions.	The	materials	covered	here	prepare	the	reader	for	Chapter	3,	which	explains	the	band	theory	of	solids	based	on	quantum	mechanics.	The	relevance	of	quantum	mechanics	in	the	context	of	ICs	and	NEMS	cannot	be	underestimated,
and	the	profound	implications	of	quantum	physics	for	nanoelectronics	and	NEMS	is	a	recurring	topic	throughout	this	book.	This	is	followed	in	Chapter	4	by	a	description	of	the	single-crystal	Si	band	structure,	the	growth	of	single	crystals	of	Si,	its	doping,	and	oxidation.	In	this	chapter,	we	also	review	the	single-crystal	Si	properties	that	conspired	to
make	Si	so	important	in	electronic,	optical,	and	mechanical	devices	so	that	one	might	rightly	call	the	second	half	of	the	20th	century	the	Silicon	Age.	Although	the	emphasis	in	this	book	is	on	nonelectronic	applications	of	miniaturized	devices,	we	briefly	introduce	different	types	of	diodes	and	two	types	of	transistors	(bipolar	and	MOSFET).	In	Chapter
5,	we	introduce	photonics.	We	compare	electron	and	photon	propagation	in	materials	and	contrast	electron	and	photonic	confinement	structures	and	the	associated	evanescent	wave	phenomena.	We	also	delve	into	the	fascinating	new	topic	of	metamaterials,	artificially	engineered	materials	possessing	properties	(e.g.,	optical,	electrical)	that	are	not
encountered	in	naturally	occurring	ones.	An	introduction	to	diode	lasers,	quantum	well	lasers,	and	quantum	cascade	lasers	concludes	the	photonics	section.	Fluidics	and	electrochemical	and	optical	analytical	techniques	are	important	current	applications	of	MEMS	and	NEMS.	In	Chapter	6	we	introduce	fluidics,	compare	various	fluidic	propulsion
mechanisms,	and	discuss	the	influence	of	miniaturization	on	fluid	behavior.	Given	the	current	academic	and	industrial	interest,	fluidics	in	miniaturized	analytical	equipment	is	detailed	separately	at	the	end	of	this	chapter.	Chapter	7	combines	a	treatise	on	STM	image	showing	standing	waves	in	a	2D	electron	gas	trapped	in	a	“quantum	corral”	made	by
positioning	Fe	atoms	on	a	Cu	(111)	surface.1	MEMS	and	NEMS	Foundations	electrochemical	and	optical	analytical	techniques.	Using	sensor	examples,	we	introduce	some	of	the	most	important	concepts	in	electrochemistry,	i.e.,	the	electrical	double	layer,	potentiometry,	voltammetry,	two-	and	three-electrode	systems,	Marcus’	theory	of	electron
transfer,	reaction	rate-	and	diffusion	rate-controlled	electrochemical	reactions,	and	ultramicroelectrodes.	Many	researchers	use	MEMS	and	NEMS	to	miniaturize	optical	components	or	whole	instruments	for	absorption,	luminescence,	or	phosphorescence	spectroscopy.	Optical	spectroscopy	is	concerned	with	the	production,	measurement,	and
interpretation	of	electromagnetic	3	spectra	arising	from	either	emission	or	absorption	of	radiant	energy	by	matter.	The	sensitivity	of	these	optical	sensing	techniques	and	the	analysis	of	how	amenable	they	are	to	miniaturization	(scaling	laws)	are	also	compared	herein.	Chapter	7	ends	with	a	comparison	of	the	merits	and	problems	associated	with
electrochemical	and	optical	measuring	techniques.	Reference	1.	Crommie,	M.	F.,	C.	P.	Lutz,	and	D.	M.	Eigler.	1993.	Confinement	of	electrons	to	quantum	corrals	on	a	metal	surface.	Science	262:218–20.	1	Historical	Note:	The	Ascent	of	Silicon,	MEMS,	and	NEMS	Outline	Silicon	in	Integrated	Circuits	MEMS	NEMS	Acknowledgments	Appendix	1A:
International	Technology	Roadmap	for	Semiconductors	(ITRS)	Appendix	1B:	Worldwide	IC	and	Electronic	Equipment	Sales	Silicon	Valley	is	the	only	place	on	Earth	not	trying	to	figure	out	how	to	become	Silicon	Valley	(Robert	Metcalfe,	father	of	the	ethernet).	(From	PG&E	and	USGS.)	Questions	References	Silicon	in	Integrated	Circuits	In	1879,
William	Crookes	recounted	his	experiments	on	passing	electric	discharges	through	an	evacuated	glass	tube	for	the	Royal	Society,	thus	describing	the	first	cathode	ray	tube	(CRT).	Four	years	later,	Thomas	Alva	Edison	and	Francis	Upton	discovered	the	“Edison	effect.”	They	introduced	a	metal	plate	into	an	incandescent	electric	light	bulb	(invented	by
Edison	in	1879)	in	an	attempt	to	keep	the	bulb	from	turning	black	(Figure	1.1).	It	did	not	work,	but	they	discovered	that	there	was	a	current	between	the	lighted	filament	and	the	separate	metal	plate	when	the	plate	was	positively	charged	but	not	when	it	was	negatively	charged.	This	led	Edison	and	Upton	to	stumble	on	the	basic	principle	of	the
operation	of	the	vacuum	tube	(rectification!).	The	first	diode	tube	we	owe	to	John	Fleming,	who,	in	1904,	filed	a	patent	for	a	“valve”	vacuum	tube,	also	called	a	Fleming	valve	or	Fleming	diode.	5	6	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	FIGURE	1.1	Edison	bulb	used	to	demonstrate	the	“Edison	effect.”
Early	researchers	thought	of	electricity	as	a	kind	of	fluid,	leading	to	the	inherited	jargon	such	as	current,	flow,	and	valve.	Fleming	recognized	the	importance	of	Edison	and	Upton’s	discovery	and	demonstrated	it	could	be	used	for	the	rectification	of	alternating	currents.	Interestingly,	Fleming,	at	first,	tried	to	get	reliable	rectification	from	single-
crystal	rectifiers	used	in	crystal	set	radios	(Figure	1.2),	but	could	never	get	them	to	work	well	enough,	so	he	switched	to	tubes!	J.J.	Thomson,	in	1887,	convincingly	showed	that	an	electrical	current	was	really	an	electron	flow,	and	Fleming	could	explain	the	rectification	in	his	diode	tube	as	electrons	boiling	of	the	heated	filament	and	flowing	to	the
metal	plate	(thermionic	emission).	Because	the	plate	was	not	hot	enough	to	emit	electrons,	no	current	could	go	in	the	opposite	direction.	Thus,	the	Edison	effect	always	produced	direct	FIGURE	1.2	Early	crystal	set	radio	with	a	galena	(lead	sulphide)	and	the	“cat’s	whisker”	(the	small	coil	of	wire)	that	was	used	to	make	contact	with	the	crystal.
FIGURE	1.3	Lee	De	Forest	in	1906	with	the	Audion,	the	first	triode.	current	only.	In	1906,	an	American	scientist,	Lee	De	Forest	(Figure	1.3),	invented	the	vacuum	tube	amplifier	or	triode	based	on	the	two-element	vacuum	tube	invented	by	Fleming.	De	Forest,	reportedly	a	tireless	self-promoter,	added	an	electrode—the	grid—to	the	Fleming	diode,	and
inserted	it	between	the	anode	and	the	cathode.	With	this	grid	the	diode	became	an	active	device,	i.e.,	it	could	be	used	for	the	amplification	of	signals	(say,	for	example,	in	radios)	and	as	a	switch	(for	computers).	Hence,	the	amplifying	vacuum	tube,	the	ancestor	of	the	transistor,	was	born.	A	gate	in	a	dam	controls	huge	amounts	of	flowing	water	with
relatively	small	movements.	Similarly,	a	small	signal	applied	to	the	grid	controls	the	much	larger	signal	between	anode	and	cathode.	Vacuum	tubes—miniature	particle	accelerators—	dominated	the	radio	and	television	industries	until	the	1960s,	and	were	the	genesis	of	today’s	huge	electronics	industry.	However,	tubes	were	fragile,	large,	very	power
hungry,	and	costly	to	manufacture.	The	industry	needed	something	better.	That	today’s	world	is	largely	electronic—e.g.,	automobiles,	home	appliances,	even	books,	writing	tablets,	and	tally	sheets—is	because	of	solid-state	electronics,*	not	vacuum	tubes.	It	is	true,	albeit	unfortunate,	that	World	War	II	and	the	subsequent	Cold	War	era	is	what	spurred
research	and	development	in	solid-state	electronic	devices.	Human	foibles	led	to	faster	development	of	*	Based	on	or	consisting	chiefly	or	exclusively	of	semiconducting	materials,	components,	and	related	devices.	Historical	Note	RAdio	Detecting	And	Ranging	or	RADAR,	SOund	Navigation	And	Ranging	or	SONAR,	and	many	other	technological
innovations.	As	we	all	know,	the	list	of	innovations	made	to	feed	human	aggression	did	not	abate.	Alan	Turing	led	the	team	in	England	that	in	1943	built	the	Colossus	coding	and	deciphering	machine.	The	Colossus	was	a	special-purpose	computer	used	to	break	the	German	code	ULTRA,	encrypted	using	ENIGMA	machines.	Breaking	the	German	code
was	one	of	the	keys	to	the	success	of	the	D-Day	invasion.	The	Harvard	Mark	I	and	later	II,	III,	and	IV	were	general-purpose	electromechanical	calculators	(sponsored	by	the	U.S.	Navy)	to	compute	artillery	and	navigation	tables—the	same	purpose	intended,	100	years	earlier,	by	Babbage	for	his	analytical	engine	(Figure	1.4).	John	Mauchly	and	Presper
Eckert	started	work	on	the	first	electronic	computer,	the	ENIAC	(Electronic	Numerical	Integrator	and	Computer),	at	the	University	of	Pennsylvania	in	1943.	The	ENIAC,	having	been	a	secret	during	the	war,	was	unveiled	in	Philadelphia	in	1946.	This	computer	featured	17,468	vacuum	tubes	used	as	switches	and	consumed	174	kW	of	power,	enough	to
light	10	homes!	Several	tubes	would	fail	every	day	until	the	engineers	decided	to	never	turn	off	the	machine.	This	increased	the	average	time	until	a	tube	would	fail	to	2	days.	ENIAC	was	designed	to	calculate	munition	trajectory	tables	for	the	U.S.	Army.	It	was	U-shaped,	25	m	long,	2.5	m	high,	1	m	wide,	and	weighed	more	than	30	tons	(see	Figure
1.5a).	Programming	was	done	by	plugging	cables	and	setting	switches.	By	the	mid-1970s,	identical	ENIAC	functions	could	be	achieved	by	a	(a)	7	FIGURE	1.4	Charles	Babbage	(1791–1871)	first	conceived	the	idea	of	an	advanced	calculating	machine	to	calculate	and	print	mathematical	tables	in	1812.	It	was	a	decimal	digital	machine,	with	the	value	of
a	number	being	represented	by	the	positions	of	toothed	wheels	marked	with	decimal	numbers.	1.5-	×	1.5-cm	silicon	die,	and	the	original	Pentium	processor,	if	fabricated	using	ENIAC	technology,	would	cover	more	than	10	square	miles.	One	of	ENIAC’s	heirs	was	a	computer	called	the	UNIVAC	(Universal	Automatic	Computer),	considered	by	most
historians	to	be	the	first	commercially	successful	digital	computer	(Figure	1.5b).	First	constructed	by	the	Eckert-Mauchly	Computer	Corporation	(EMCC),	it	was	taken	over	by	SperryRand.	At	14.5	ft.	long,	7.5	ft.	high,	and	9	ft.	wide,	the	UNIVAC,	priced	at	$1	million,	was	physically	(b)	FIGURE	1.5	Electronic	Numerical	Integrator	and	Computer
(ENIAC),	the	world’s	first	large-scale,	general-purpose	electronic	computer	(a),	and	the	UNIVAC,	the	first	commercial	computer	(b).	First-generation	computers	based	on	vacuum	tubes.	8	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	FIGURE	1.6	Von	Neumann	in	his	living	room.	(Photograph	by	Alan	Richards
hanging	in	Fuld	Hall,	Institute	for	Advanced	Study,	Princeton,	NJ.	Courtesy	of	the	Archives	of	the	Institute	for	Advanced	Study.)	smaller	than	ENIAC	but	more	powerful.	ENIAC	and	UNIVAC	constitute	first-generation	computers	based	on	vacuum	tubes.	It	was	the	concept	of	the	stored	program,	invented	by	John	von	Neumann	in	1945	(Figure	1.6);	the
magnetic	core	memory,	invented	by	An	Wang	at	Harvard	and	used	in	grids	by	J.W.	Forrester	and	colleagues	at	MIT	for	random	access	memory	(RAM);	and	William	Shockley’s	transistor,	based	on	transistors	for	switches	instead	of	tubes,	that	would	make	a	second	generation	of	computers	possible,	thus	starting	the	computer	revolution.	The	year	1940
gave	rise	to	an	important	milestone	in	solid-state	electronics	history	with	the	invention	of	a	silicon-based	solid-state	p-n	junction	diode	by	Russell	Ohl	at	Bell	Labs.1	This	device,	when	exposed	to	light,	produced	a	0.5	V	across	the	junction	and	represented	the	first	Si-based	solar	cell.	Bell	Labs,	in	1945,	established	a	group	charged	with	developing	an
alternative	to	the	vacuum	tube.	Led	by	Shockley	(1910–1989)	and	including	John	Bardeen	(1908–	1991)	and	Walter	Brattain	(1902–1987),	in	1947	the	group	made	an	odd-looking	device	consisting	of	semiconducting	germanium	(Ge),	gold	strips,	insulators,	and	wires,	which	they	called	a	transistor	(subject	of	U.S.	Patent	#2,524,035	[1950]2)	(Figure
1.7;	notice	the	paper	clip!).	For	this	invention	Shockley,	Bardeen,	and	Brattain	were	awarded	the	1956	Nobel	FIGURE	1.7	The	first	point-contact	germanium	bipolar	transistor.	Notice	the	paper	clip!	Roughly	50	years	later,	electronics	accounted	for	10%	($4	trillion)	of	the	world’s	aggregate	GDP.	Prize	for	Physics	(Bardeen	went	on	to	claim	a	second
Nobel	Prize	for	Physics	in	1972	for	superconductivity).	Bardeen	called	Ohl’s	junction	diode	fundamental	to	the	invention	of	the	transistor.	Brattain	was	the	unassuming	experimentalist,	Bardeen	the	theorist,	and	Shockley*	the	inventor	and	leader	(Figure	1.8).	This	trio	thus	succeeded	in	creating	an	amplifying	circuit	using	a	point-contact	bipolar
transistor	that	trans-ferred	resistance	(hence	transistor).	Two	FIGURE	1.8	Shockley	(seated),	Bardeen,	and	Brattain.	*	Unfortunately,	Shockley	became	associated	with	racist	ideas	and	briefly	pursued	a	U.S.	Senate	seat	(as	a	Republican).	Historical	Note	wires	made	contact	with	the	germanium	crystal	near	the	junction	between	the	p-	and	n-zones	just
like	the	“cat	whiskers”*	in	a	crystal	radio	set.	A	few	months	later,	Shockley	devised	the	junction	transistor,	a	true	solid-state	device	that	did	not	need	the	whiskers	of	the	point-contact	transistor	(see	also	Figure	1.2).	Junction	transistors	were	much	easier	to	manufacture	than	point-contact	transistors,	and	by	the	mid-1950s	the	former	had	replaced	the
latter	in	telephone	systems.	G.	Teal	and	J.B.	Little,	also	from	Bell	Labs,	were	able	to	grow	large	single	crystals	of	germanium	by	1951,	which	led	to	the	start	of	commercial	production	of	germanium	transistors	in	the	same	year.	Christmas	1954	saw	the	first	transistor	radio	(the	Regency	TR-1)	built	by	Industrial	Development	Engineering	Associates,
which	sold	for	$49.95	(Figure	1.9).	This	radio	featured	four	germanium	transistors	from	Texas	Instruments.	Although	germanium	was	used	in	early	transistors,	by	the	late	1960s	silicon,	because	of	its	many	advantages,	had	taken	over.	Silicon	has	a	wider	bandgap	(1.1	eV	for	Si	vs.	0.66	eV	for	Ge),	allowing	for	higher	operating	temperatures	(125–
175°C	vs.	85°C),	a	higher	intrinsic	resistivity	(2.3	×	105	Ω	cm	vs.	47	Ω	cm),	and	a	better	native	oxide	(SiO2	vs.	GeO2	[water	soluble!]).	FIGURE	1.9	Movie	producer	mogul	Michael	Todd	(husband	of	Elizabeth	Taylor	in	the	mid-1950s)	placed	Regency	TR-1s	in	gift	books	to	commemorate	his	movie	Around	the	World	in	80	Days.	The	one	pictured	was	for
Shirley	MacLaine.	*	A	cat	whisker	is	a	piece	(often	springy)	of	pointed	metal	wire.	9	The	latter	results	in	a	higher-quality	insulator	that	protects	and	“passivates”	underlying	circuitry,	helps	in	patterning,	and	is	useful	as	a	mask	for	dopants.	Finally,	silicon	is	cheaper	and	much	more	abundant	(sand!)	than	germanium.	Second-generation	computers
relied	on	transistors	instead	of	vacuum	tubes	for	switches	(logic	gates).	In	recent	years,	germanium	is	making	a	comeback	based	mostly	on	its	higher	carrier	mobility	(three	times	higher	than	siliconbased	ones),	of	great	interest	for	faster	circuitry,	and	because	Ge	has	a	lattice	constant	similar	to	GaAs,	making	it	easier	to	integrate	GaAs	optical
components	with	Ge-CMOS	circuits.	Transistors	perform	functions	similar	to	vacuum	tubes,	but	they	are	much	smaller,	cheaper,	less	power	hungry,	and	more	reliable.	Michael	Riordan	and	Lillian	Hoddeson’s	Crystal	Fire	gives,	in	the	author’s	opinion,	one	of	the	best	popular	accounts	of	the	invention	of	the	transistor.3	The	honeymoon	with	the
transistor	was	quickly	over;	by	the	second	half	of	the	1950s,	new	circuits	on	the	drawing	board	were	so	big	and	complex	that	it	was	virtually	impossible	to	wire	that	many	different	parts	together	reliably.	A	circuit	with	100,000	components	could	easily	require	1	million,	mostly	manual,	soldering	operations	that	were	time	consuming,	expensive,	and
inherently	unreliable.	The	answer	was	the	“monolithic”	idea,	in	which	a	single	bloc	of	semiconductor	is	used	for	all	the	components	and	interconnects,	invented	by	two	engineers	working	at	competing	companies:	Jack	Kilby	at	Texas	Instruments	(Figure	1.10)	and	Robert	Noyce	(Figure	1.11)	at	Fairchild	Semiconductor.	In	1958,	Jack	Kilby	at	Texas
Instruments	formed	a	complete	circuit	on	a	piece	of	germanium,	landing	U.S.	Patent	#3,138,743	(1959).	His	circuit	was	a	simple	IC	oscillator	with	three	types	of	components:	transistors,	resistors,	and	capacitors	(Figure	1.12).	Kilby	got	his	well-deserved	Nobel	Prize	for	this	work	only	in	2000.	Technological	progress	and	engineering	feats	are	not
often	awarded	a	Nobel	Prize,	and	if	awarded	at	all	they	are	often	belated	or	controversial	(see	Kary	Mullis,	Nobel	Laureate	Chemistry	1993	for	the	invention	of	PCR).	Robert	Noyce—Mr.	Intel	(Integrated	Electronics)—	then	at	Fairchild,	introduced,	with	Jean	Horni,	planar	technology,	wiring	individual	devices	together	10	Solid-State	Physics,	Fluidics,
and	Analytical	Techniques	in	Micro-	and	Nanotechnology	FIGURE	1.12	The	first	integrated	circuit	(germanium)	in	1958	by	Jack	S.	Kilby	at	Texas	Instruments	contained	five	components	of	three	types:	transistors,	resistors,	and	capacitors.	FIGURE	1.10	Jack	Kilby	with	notebook.	(TI	downloadable	pictures.)	on	a	silicon	wafer	surface.	Noyce’s	“planar”
manufacturing,	in	which	all	the	transistors,	capacitors,	and	resistors	are	formed	together	on	a	silicon	chip	with	the	metal	wiring	embedded	on	the	silicon,	is	still	used	today.	By	1961,	Fairchild	and	Texas	Instruments	had	devised	methods	whereby	large	FIGURE	1.11	Robert	Noyce	in	1990.	numbers	of	transistors	were	produced	on	a	thin	slice	of	Si—and
IC	production	on	an	industrial	scale	took	off.	The	transistors	on	ICs	were	not	the	bipolar	type	but	rather	field	effect	transistor	devices.	The	concept	of	a	field	effect	transistor	(FET)	was	first	proposed	and	patented	in	the	1930s;	however,	it	was	the	bipolar	transistor	that	made	it	first	to	commercial	products.	Shockley	resurrected	the	idea	of	the	FET	in
the	early	1950s,	but	it	took	until	1962	before	a	working	FET	was	fabricated.	These	new	FETs	proved	to	be	more	compatible	with	both	IC	and	Si	technology.	Integrated	circuits	made	not	only	third-generation	computers	possible	but	also	cameras,	clocks,	PDAs,	RF-IDs,	etc.	The	National	Academy	of	Sciences	declared	ICs	the	progenitor	of	the	“Second
Industrial	Revolution,”	and	Jerry	Sanders,	founder	of	Advanced	Microdevices,	Inc.,	called	ICs	the	crude	oil	of	the	1980s.	A	very	well-written	popular	account	of	the	invention	of	the	IC	is	T.R.	Reid’s	The	Chip:	How	Two	Americans	Invented	the	Microchip	and	Launched	a	Revolution.4	Robert	Noyce,	Gordon	Moore,	and	Andrew	Grove	left	Fairchild	to	start
Intel	in	1968	with	the	aim	of	developing	random	access	memory	(RAM)	chips.	The	question	these	inventors	wanted	answered	was	this:	since	transistors,	capacitors,	and	resistors	can	be	put	on	a	chip,	would	it	be	possible	to	put	a	computer’s	central	processor	unit	(CPU)	on	one?	The	answer	came	swiftly;	by	1969	Ted	Hoff	had	designed	the	Intel	4004,
the	first	general-purpose	4-bit	microprocessor.	The	Intel	4004	microprocessor	was	a	3-chip	set	with	a	2-kbit	read-only	memory	(ROM)	IC,	a	320-bit	RAM	Historical	Note	11	FIGURE	1.13	(a)	The	Altair	8800	computer	and	(b)	the	Intel	8080	microprocessor.	IC,	and	a	4-bit	processor,	each	housed	in	a	16-pin	dual	in-line	package	(DIP).	The	processor,
made	in	a	10-μm	silicon	gate	pMOS	process,	contained	2,250	transistors	and	could	execute	60,000	operations	per	second	on	a	die	size	of	13.5	mm2.	It	came	on	the	market	in	1971,	giving	rise	to	the	fourth	generation	of	computers	based	on	microprocessors	and	the	first	personal	computer	(PC).	The	era	of	a	computer	in	every	home—a	favorite	topic
among	science	fiction	writers—had	arrived!	The	first	desktop-size	PC	appeared	in	1975,	offered	by	Micro	Instrumentation	Telemetry	Systems	(MITS)	as	a	mail-order	computer	kit.	The	computer,	the	Altair	8800,	named	after	a	planet	on	a	Star	Trek	episode,	retailed	for	$397.	It	had	an	Intel	8080	microprocessor,	256	bytes	of	memory	(not	256K),	no
keyboard,	no	display,	and	no	auxiliary	storage	device,	but	its	success	was	phenomenal,	and	the	demand	for	the	microcomputer	kit	was	overwhelming	(Figure	1.13).	Scores	of	small	entrepreneurial	companies	responded	to	this	demand	by	producing	computers	for	the	new	market.	In	1976,	Bill	Gates,	Paul	Allen,	and	Monte	Davidoff	wrote	their	first
software	program	for	the	Altair—a	BASIC	(Beginners	All-purpose	Symbolic	Instruction	Code)	interpreter	(a	high-level	language	translator	that	converts	individual	high-level	computer	language	program	instructions	[source	code]	into	machine	instructions).	The	first	major	electronics	firm	to	manufacture	and	sell	personal	computers,	Tandy	Corporation
(Radio	Shack),	introduced	its	computer	model	(TRS-80)	in	1977.	It	quickly	dominated	the	field	because	of	the	combination	of	two	attractive	features:	a	keyboard	and	a	cathode	ray	display	terminal.	It	was	also	popular	because	it	could	be	programmed,	and	the	user	was	able	to	store	information	by	means	of	a	cassette	tape.	In	1976,	Steve	Wozniak,	who
could	not	afford	an	Altair,	built	his	own	computer	using	a	cheaper	microprocessor	and	adding	several	memory	chips.	As	a	circuit	board	alone,	it	could	do	more	than	the	Altair.	Wozniak	and	Steve	Jobs	called	it	Apple	I,	and	Jobs	took	on	the	task	of	marketing	it	while	Wozniak	continued	with	improvements	(Figure	1.14).	By	1977,	Wozniak	had	built	the
Apple	II	and	quit	his	day	job.	The	Apple	II	had	16–64K	RAM	and	secondary	memory	storage	in	the	shape	of	a	cassette	tape	or	a	5.25-in.	floppy	disk	drive	and	cost	$1,300.	At	that	time,	Wozniak	and	Jobs	formed	Apple	Computer,	FIGURE	1.14	(a)	Jobs	and	Wozniak	with	the	board	for	Apple	I	and	(b)	the	Apple	II.	12	Solid-State	Physics,	Fluidics,	and
Analytical	Techniques	in	Micro-	and	Nanotechnology	Inc.	When	it	went	public	in	1980,	its	stock	value	was	$117	million;	three	years	later	it	was	worth	$985	million.	Vacuum	tubes	coexisted	with	their	progeny,	the	transistor,	and	even	with	ICs	for	a	short	while.	Although	solid-state	technology	overwhelmingly	dominates	today’s	world	of	electronics,
vacuum	tubes	are	still	holding	out	in	some	areas.	You	might,	for	example,	still	have	a	CRT	(cathode	ray	tube)	as	your	television	or	computer	screen.	Tubes	also	remain	in	two	small	but	vibrant	areas	for	entirely	different	reasons.	The	first	involves	microwave	technology,	which	still	relies	on	vacuum	tubes	for	their	power-handling	capability	at	high
frequencies.	The	other—the	creation	and	reproduction	of	music—is	a	more	complicated	story.	Tubes	distort	signals	differently	than	transistors	when	overdriven,	and	this	distortion	is	regarded	as	being	more	“pleasant”	by	much	of	the	music	community.	Extrapolating	back	to	1961,	Gordon	Moore	in	1965	(Figure	1.15),	while	at	Fairchild,	predicted	that
transistors	would	continue	to	shrink,	doubling	in	density	on	an	IC	every	18–24	months,	while	the	price	would	continue	to	come	down—this	prediction	we	know	today	as	Moore’s	Law.	History	has	proven	Moore	right	as	evidenced	by	past	and	projected	feature	sizes	of	ICs	in	the	International	Technology	Roadmap	for	Semiconductors	(ITRS)	shown	in
Appendix	1A	and	on	the	Internet	at	(updated	in	2007).5	In	this	International	Technology	Roadmap	TABLE	1.1	Integration	Scale	and	Circuit	Density	IC	Evolution	Zero-scale	integration	Small-scale	integration	Medium-scale	integration	Large-scale	integration	Very	large-scale	integration	Ultra-large-scale	integration	Giga-scale	integration	Tera-scale
integration	Number	of	Logic	Gates	Year	of	Introduction	ZSI	1	1950	SSI	2–30	1965	MSI	30–103	1970	LSI	103–105	1980	VLSI	105–107	1985	ULSI	107–109	1990	GSI	109–1011	2005	TSI	1011–1013	2020	for	Semiconductors,	technology	modes	have	been	defined.	These	modes	are	the	feature	sizes	that	have	to	be	in	volume	manufacturing	at	a	fixed	date
(year	of	production).	The	feature	size	is	defined	as	half-pitch,	i.e.,	half	of	a	dense	pair	of	lines	and	spaces	(see	figure	in	Appendix	1A).	In	Table	1.1	the	increasing	numbers	of	devices	integrated	on	an	IC	are	tabulated.	As	we	will	learn	in	Chapters	1	and	2	on	lithography	in	Volume	II,	new	lithography	techniques,	novel	device	structures,	and	the	use	of
new	materials	drive	Moore’s	Law.	The	state	of	the	art	in	ICs	today	is	a	2-GB	DRAM*	with	60-nm	features	(Samsung).	Intel	introduced	the	Core	2	Quad	“Kentsfield”	chip	in	January	2007,	a	chip	featuring	a	65-nanometer	technology	mode.	The	32-nm	node	should	be	achieved	in	2009.	The	first	Moore’s	Law	is	the	good	news,	but	there	is	a	second	Moore’s
Law	that	is	a	bit	problematic;	this	second	law	states	that	the	cost	of	building	a	chip	factory	doubles	with	every	other	chip	generation,	i.e.,	every	36	months.	Today’s	technology	involves	Si	wafers	with	a	12-in.	diameter	and	factories	that	cost	$3–4	billion	to	construct.	With	this	type	of	start-up	costs,	few	countries	can	afford	to	enter	the	IC	market,	and
the	search	is	on	for	alternative,	less-expensive	*	FIGURE	1.15	Gordon	Moore,	cofounder	of	Intel.	Acronym	Dynamic	random	access	memory.	A	type	of	memory	component	used	to	store	information	in	a	computer	system.	“Dynamic”	means	the	DRAMs	need	a	constant	“refresh”	(pulse	of	current	through	all	the	memory	cells)	to	keep	the	stored
information.	Historical	Note	13	bottom-up	NEMS	techniques	(below).	From	Appendix	1B,	the	IC	market	for	2003	was	$166	billion	worldwide,	with	2004	projected	at	$241	billion	(data	by	the	World	Semiconductor	Trade	Statistics	[WSTS];	).6	Also	from	Appendix	1B	we	learn	that	the	IC	business	is	feeding	a	trilliondollar	electronic	equipment	business.
It	is	worth	pointing	out	that	China	is	expected	to	control	5%	of	the	IC	market	by	2010.	MEMS	Single-crystal	silicon	is	not	only	an	excellent	electronic	material	but	it	also	exhibits	superior	mechanical	properties;	the	latter	gave	birth	to	the	microelectromechanical	systems	(MEMS)	field	on	the	coattails	of	the	IC	industry.	Originally	MEMS	constituted
mostly	mechanical	types	of	devices	based	on	single-crystal	silicon	with	at	least	one	or	more	of	their	dimensions	in	the	micrometer	range.	As	MEMS	applications	broadened,	in	Europe	the	acronym	MST	for	microsystem	technology	became	more	popular.	In	Japan	one	refers	to	micromachining,	and	microengineering	is	popular	in	the	United	Kingdom.
Development	of	single-crystal	silicon	mechanical	MEMS	involves	the	fabrication	of	micromechanical	parts,	e.g.,	a	thin	membrane	in	the	case	of	a	pressure	sensor	or	a	cantilever	beam	for	an	accelerometer.	These	micromechanical	parts	are	fabricated	by	selectively	etching	areas	of	a	Si	substrate	away	to	leave	behind	the	desired	geometries.	The	terms
MEMS	and	micromachining	came	into	use	in	1982	to	name	these	fabrication	processes.	Around	the	same	time	references	to	“bulk”	micromachining	techniques	also	appeared.	Richard	Feynman’s	December	26,	1959	presentation	“There’s	Plenty	of	Room	at	the	Bottom”	is	considered	by	many	to	be	the	starting	bongo	for	MEMS	(Figure	1.16)	(	.
caltech.edu/~feynman/plenty.html),7	but	in	a	practical	sense,	it	was	the	invention	of	the	transistor	and	the	processes	developed	to	fabricate	transistors,	six	years	earlier,	that	enabled	MEMS.	An	early	milestone	for	the	use	of	single-crystal	silicon	in	MEMS	was	the	1956	discovery	of	porous	Si	by	Uhlir.8	His	discovery	eventually	led	to	all	types	of
interesting	new,	single-crystal	Si-based	devices,	from	reference	electrodes	for	electrochemical	sensors,	FIGURE	1.16	Richard	Feynman	on	the	bongo	drums.	biosensors,	quantum	structures,	and	permeable	membranes	to	photonic	crystals	and	photoluminescent	and	electroluminescent	devices.	The	first	impetus	for	the	use	of	single-crystal	silicon	as	a
micromechanical	element	in	MEMS	can	be	traced	to	the	discovery	of	its	large	piezoresistance.	Piezoresistance	is	the	change	in	the	resistivity	of	certain	materials	as	a	result	of	an	applied	mechanical	strain.	Charles	Smith,	of	the	Case	Institute	of	Technology	(now	part	of	the	Case	Western	Reserve	University),	during	a	sabbatical	leave	at	Bell	Labs	in
1953,	studied	the	piezoresistivity	of	semiconductors	and	published	the	first	paper	on	the	piezoresistive	effect	in	Si	and	Ge	in	1954.9	The	piezoresistive	coefficients	Smith	measured	demonstrated	that	the	gauge	factor*	of	Si	and	Ge	strain	gauges	(see	Figure	1.17)	was	10–20	times	larger	than	the	gauge	factor	of	metal	film	strain	gauges,	and,	therefore,
semiconductor	gauges	were	expected	to	be	much	more	sensitive.	Motivated	by	these	results,	companies	such	as	Kulite	and	Honeywell	started	developing	Si	strain	gauges	commercially	from	1958	onward.	Pfann	and	colleagues,	in	1961,	proposed	a	dopant	diffusion	technique	for	the	fabrication	of	silicon	piezoresistive	sensors	for	the	measurement	of
stress,	strain,	and	pressure.10	Based	on	this	idea,	Kulite	integrated	*	A	strain	gauge	is	a	device	used	to	measure	deformation	(strain)	of	an	object.	The	gauge	factor	of	a	strain	gauge	relates	strain	to	change	in	electrical	resistance.	14	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	1.0	mm	FIGURE	1.17	The	Si
single-crystal	gauge	element	can	be	seen	as	the	vertical	bar	centered	between	the	two	solder	pads.	The	single-crystal	silicon	strain	gauge	offers	sensitivities	20–50	times	greater	than	metal	foil	gauges.	A	microphotograph	of	the	LN-100.	(BF	Goodrich	Advanced	Micro	Machines.)	Si	strain	gauges	on	a	thin	Si	substrate	with	diffused	resistors	in	1961.	As
early	as	1962,	Tufte	and	coworkers	at	Honeywell,	using	a	combination	of	wet	isotropic	etching,	dry	etching	(using	a	plasma	instead	of	a	solution),	and	oxidation,	made	the	first	thin	Si	piezoresistive	diaphragms	for	pressure	sensors.11	Isotropic	etching	of	Si	had	been	developed	earlier	for	transistor	fabrication.	In	the	mid-1960s,	Bell	Labs	started	work
on	single-crystal	silicon	etchants	with	directional	preferences,	i.e.,	anisotropic	etchants,	such	as	mixtures	of,	at	first,	KOH,	water,	and	alcohol	and	later	KOH	and	water.12	Both	chemical	and	electrochemical	anisotropic	etching	methods	were	pursued.	The	aspect	ratio	(height-to-width	ratio)	of	features	in	MEMS	is	typically	much	higher	than	in	ICs
(Figure	1.18).	The	first	high-aspect-ratio	cuts	in	“CMOS”	Released	beam	1-10	μm	5–50	μm	0.5–1	μm	0.25-1.0	μm	VLSI/ULSI	<	1:1	Aspect	ratio	(a)	“Bulk	MEMS	motor”	(b)	>	1:1	Aspect	ratio	MEMS	FIGURE	1.18	Aspect	ratio	(height-to-width	ratio)	typical	in	(a)	fabrication	of	integrated	circuits	and	(b)	microfabricated	component.	FIGURE	1.19	Isotropic
and	anisotropic	etching	profiles	in	single-crystal	Si.	Isotropic	etching	of	grooves	in	(100)	Si	(a)	and	anisotropic	etching	of	grooves	in	(100)	Si	(b)	using	rectangular	mask	openings.	Features	are	in	the	100-μm	range.	silicon	were	used	in	the	fabrication	of	dielectrically	isolated	structures	in	ICs	such	as	those	for	beam	leads.	In	the	mid-1970s,	a	surge	of
activity	in	anisotropic	etching	was	associated	with	the	work	on	V-groove	and	U-groove	transistors.	Isotropic	and	anisotropic	etching	profiles	are	compared	in	Figure	1.19.	Figure	1.19a	shows	the	isotropic	etching	of	grooves	in	(100)	Si,	and	Figure	1.19b	shows	the	anisotropic	etching	of	grooves	in	(100)	Si.	In	both	cases,	rectangular	mask	openings	are
used.	Most	single-crystal	silicon	MEMS	devices	feature	bonding	of	one	Si	wafer	to	another	or	to	a	differing	substrate,	say	a	glass	pedestal,	and	some	MEMS	involve	cavity-sealing	techniques,	perhaps	for	a	vacuum	reference	or	to	accommodate	a	deflecting	cantilever	beam.	The	most	prominent	techniques	developed	to	achieve	these	features	are	field-
assisted	bonding,	invented	by	Wallis	and	Pomerantz	in	1969,13	and	Si	fusion	bonding	(SFB)	by	Shimbo	in	1986.14	Field-assisted	thermal	bonding,	as	shown	in	Figure	1.20,	also	known	as	anodic	bonding,	electrostatic	bonding,	or	the	Mallory	process,	is	commonly	used	for	joining	glass	to	silicon	at	high	temperatures	(e.g.,	400°C)	and	high	voltages
(e.g.,	600	V).	The	ability	to	bond	two	Si	wafers	directly,	at	high	temperatures	(>800°C)	in	an	oxidizing	environment,	without	intermediate	layers	or	applying	an	electric	field,	simplified	the	fabrication	of	many	devices	in	silicon	fusion	bonding	(SFB).	Historical	Note	15																			FIGURE	1.20	During	anodic	bonding,	the	negative	potential	applied	to	the
borosilicate	glass	plate,	which	has	been	heated	to	500°C,	allows	the	migration	of	positive	ions	(mostly	Na+)	away	from	the	wafer’s	interface,	creating	a	strong	electric	field	between	the	glass	and	the	Si	wafer.	The	first	Si	accelerometer	was	demonstrated	in	1970	at	Kulite.	In	1972,	Sensym	became	the	first	company	to	make	stand-alone	Si	sensor
products.	By	1974,	National	Semiconductor	Corporation,	in	California,	carried	an	extensive	line	of	Si	pressure	transducers	as	part	of	the	first	complete	silicon	pressure	transducer	catalog.15	Other	early	commercial	suppliers	of	micromachined	pressure	sensor	products	were	Foxboro/ICT,	Endevco,	Kulite,	and	Honeywell’s	Microswitch.	To	achieve
better	sensitivity	and	stability	than	possible	with	piezoresistive	pressure	sensors,	capacitive	pressure	sensors	were	first	developed	and	demonstrated	by	Dr.	James	Angell	at	Stanford	University	around	1977.16	In	Figure	1.21	we	show	a	typical	piezoresistive	single-crystal	silicon	pressure	sensor,	with	the	silicon	sensor	anodically	bonded	to	a	glass
substrate.	In	many	cases,	it	is	desirable	to	stop	the	etching	process	when	a	certain	cavity	depth	or	a	certain	membrane	thickness	is	reached.	High-resolution	silicon	micromachining	relies	on	the	availability	of	effective	etch-stop	layers	rather	than	the	use	of	a	stopwatch	to	control	the	etch	depth.	It	was	the	discovery/development	of	impurity-based	etch
stops	in	silicon	that	allowed	micromachining	to	become	a	high-yield	commercial	production	process.	The	most	widely	used	etch-stop	technique	is	based	on	the	fact	that	anisotropic	etchants	do	not	attack	heavily	boron-doped	(p++)	silicon	layers.	Selective	p++	doping	is	typically	implemented	using	gaseous	or	solid	boron	diffusion	sources	with	a	mask
(such	as	silicon	dioxide).	The	boron	etch-stop	effect	was	FIGURE	1.21	Piezoresistive	pressure	sensor	featuring	a	Si/glass	bond	achieved	by	anodic	bonding.	The	Bosch	engine	control	manifold	absolute	pressure	(MAP)	sensor	is	used	in	automobile	fuel	injection	systems.	By	measuring	the	manifold	pressure,	the	amount	of	fuel	injected	into	the	engine
cylinders	can	be	calculated.	Micromachined	silicon	piezoresistive	pressure	sensors	are	bonded	at	the	wafer	level	to	a	glass	wafer	using	anodic	bonding	before	dicing.	The	glass	pedestal	that	is	created	by	this	process	provides	stress	isolation	for	the	silicon	sensor	from	package-induced	thermal	stresses.	(Photo	courtesy	of	Robert	Bosch	GmbH,
Germany.)	first	noticed	by	Greenwood	in	1969,17	and	Bohg	in	197118	found	that	an	impurity	concentration	of	about	7	×	1019/cm3	resulted	in	the	anisotropic	etch	rate	of	Si	decreasing	sharply.	Innovative,	micromachined	structures,	different	from	the	now	mundane	pressure	sensors,	accelerometers,	and	strain	gauges,	began	to	be	explored	by	the
mid-	to	late	1970s.	Texas	Instruments	produced	a	thermal	print	head	in	1977,19	and	IBM	produced	inkjet	nozzle	arrays	the	same	year.20	In	1980,	Hewlett	Packard	made	thermally	isolated	diode	detectors,21	and	fiberoptic	alignment	structures	were	manufactured	at	Western	Electric.	Chemists	worldwide	took	notice	when	Terry,	Jerman,	and	Angell,
from	Stanford	University,	integrated	a	gas	chromatograph	on	a	Si	wafer	in	1979	as	shown	in	Figure	1.22.22,23	This	first	analytical	chemistry	application	would	eventually	lead	to	the	concept	of	total	analytical	systems	on	a	chip,	or	μ-TAS.	An	important	milestone	in	the	MEMS	world	was	the	founding	of	NovaSensor,	16	Solid-State	Physics,	Fluidics,	and
Analytical	Techniques	in	Micro-	and	Nanotechnology	FIGURE	1.22	Gas	chromatograph	on	a	Si	wafer.	(Courtesy	Hall	Jerman.)	in	1985,	by	Kurt	Petersen,	Janusz	Bryzek,	and	Joe	Mallon	(Figure	1.23).	This	was	the	first	company	totally	dedicated	to	the	design,	manufacture,	and	marketing	of	MEMS	sensors.	Kurt	Petersen	developed	the	first	torsional,
scanning	micromirror	in	1980	at	IBM.24	A	more	recent	version	of	a	movable	mirror	array	is	shown	in	Figure	1.24.	Mirror	arrays	of	this	type	led	to	the	infamous	stock	market	optical	MEMS	bubble	of	2000,	one	of	the	bigger	disappointments	befalling	the	MEMS	community.	The	first	disposable	blood	pressure	transducer	became	available	in	1982	from
Foxboro/ICT,	Honeywell	for	$40.	Active	on-chip	signal	conditioning	also	came	of	age	around	1982.	European	and	Japanese	companies	followed	the	U.S.	lead	more	than	a	FIGURE	1.23	NovaSensor	founders	in	2003	at	the	Boston	Transducer	Meeting.	Left	to	right:	Joe	Mallon,	Kurt	Petersen,	and	Janusz	Bryzek.	FIGURE	1.24	Integrated	photonic	mirror
array	from	Transparent	Networks.	MEMS-VLSI	integration	achieved	through	wafer	bonding.	There	are	1200	3D	mirrors	on	the	chip;	each	is	1	×	1	mm,	with	a	±10°	tilt	in	two	axes.	(Courtesy	of	Janusz	Bryzek.)	decade	later;	for	example,	Druck	Ltd.,	in	the	United	Kingdom,	started	exploiting	Greenwood’s	micromachined	pressure	sensor	in	the	mid-
1980s.	Petersen’s	1982	paper	extolling	the	excellent	mechanical	properties	of	single-crystalline	silicon	helped	galvanize	academia’s	involvement	in	Si	micromachining	in	a	major	way.25	In	MEMS	the	need	sometimes	arises	to	build	structures	on	both	sides	of	a	Si	wafer;	in	this	case,	a	double-sided	alignment	system	is	required.	These	systems	started
proliferating	after	the	EV	Group	(formally	known	as	Electronic	Visions)	created	the	world’s	first	double-side	mask	aligner	with	bottom	side	microscope	in	1985	(	).	In	the	mid-1990s,	new	high-density	plasma	etching	equipment	became	available,	enabling	directional	deep	dry	reactive	ion	etching	(DRIE)	of	silicon.	Dry	plasma	etching	was	now	as	fast	as
wet	anisotropic	etching,	and	as	a	consequence	the	MEMS	field	underwent	a	growth	spurt.	U.S.	government	agencies	started	large	MEMS	programs	beginning	in	1993.	Older	MEMS	researchers	remember	the	idealistic	and	inspired	leadership	of	Dr.	Kaigham	(Ken)	Gabriel	(Figure	1.25)	at	Defense	Advanced	Research	Projects	Agency	(DARPA).	Gabriel
got	many	important	new	MEMS	products	launched.	When	the	first	polysilicon	MEMS	devices,	made	in	a	process	called	surface	micromachining	pioneered	at	University	of	California,	Berkeley	by	Muller	Historical	Note	FIGURE	1.25	Dr.	Kaigham	Gabriel:	Early	champion	of	MEMS	work	at	DARPA.	and	Howe,	appeared	in	1983,26	bulk	single-crystal	Si
micromachining	started	to	get	some	stiff	competition.	This	was	exacerbated	when,	from	the	mid-1990s	onward,	MEMS	applications	became	biomedical	and	biotechnology	oriented.	The	latter	applications	may	involve	inexpensive	disposables	or	implants,	and	Si	is	not	a	preferred	inexpensive	substrate	nor	is	it	biocompatible.	Glass	and	polymers	became
very	important	substrates	in	microfluidics,	and	many	researchers	started	using	a	flexible	rubber	(polydimethylsiloxane	or	PDMS)	as	a	building	material	in	a	process	called	soft	lithography.	The	latter	manufacturing	method,	which	dramatically	shortened	the	time	between	novel	fluidic	designs	and	their	testing,	was	invented	in	the	late	1990s	by
Harvard’s	Whitesides.27	In	the	early	years	of	MEMS,	it	was	often	projected	that	the	overall	MEMS	market	would	grow	larger	than	that	for	ICs.	This	notion	was	based	on	the	expectation	of	many	more	applications	for	the	former	than	the	latter.	This	market	projection	has	not	been	fulfilled.	Including	nonsilicon	devices	such	as	read-write	heads,	one	can
claim	a	MEMS	market	of	about	10%	of	the	total	IC	market	today.	From	Appendix	1B	we	learn	that	Si	sensors	and	actuators	amount	to	only	4%	of	IC	sales.	MEMS	never	really	constituted	a	paradigm	shift	away	from	the	IC	concept	but	rather	a	broadening	of	it:	incorporating	more	diverse	materials,	higher	aspect	ratio	structures,	and	a	wider	variety	of
uses	in	smaller	and	more	fragmented	applications.	In	almost	all	respects	MEMS	remained	IC’s	17	poor	cousin:	using	second-hand	IC	equipment,	with	less	than	5%	of	IC	sales,	and	no	Nobel	laureates	to	trumpet	breakthrough	new	concepts.	Today,	the	Si	MEMS	market	prospects	are	looking	much	better	as	MEMS	are	finally	penetrating	mass	consumer
products	from	projectors,	to	game	controllers,	to	portable	computers	to	cameras,	mobile	phones,	and	iPods	with	MEMS	digital	micromirror	devices	(DMDs),	oscillators,	accelerometers,	gyros,	etc.	Even	MEMS	foundries	are	now	thriving	inside	and	outside	the	United	States.	This	new	generation	of	MEMS	products	fits	high-throughput	production	lines
on	large	Si	substrates	and	is	succeeding	in	the	marketplace.	The	IC	world	has	started	to	absorb	the	Si-MEMS	world.	Over	the	years,	the	many	MEMS	applications	did	lead	to	a	plethora	of	MEMS	acronyms,	some	of	them	perhaps	coined	by	assistant	professors	trying	to	get	tenure	faster.	Here	are	some	attempts	at	15	minutes	of	fame:	◾	BioMEMS	=
MEMS	applied	to	the	medical	and	biotechnology	field	◾	Optical	MEMS	=	mechanical	objects	+	optical	sources/detectors	◾	Power-MEMS	◾	C-MEMS	(carbon	MEMS	for	this	author	but	ceramic	MEMS	for	others)	◾	HI-MEMS	=	hybrid	insect-microelectromechanical	systems	◾	RF-MEMS	=	radiofrequency	MEMS	◾	Cif-MEMS	=	CMOS	IC	Foundry
MEMS	◾	COTS	MEMS	=	commercial	off-the-shelf	MEMS	◾	MOEMS	=	microoptical	electromechanical	systems	◾	P-MEMS	=	polymer	MEMS	◾	CEMS	=	cellular	engineering	microsystems	◾	HARMEMS	=	high-aspect-ratio	MEMS	We	do	expect	that	there	are	many	more	MEMS	applications	yet	to	be	realized	and	that	MEMS	will	facilitate	the	handshake
between	the	macro	and	nano	world	in	nanoelectromechanical	systems	(NEMS).	In	Table	1.2	we	sketch	our	attempt	at	a	Si/MEMS	history	line.	Many	more	MEMS	milestones	than	listed	in	the	preceding	text	are	captured	here.	18	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	1.2	MEMS	History	Year	Fact
1824	1910	1927	1939	1947	(23	December)	Berzelius	discovers	Si	First	patent	on	the	MOS	transistor	concept	Field	effect	transistor	patented	(Lilienfield)	First	pn	junction	transistor	(J.	Bardeen,	W.H.	Brattain,	W.	Shockley)	Invention	of	the	transistor	made	from	germanium	at	Bell	Telephone	Laboratories	1954	1956	Evidence	of	piezoresistive	effect	in	Si
and	Ge	by	Smith9	An	early	milestone	for	the	use	of	single-crystal	silicon	in	MEMS	was	the	discovery	of	porous	Si	by	Uhlir8	Jack	Kilby	of	Texas	Instruments	invents	the	IC,	using	GE	devices.	A	patent	was	issued	to	Kilby	in	1959.	A	few	months	later,	Robert	Noyce	of	Fairchild	Semiconductor	announced	the	development	of	a	planar	Si	IC	1958	1960s	IC
(1st	Monolithic	BJT	IC,	4BJT)	1958	1958	1959	1961	1967	1967															Silicon	strain	gauges	commercially	available	First	IC	(oscillator)	R.	Feynman	famous	talk:	“There’s	Plenty	of	Room	at	the	Bottom”7	Fabrication	of	the	first	piezoresistive	sensor,	pressure	(Kulite)	Anisotropic	deep	silicon	etching	(H.A.	Waggener12)	First	surface	micromachining
process	(H.	Nathanson28):	resonant	gate	before	it	was	called	MEMS																																Anodic	bonding	of	glass	to	Si13	National	Semiconductor:	commercialize	a	Si	MEMS	pressure	sensor	Gas	chromatograph	on	a	Si	wafer	by	S.C.	Terry,	J.H.	Jerman,	and	J.B.	Angell	at	Stanford	University23	First	capacitive	pressure	sensor	(Stanford)16	IBM–HP:
micromachined	ink-jet	nozzle24	1969–1970	1972	1975	1977	1977	Bubble	growth	Nucleation	1980	Drop	ejection	and	refill	K.E.	Petersen,	silicon	torsional	scanning	mirror24	Historical	Note	19	TABLE	1.2	MEMS	History	(Continued)	Year	Fact	1982	1982	1982	Review	paper	“Silicon	as	a	mechanical	material”	published	by	K.E.	Petersen25	Disposable
blood	pressure	transducer	(Foxboro/ICT,	Honeywell,	$40)	The	use	of	x-ray	lithography	in	combination	with	electroplating	and	molding	(or	LIGA),	introduced	by	Ehrfeld	and	his	colleagues29	Integrated	pressure	sensor	(Honeywell)	“First”	polysilicon	MEMS	device	(Howe,	Muller	UCB26);	see	also	Nathanson	in	196728	Silicon	to	silicon	wafer	bonding
(M.	Shimbo14)	Texas	Instrument’s	Larry	Hornbeck	invents	the	digital	micromirror	devices	(DMDs)	Rotary	electrostatic	side	drive	motors	(Fan,	Tai,	Muller30)	Electrostatic	micromotor	(UC-Berkeley	BSAC)	First	MEMS	conference	(first	transducers	conference	held	in	1987)	Lateral	comb	drive	(Tang,	Nguyen,	Howe31)	1983	1983	1986	1987	1988	1988
1989	1990	1992	1992	1992	1992	1993	1995	1996	The	concept	of	miniaturized	total	chemical	analysis	system	or	μ-TAS	is	introduced	by	Manz	et	al.32	This	may	be	seen	as	the	beginning	of	BIOMEMS	Grating	light	modulator	(Solgaard,	Sandejas,	Bloom)	First	MUMPS	process	(MCNC)	(with	support	of	DARPA).	Now	owned	by	MEMSCAP	First	MEMS
CAD	tools:	MIT,	S.D.	Senturia,	MEMCAD	1.0	Michigan,	Selden	Crary,	CAEMEMS	1.0	Single-crystal	reactive	etching	and	metallization	(SCREAM)	developed	at	Process	(Cornell)	Analog	devices:	commercialize	multiaxis	accelerometer	integrating	electronics	(ADXL50)	Intellisense	Inc.	introduces	MEMS	CAD	IntelliSuite.	MEMCAD	2.0	is	launched,	and
ISE	introduces	SOLIDIS	and	ICMAT	The	first	digital	mirror	device	(DMD)–based	products	(Texas	Instruments)	appear	on	the	market	TI’s	VGA	(640	×	480),	the	SVGA	(800	×	600),	and	the	XGA	(1024	×	768)	1996	1997	1998	1998	DRIE	(Bosch	Process)	Printing	meets	lithography	when	George	M.	Whitesides	et	al.	at	Harvard	discover	soft	lithography27
First	PCR-microchips	Sandia’s	ultraplanar	multilevel	technology	SUMMiT-IV	and	-V	technologies.	Four-	and	five-level	poly-Si	processes	(continued)	20	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	1.2	MEMS	History	(Continued)	Year	Fact	1999	DNA	microarray	techniques					1999	2000	2002
Electrokinetic	platforms	(Caliper,	Aclara,	and	Agilent)	Nortel	buys	Xros	for	$3.25	billion	The	telecom	recession	puts	many	things	on	standby	Lucent	3D	optical	switch	2004	2006	2007	MEMS	rebuilds.	First	application	of	accelerometer	in	consumer	electronics	(CE)	to	hard	drive	protection	in	notebooks.	IBM	puts	dual-axis	accelerometer	in	the	notebook
(now	Lenovo)	Sony	(PS3)	and	Nintendo	(Wii)	introduce	motion-based	game	controllers	Apple	announces	the	iPhone	with	motion-based	features	NEMS	The	criteria	we	use	in	this	book	for	classifying	something	as	a	nanoelectromechanical	system	(NEMS)	are	not	only	that	the	miniaturized	structures	have	at	least	one	dimension	that	is	smaller	than	100
nanometers,	but	also	that	they	are	crafted	with	a	novel	technique	(so	beer	making	is	out)	or	have	been	intentionally	designed	with	a	specific	nanofeature	in	mind	(so	medieval	church	stained	glass	is	out).	This	definition	fits	well	within	the	one	adopted	by	the	National	Nanotechnology	Institute	(NNI;	http://	www.nano.gov/html/facts/whatisnano.html):	1.
Nanotechnology	involves	R&D	at	the	1-	to	100-nm	range.	2.	Nanotechnology	creates	and	uses	structures	that	have	novel	size-based	properties.	3.	Nanotechnology	takes	advantage	of	the	ability	to	control	or	manipulate	at	the	atomic	scale.	Paul	Davis	(	),	a	theoretical	physicist	and	well-known	science	popularizer,	said,	“The	nineteenth	century	was
known	as	the	machine	age,	the	twentieth	century	will	go	down	in	history	as	the	information	age	and	I	believe	the	twenty-first	century	will	be	the	quantum	age.”	We	believe	that	the	current	nanotechnology	revolution,	underpinned	by	quantum	mechanics,	is	already	leading	the	way	toward	that	reality.	The	manufacture	of	devices	with	dimensions
between	1	and	100	nanometers	is	either	based	on	topdown	manufacturing	methods	(starting	from	bigger	building	blocks,	say	a	whole	Si	wafer,	and	chiseling	them	into	smaller	and	smaller	pieces	by	cutting,	etching,	and	slicing),	or	it	is	based	on	bottom-up	manufacturing	methods	(in	which	small	particles	such	as	atoms,	molecules,	and	atom	clusters
are	added	for	the	construction	of	bigger	functional	constructs).	The	top-down	approach	to	nanotechnology	we	call	nanofabrication	or	nanomachining,	an	extension	of	Historical	Note	FIGURE	1.26	Master	and	slave	hands	on	a	set	of	Feynman	machines.	viewed	the	world,	the	STM	impacts	our	current	view	of	biology,	chemistry,	and	physics.	In	fast
succession,	a	series	of	similar	instruments,	all	called	scanning	proximal	probes,	followed	the	introduction	of	the	STM.	For	example,	Binnig,	Quate	(Stanford),	and	Gerber	(IBM)	developed	the	atomic	force	microscope	(AFM)	in	1986.	An	AFM,	in	contact	mode,	measures	the	repulsive	force	interaction	between	the	electron	clouds	on	the	probe	tip	atoms
and	those	on	the	sample—making	it	possible	to	image	both	insulating	and	conducting	surfaces.	This	results	in	the	visualization	of	the	interactions	Control	voltages	for	piezotube	Piezoelectric	tube	with	electrodes	the	MEMS	approach.	The	bottom-up	approach	we	like	to	refer	to	as	nanochemistry.	An	example	of	this	second	approach	is	the	self-assembly
of	a	monolayer	(SAM)	from	individual	molecules	on	a	gold	surface.	Bottom-up	methods	are	nature’s	way	of	growing	materials	and	organisms,	and	in	biomimetics	one	studies	how	nature,	through	eons	of	time,	developed	manufacturing	methods,	materials,	structures,	and	intelligence	and	tries	to	mimic	or	replicate	what	nature	does	in	the	laboratory	to
produce	MEMS	or	NEMS	structures.	A	history-line	with	the	most	important	NEMS	milestones	on	it	is	difficult	to	put	together	as	so	many	authors	of	such	charts	automatically	include	themselves	or	their	institution	on	it	first	(one	author	of	an	early	MEMS/NEMS	timeline	puts	himself	on	it	three	times	and	his	institution	four	times!).	It	sometimes	seems
that	science	and	engineering	are	starting	to	resemble	FOX	News	more	by	the	day.	What	follows	are	some	milestones	toward	nanotechnology	that	many	scientists/engineers	might	agree	to.	Norio	Taniguchi	introduced	the	term	nanotechnology	in	1974,	in	the	context	of	traditional	machining	with	tolerances	below	1	micron.	The	1959	Feynman	lecture
“There’s	Plenty	of	Room	at	the	Bottom,”	which	helped	launch	the	MEMS	field	(see	above),	was	geared	more	toward	NEMS	than	MEMS	(	feynman/plenty.html).7	Feynman	proclaimed	that	he	knew	of	no	principles	of	physics	that	would	prevent	the	direct	manipulating	of	individual	atoms.	In	his	top-down	gedanken	experiment,	he	envisioned	a	series	of
machines	each	an	exact	duplicate,	only	smaller	and	smaller,	with	the	smallest	in	the	series	being	able	to	manipulate	individual	atoms	(see	Figure	1.26).	In	1981,	Gerd	Binning	and	Heinrich	Rohrer	of	IBM	Zurich	invented	the	scanning	tunneling	microscope	(STM),	enabling	scientists	to	see	and	move	individual	atoms.	Such	a	microscope,	shown	in
Figure	1.27,	measures	the	amount	of	electrical	current	flowing	between	a	scanning	tip	and	the	conductive	surface	that	is	being	measured.	This	unexpectedly	simple	instrument	allowed	for	the	imaging	of	micro-	and	nanostructures,	catapulted	nanotechnology	onto	the	world	stage,	and	got	its	inventors	the	1986	Nobel	Prize	(	.
zurich.ibm.com/imagegallery/st/nobelprizes).	Just	as	350	years	before	the	microscope	changed	the	way	we	21	Tunneling	current	amplifier	Distance	control	and	scanning	unit	Data	processing	and	display	Sample	Tunneling	voltage	FIGURE	1.27	Scanning	tunneling	microscope	(STM).	Operational	principle	of	an	STM.	(Courtesy	Michael	Schmidt,	TU
Wien.)	22	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	between	molecules	at	the	nanoscale,	thus	increasing	our	ability	to	better	understand	the	mechanism	of	molecular	and	biological	processes.	Other	forms	of	scanning	probe	microscopes—those	that	do	not	depend	on	tunneling	or	forces	between	a	probe	tip
and	a	sample	surface—have	also	been	demonstrated.	Examples	include	the	scanning	thermal	microscope,	which	responds	to	local	thermal	properties	of	surfaces,	the	scanning	capacitance	microscope	for	dopant	profiling,	and	the	near-field	scanning	optical	microscope	(NSOM,	also	known	as	SNOM).	In	the	latter	instrument,33	the	wavelength
limitation	of	the	usual	far-field	optics	of	a	light	microscope	is	avoided	by	mounting	the	light	detector	(say	an	optical	fiber)	on	an	AFM	tip,	at	a	distance	from	the	sample	that	is	a	fraction	of	the	wavelength	used;	this	way	it	is	possible	to	increase	the	resolution	of	a	light	microscope	considerably.	These	new	tools	were	an	important	catalyst	behind	the



surge	in	nanotechnology	activities	worldwide,	and	this	illustrates	that	progress	in	science	is	inextricably	linked	to	the	development	of	new	measurement	tools.	The	discovery,	in	the	early	1980s	at	Bell	Labs	by	David	L.	Allara	(now	at	Pennsylvania	State	University)	and	Ralph	G.	Nuzzo	(now	at	University	of	Illinois,	Urbana-Champaign)	of	the	self-
assembly	of	disulfide	and,	soon	thereafter,	of	alkanethiol	monolayers	(SAMs)	on	metal	surfaces	coincided	with	the	maturation	of	STM	technology.34,35	SAMs,	especially	on	Au,	turned	out	to	be	a	valuable	type	of	sample	for	STM	investigation,	showing	these	films	to	spontaneously	assemble	into	stable	and	highly	organized	molecular	layers,	bonding
with	the	sulfur	atoms	onto	the	gold	and	resulting	in	a	new	surface	with	properties	determined	by	the	alkane	head	group.	Like	SAMs,	dendrimers,	which	are	branching	polymers	sprouting	successive	generation	of	branches	off	like	a	tree,	are	an	important	tool	for	bottom-up	nanotechnologists.	Dendrimers	(from	the	word	dendron,	Greek	for	tree)	were
invented,	named,	and	patented	by	Dr.	Donald	Tomalia	(now	CTO	at	Dentritic	NanoTechnologies,	Inc.)	in	1980	while	at	Dow	Chemical.36	In	1970,	Arthur	Ashkin	was	the	first	to	report	on	the	detection	of	optical	scattering	and	gradient	forces	on	micron-sized	particles.37	In	1986,	Ashkin	FIGURE	1.28	Steven	Chu	(Stanford	University),	recipient	of	the
1997	Nobel	Prize	in	Physics	for	his	work	on	cooling	and	trapping	of	atoms.	and	colleagues	reported	the	first	observation	of	what	is	now	commonly	referred	to	as	an	optical	trap,	i.e.,	a	tightly	focused	beam	of	light	capable	of	holding	microscopic	particles	stable	in	three	dimensions.38	One	of	the	authors	of	this	seminal	1986	paper,	Steven	Chu	(Figure
1.28),	would	go	on	to	make	use	of	optical	tweezing	techniques	in	his	work	on	cooling	and	trapping	of	atoms.	Where	Ashkin	was	able	to	trap	larger	particles	(10	to	10,000	nanometers	in	diameter),	Chu	extended	these	techniques	to	the	trapping	of	individual	atoms	(0.1	nanometer	in	diameter).	This	research	earned	him	the	1997	Nobel	Prize	in	Physics
(with	Claude-Cohen	Tannoudji	and	William	D.	Phillips).	In	another	heralded	experiment,	Steven	Chu	was	also	the	one	who	demonstrated	that	by	attaching	polystyrene	beads	to	the	ends	of	DNA	one	can	pull	on	the	beads	with	laser	tweezers	to	stretch	the	DNA	molecule	(	chugroup/steve_personal.html).	In	1985,	Robert	F.	Curl	Jr.,	Harold	W.	Kroto,	and
the	late	Richard	E.	Smalley	serendipitously	(while	investigating	the	outer	atmosphere	of	stars)	discovered	a	new	form	of	carbon:	buckminsterfullerene,	also	known	as	buckyball	or	C60,	shown	in	Figure	1.29.39	They	were	awarded	the	Nobel	Prize	in	1996.	Perhaps	a	more	important	discovery,	because	of	its	generality	and	broader	applicability,	is	the
one	by	NEC’s	Sumio	Iijima,	who,	in	1991,	discovered	Historical	Note	FIGURE	1.29	Buckminsterfullerene	C60	or	buckyball	with	60	atoms	of	carbon;	each	is	bound	to	three	other	carbons	in	an	alternating	arrangement	of	pentagons	and	hexagons.	carbon	nanotubes,	with	an	electrical	conductivity	that	is	up	to	six	orders	of	magnitude	higher	than	that	of
copper	(	.	Like	buckyballs,	cylindrical	nanotubes	each	constitute	a	lattice	of	carbon	atoms,	and	each	atom	is	again	covalently	bonded	to	three	other	carbons.	Carbon	nanotubes	exist	as	single-walled	(SWNT)	and	multiwalled	(MWNT);	the	ones	depicted	in	Figure	1.30a	are	multiwall	nanotubes.	Unique	among	the	elements,	carbon	can	bond	to	itself	to
form	extremely	strong	two-dimensional	sheets,	as	it	does	in	graphite,	as	well	as	buckyballs	and	nanotubes.	23	Cees	Dekker	demonstrated	the	first	carbon	nanotube	transistor	in	1998	at	the	Delft	University	of	Technology40	(see	Figure	1.30b).	In	this	device,	a	semiconducting	carbon	nanotube	of	only	about	1	nm	in	diameter	bridges	two	closely
separated	metal	electrodes	(400	nm	apart)	atop	a	silicon	surface	coated	with	silicon	dioxide.	Applying	an	electric	field	to	the	silicon	(via	a	gate	electrode)	turns	on	and	off	the	flow	of	current	across	the	nanotube	by	controlling	the	movement	of	charge	carriers	in	it.	By	carefully	controlling	the	formation	of	metal	gate	electrodes,	Dekker’s	group	(	.
ceesdekker.net)	was	able	to	create	transistors	with	an	output	signal	10	times	stronger	than	the	input.	At	around	the	same	time,	the	first	nanotransistor	was	built	at	Lucent	Technologies	(1997).	The	MOS	semiconductor	transistor	was	60	nm	wide,	including	the	source,	drain,	and	gate;	its	thickness	was	only	1.2	nm.	Other	companies	have	since	built
smaller	nanotransistors.	At	one	point,	in	the	late	1990s,	it	was—with	just	a	bit	of	exaggeration—hard	to	find	a	proposal	to	a	government	agency	that	did	not	involve	carbon	nanotubes.	But	perhaps	more	real	progress	was	mapped	in	the	meantime	in	the	area	of	nanocrystals	or	quantum	dots	(QD).	Quantum	dots	possess	atom-like	energy	states.	The
behavior	of	such	small	particles	was	beginning	to	be	understood	with	work	by	the	Russians	Ekimov	and	Efros	from	1980	to	1982.41,42	They	recognized	that	nanometer-sized	particles	of	CdSe,	with	their	very	high	surface-to-volume	ratio,	could	Drain	electrode	Source	electrode	Nanotube	molecule	Silico	n	oxid	Silic	3	nm	(a)	e	on	g	ate	(b)	FIGURE	1.30
(a)	Multiwall	nanotubes	with	Russian	inset	doll	structure;	several	inner	shells	are	shown	a	typical	radius	of	the	outermost	shell	>10	nm.	(From	S.	Iijima,	Nature	354,	54,	1991.)	(b)	First	nanotube	transistor.	This	three-terminal	device	consists	of	an	individual	semiconducting	nanotube	on	two	metal	nanoelectrodes	with	the	substrate	as	a	gate	electrode.
24	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	trap	electrons	and	that	these	trapped	electrons	might	affect	the	crystal’s	response	to	electromagnetic	fields,	that	is,	absorption,	reflection,	refraction,	and	emission	of	light.	Louis	E.	Brus,	a	physical	chemist	at	Bell	Laboratories	at	the	time,	and	now	at	Columbia
University,	put	this	to	practice	when	he	learned	to	grow	CdSe	nanocrystals	in	a	controlled	manner.43,44	Murray,	Norris,	and	Bawendi	synthesized	the	first	high-quality	quantum	dots	in	1993.45	Crystallites	from	−12	to	−115	Å	in	diameter	with	consistent	crystal	structure,	surface	derivatization,	and	a	high	degree	of	monodispersity	were	prepared	in	a
single	reaction	based	on	the	pyrolysis	of	organometallic	reagents	by	injection	into	a	hot	coordinating	solvent.	The	confinement	of	the	wave-functions	in	a	nanocrystal	or	quantum	dot	lead	to	a	blue	energy	shift,	and	by	varying	the	particle	size	one	can	produce	any	color	in	the	visible	spectrum,	from	deep	(almost	infra-)	reds	to	screaming	(almost	ultra-)
violet	as	illustrated	in	Figure	1.31.	Today,	quantum	dots	form	an	important	alternative	to	organic	dye	molecules.	Unlike	fluorescent	dyes,	which	tend	to	decompose	and	lose	their	ability	to	fluoresce,	quantum	dots	maintain	their	integrity,	withstanding	many	more	cycles	of	excitation	and	light	emission	(they	do	not	bleach	as	easily!).	Combining	a
number	of	quantum	dots	in	a	bead	conjugated	to	a	biomolecule	is	used	as	a	spectroscopic	signature—	like	a	barcode	on	a	commercial	product—for	tagging	those	biomolecules.	Carbon	nanotubes	are	only	one	type	of	nanowire.	In	terms	of	investigating	and	exploiting	quantum	confinement	effects,	semiconductor	wires,	with	diameters	in	the	10s	of
nanometers,	often	single	crystalline,	represent	the	smallest	dimension	for	efficient	transport	of	electrons	and	excitons	and	are	the	logical	interconnects	and	critical	devices	for	nanoelectronics	and	nanooptoelectronics	of	the	future.	Over	the	past	decade,	there	has	been	major	progress	in	chemical	synthesis	technologies	for	growing	these	nanoscale
semiconductor	wires.	As	originally	proposed	by	R.S.	Wagner	and	W.C.	Ellis	from	Bell	Labs	for	the	Au-catalyzed	Si	whisker	growth,	a	vapor-liquid-solid	mechanism	is	still	mostly	used.46	But	the	field	got	a	shot	in	the	arm	(a	rebirth	so	to	speak)	with	efforts	by	Charles	Lieber	(Harvard),	Peidong	Yang	(	,	James	Heath	(	heathgrp),	and	Hongkun	Park	(	.
edu/~hpark).	Lieber’s	group	at	Harvard	(http://	cmliris.harvard.edu)	reported	arranging	indium	phosphide	semiconducting	nanowires	into	a	simple	configuration	that	resembled	the	lines	in	a	tick-tacktoe	board.	The	team	used	electron	beam	lithography	to	place	electrical	contacts	at	the	ends	of	the	nanowires	to	show	that	the	array	was	electronically
active.	The	tiny	arrangement	was	not	a	circuit	yet,	but	it	was	the	first	step,	showing	that	separate	nanowires	could	communicate	with	one	another.	Molecules	are	30,000	times	smaller	than	a	transistor	(180	nm	on	a	side),	so	obviously	it	is	of	some	use	to	investigate	whether	molecules	can	act	as	switches.	Mark	Ratner	and	Ari	Aviram	had	suggested	this
as	far	back	as	1974.47	The	suggestion	remained	a	pipe	dream	until	the	advent	of	scanning	probe	microscopes	in	the	1980s,	which	gave	researchers	finally	FIGURE	1.31	Different-sized	quantum	dots	in	response	to	near-UV	light.	Also	composition	of	core	affects	wavelength.	Red:	bigger	dots!	Blue:	smaller	dots!	Historical	Note	master	molds	of
unprecedented	aspect	ratios	and	tolerances	to	replicate	microstructures	in	ceramics,	plastics,	and	metals.	The	hard	x-rays	used	enable	nano-sized	patterns	to	be	printed.	At	around	1997,	Whitesides	et	al.	introduced	soft	lithography,	including	the	use	of	pattern	transfer	of	self-assembled	monolayers	(SAMs)	by	elastomeric	stamping.27	This	technique
formed	a	bridge	between	top-down	and	bottom-up	machining;	a	master	mold	is	made	based	on	“traditional”	lithography,	and	the	stamp	generated	from	this	master	is	inked	with	SAMs	to	print	(stamp)	substrates	with	nano-sized	patterns.	Imposing	boundaries	on	photons,	by	making	them	move	in	a	material	with	a	periodic	dielectric	constant	in	one,
two,	or	three	directions,	leads	to	photonic	crystals.	Photonic	crystals	were	first	studied	by	Lord	Rayleigh	in	1887,	in	connection	with	the	peculiar	reflective	properties	of	a	crystalline	mineral	with	periodic	“twinning”	planes.48	He	identified	a	narrow	bandgap	prohibiting	light	propagation	through	the	planes.	This	bandgap	was	angle-dependent	because
of	the	differing	periodicities	experienced	by	light	propagating	at	non-normal	incidences,	producing	a	reflected	color	that	varies	sharply	with	angle.	A	similar	effect	is	seen	in	nature,	such	as	in	butterfly	wings	(Figure	1.33)	and	abalone	shells.	A	one-dimensional	periodic	structure,	such	as	a	multilayer	film	(a	Bragg	mirror),	is	the	simplest	type	of
photonic	crystal,	and	Lord	Rayleigh	showed	that	any	such	one-dimensional	system	has	a	bandgap.	The	possibility	of	two-	and	three-dimensionally	periodic	crystals	with	corresponding	two-	and	three-dimensional	bandgaps	was	suggested	100	the	tools	to	probe	and	move	individual	molecules	around.	This	led	to	a	large	number	of	studies	in	the	late
1990s	that	demonstrated	that	individual	molecules	can	conduct	electricity	just	like	metal	wires,	and	turning	individual	molecules	into	switches	came	not	far	behind.	In	1997,	groups	led	by	Robert	Metzger	(	rmmgroup)	of	the	University	of	Alabama,	Tuscaloosa,	and	Mark	Reed	of	Yale	University	(	created	molecular	diodes.	In	July	1999,	another	group
headed	by	James	Heath	and	Fraser	Stoddart	of	the	University	of	California,	Los	Angeles	(UCLA)	(http://	stoddart.chem.ucla.edu)	also	created	a	rudimentary	molecular	switch,	a	molecular	structure	that	carries	current	but,	when	hit	with	the	right	voltage,	alters	its	molecular	shape	and	stops	conducting.	Heath’s	team	placed	molecules	called	rotaxanes,
which	function	as	molecular	switches,	at	each	junction	of	a	circuit.	By	controlling	the	input	voltages	the	scientists	showed	that	they	could	make	16-bit	memory	circuits	work.	The	field	of	moletronics	was	born.	As	shown	in	Figure	1.32,	rotaxanes	are	“mechanically	linked”	molecules	that	consist	of	a	dumbbellshaped	molecule,	with	a	cyclic	molecule
linked	around	it	between	the	two	ends.	The	two	ends	of	the	dumbbell	molecule	are	very	big	and	prevent	the	cyclic	molecule	from	slipping	off	the	end.	A	number	of	factors	(e.g.,	charge,	light,	pH)	can	influence	the	position	of	the	cyclic	molecule	on	the	dumbbell.	The	use	of	x-ray	lithography	in	combination	with	electroplating	and	molding	(or	LIGA),
introduced	by	Ehrfeld	and	his	colleagues	in	1982,29	demonstrated	to	the	world	that	lithography	may	be	merged	with	more	traditional	manufacturing	processes	to	make	Off	On	(a)	25	(b)	FIGURE	1.32	(a)	A	diagram	of	rotaxane.	The	usefulness	of	rotaxanes	is	because	there	are	a	number	of	positions	along	the	dumbbell	molecule	that	the	cyclic	molecule
can	attach	to	temporarily.	The	dumbbell	can	be	thought	of	as	a	train	track,	with	the	positions	on	the	dumbbell	molecule	as	stations	and	the	cyclic	molecule	as	the	train.	(b)	Crystal	structure	of	rotaxane	with	a	cyclobis(paraquat-p-phenylene)	macrocycle.	26	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	2	cm
FIGURE	1.33	A	full-grown	Morpho	rhetenor	butterfly,	a	native	to	South	America.	(From	University	of	Southhampton.	Color	by	nanostructure	instead	of	dyes.)	years	after	Rayleigh	by	Eli	Yablonovitch49	(http://	w	w	w.ee.ucla.edu/labs/photon/homepage.html)	and	Sajeev	John50	(	.	ca/~john)	in	1987.	Yablonovitch	(in	1991)51	demonstrated	the	first
microwave	photonic	bandgap	(PBG)	structure	experimentally	with	1-mm	holes	drilled	in	a	dielectric	material	as	illustrated	in	Figure	1.34	and	known	today	as	yablonovite.	Since	then,	several	research	groups	verified	this	prediction,	which	has	ignited	a	worldwide	rush	to	build	tiny	“chips”	that	control	light	beams	instead	of	electron	streams.	In	photonic
crystals	the	repeat	unit	in	the	lattice	is	of	the	same	size	as	the	incoming	wavelength,	so	homogeneous	(effective)	media	theory	cannot	be	FIGURE	1.34	Holes	drilled	in	dielectric:	known	now	as	yablonovite,	after	Yablonivitch	(	.	edu/~pbmuri).	The	holes	are	1	mm	in	size,	and	this	photonic	crystal	is	meant	to	operate	in	the	microwave	range.	applied.
Photonic	crystals	feature	lattice	spacings	ranging	from	the	macroscopic	(say	1	mm,	for	operating	in	the	microwave	domain-like	yablonovite)	to	the	100s	of	nanometer	range	(to	operate	in	the	visible	range).	We	cover	photonic	crystals	here	under	NEMS,	although	only	photonic	crystals	for	the	visible	range	qualify	as	nanotechnology.	The	potential
applications	of	photonics	are	limitless,	not	only	as	a	tool	for	controlling	quantum	optical	systems	but	also	in	more	efficient	miniature	lasers	for	displays	and	telecommunications,	in	solar	cells,	LEDs,	optical	fibers,	nanoscopic	lasers,	ultrawhite	pigments,	radiofrequency	antennas	and	reflectors,	photonic	integrated	circuits,	etc.	In	1967	Victor	Veselago,
a	Russian	physicist,	predicted	that	composite	metamaterials	might	be	engineered	with	negative	magnetic	permeability	and	negative	permittivity.52	Metamaterials	are	artificially	engineered	materials	possessing	properties	that	are	not	encountered	in	nature.	Whereas	photonic	materials	do	exist	in	nature,	metamaterials	do	not;	moreover,	in	the	case	of
metamaterials,	the	building	blocks	are	small	compared	with	the	incoming	wavelength	so	that	effective	media	theory	can	be	applied.	In	conventional	materials	the	plane	of	the	electrical	field,	the	plane	of	the	magnetic	field,	and	the	direction	in	which	light	travels	are	all	oriented	at	right	angles	to	each	other	and	obey	the	right-hand	rule.	In	Veselago’s
imaginary	metamaterial,	the	above	quantities	obey	a	left-hand	rule	(as	if	they	were	reflected	in	a	mirror).	These	materials	would	interact	with	their	environment	in	exactly	the	opposite	way	from	natural	materials	(see	negative	refractive	index	water	in	Figure	1.35).	One	intriguing	prediction	was	that	the	left-hand	rule	would	allow	for	a	flat	superlens	to
focus	light	to	a	point	and	that	could	image	with	a	resolution	far	beyond	the	diffraction	limit	associated	with	farfield	illumination.	Veselago’s	prediction	that	such	perfect	lenses	could	be	made	from	metamaterials	lay	dormant	until	1996–2000,	when	the	remarkable	John	Pendry,	a	physicist	at	Imperial	College	in	London,	showed	that	certain	metals	could
be	engineered	to	respond	to	electric	fields	as	though	the	field	parameters	were	negative.53–58	In	2001,	researchers	at	Imperial	College	and	Marconi	Caswell	Ltd.	(London)	announced	a	magnetic	resonance	Historical	Note	27	FIGURE	1.35	Refraction	illustrated	(a)	empty	glass:	no	refraction;	(b)	typical	refraction	with	pencil	in	water	with	n	=	1.3;	(c)
what	would	happen	if	the	refractive	index	were	negative	with	n	=	–1.3	(see	metamaterials).	(From	Gennady	Shvets,	The	University	of	Texas	at	Austin;	shvetsgr/lens.html.)	imaging	system	using	a	magnetic	metamaterial	based	on	Pendry’s	design.59	Physicist	Richard	Shelby’s	group	at	the	University	of	California,	San	Diego	demonstrated	a	left-handed
composite	metamaterial	that	exhibited	a	negative	index	of	refraction	for	microwaves.60	The	simple	arrangement	consisted	of	a	planar	pattern	of	copper	split-ring	resonators	(SRRs)	and	wires	on	a	thin	fiberglass	circuit	board.	Operating	in	the	microwave	range	these	metal	patterns	are	large	(5	mm	repeat	unit)	but	progress	toward	metamaterials
operating	in	the	visible	was	very	swift.	By	2005,	Zhang’s	group	at	University	of	California,	Berkeley	made	a	35-nm	thick	Ag	superlens	and	imaged	objects	as	small	as	40	nm	with	365	nm	light,	clearly	breaking	the	diffraction	limit	of	far-field	imaging	61	(find	Zhang’s	group	at	).	By	2007,	a	left-handed	material	operating	in	the	visible	range	(780	nm)	was
demonstrated62	by	Soukoulis	(http://	cmpweb.ameslab.gov/personnel/soukoulis)	at	the	U.S.	Department	of	Energy’s	Ames	Laboratory	on	the	Iowa	State	University	campus	and	Wegener’s	group	from	the	University	of	Karlsruhe	(http://	www.aph.uni-karlsruhe.de/wegener),	Germany.	As	in	the	case	of	photonic	crystals,	only	the	metamaterials	operating
in	the	visible	qualify	as	nanotechnology,	but	for	comprehensiveness	sake	we	cover	all	of	them	together	here.	In	2000,	IBM	scientists	placed	a	magnetic	cobalt	atom	inside	an	elliptical	coral	of	atoms.	They	observed	the	Kondo	effect,	i.e.,	electrons	near	the	atom	align	with	the	atom’s	magnetic	moment,	effectively	canceling	it	out.	When	the	atom	was
placed	at	one	focus	of	the	elliptical	coral,	a	second	Kondo	effect	was	observed	at	the	other	focus,	even	though	no	atom	was	there	(see	Figure	1.36).	Hence	some	of	the	properties	(info)	carried	by	an	atom	are	transferred	to	the	other	focus	(www.research.ibm.com).	This	quantum	mirage	effect	“reflects”	information	using	the	wave	nature	of	the
electrons	rather	than	transmission	of	info	using	electrons	in	a	wire.	It	has	the	potential	to	be	able	to	transfer	data	within	future	nanoscale	electronic	circuits	where	wires	would	not	work.	This	would	allow	miniaturization	of	circuits	well	below	what	is	envisioned	today.	FIGURE	1.36	Quantum	mirage	phenomenon	(http://
domino.research.ibm.com/comm/pr.nsf/pages/rsc.	quantummirage.html).	28	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	FIGURE	1.37	NSF’s	Dr.	Mike	Roco,	a	photo	(a)	and	a	nanograph	(b).	The	nanograph	of	Dr.	M.	Roco	was	recorded	at	Oak	Ridge	National	Laboratory	using	piezoresponse	force	microscopy,
one	of	the	members	of	the	family	of	techniques	known	as	scanning	probe	microscopy,	which	can	image	and	manipulate	materials	on	the	nanoscale.	Each	picture	element	is	approximately	50	nanometers	in	diameter;	the	distance	from	chin	to	eyebrow	is	approximately	2.5	microns.	(Courtesy	Dr.	Roco.)	In	1999	President	Clinton	announced	the	National
Nanotechnology	Initiative	(NNI);	this	first	formal	government	program	for	nanotechnology	accelerated	the	pace	of	nano	research	(the	program	had	been	around	unofficially	since	1996).	In	December	2003,	George	W.	Bush	signed	the	21st	Century	Nanotechnology	Research	and	Development	Act.	In	this	government	NEMS	program,	Dr.	Mike	Roco
(Figure	1.37)	played	a	similar	catalyzing	role	that	Dr.	Ken	Gabriel	played	earlier	in	the	MEMS	field	(see	above).	Two	other	important	nanotech	promoters	are	Ray	Kurzweil	(	.	html)	and	K.	Eric	Drexel	(	.	org).	Whereas	Feynman	continues	to	receive	almost	universal	praise	for	his	inspiring	1959	speculative	talk,	K.	Eric	Drexel,	who	in	1981	described
mechanochemistry	in	his	speculative	paper	“Molecular	Engineering:	An	Approach	to	the	Development	of	General	Capabilities	for	Molecular	Manipulation,”	continues	to	receive	mostly	harsh	criticism—	sometimes	bordering	on	derision.	In	this	paper	and	in	two	books,63,64	Drexel	builds	nanotechnology,	bottom-up,	atom	by	atom,	rather	than	whittling
down	materials	as	Feynman	had	suggested.	Drexel	also	makes	more	of	the	fact	that	nature	and	molecular	biology	are	proof	of	concept	for	this	type	of	molecular	technology.	Drexel’s	early	warnings	about	“gray	goo,”	his	emphasis	on	assemblers—small	machines	that	would	guide	chemical	bonding	operations	by	manipulating	reactive	molecules—and
building	nanotechnology	in	a	dry	environment	probably	explain	most	of	the	hostility	toward	his	work	(even	by	those	who	do	not	even	make	an	attempt	to	understand	it;	see	for	example	Atkinson65	in	Nanocosm—we	might	as	well	listen	to	Newt	Gingrich	talk	about	nanotechnology).	Drexel,	unfortunately,	has	been	associated	too	much	with	the	nano	pop
culture.	Nano!	by	Ed	Regisis	is	an	engaging	and	entertaining	book	that	describes	some	of	the	researchers	involved	in	nanotechnology;	he	is	uncharacteristically	positive	about	Drexler.66	Market	projections	on	NEMS	are	today	even	wilder	than	the	early	ones	on	MEMS.	Overall,	though,	this	author	believes	that	it	is	in	nanotechnology,	especially	when
considering	bottom-up	manufacturing,	that	a	paradigm	shift	away	from	IC-type	manufacturing	is	taking	shape,	and	that	it	is	nanotechnology	that	holds	the	potential	of	having	a	much	larger	impact	on	society	than	IC	technology	ever	did.	Indeed,	the	nanoscale	is	unique	because	at	this	length	scale	important	material	properties,	such	as	electronic
conductivity,	hardness,	or	melting	point,	start	depending	on	the	size	of	the	chunk	of	material	in	a	way	they	do	not	at	any	other	scale.	Moreover,	in	biotechnology,	molecular	engineering	already	has	made	major	progress,	and	the	confluence	of	miniaturization	science	and	molecular	engineering	is	perhaps	the	most	powerful	new	avenue	for	progress	of
humankind	in	general.	In	this	regard,	NEMS	must	be	seen	as	a	support	technology	to	extract	yet	more	benefits	from	the	ongoing	biotechnology	revolution.	In	Table	1.3	we	show	a	milestone	chart	in	nanotechnology.	It	can	be	argued	that	molecular	scientists	and	genetic	engineers	were	practicing	nanotechnology	long	before	the	name	became	popular
with	electrical	and	mechanical	engineers.	Molecular	biology	or	“wet	nanotechnology”	has	been	called	“nanotechnology	that	works.”	But	adding	breakthroughs	pertaining	to	molecular	biology	to	this	table	would	make	it	much	too	long.	For	the	same	reason	we	also	did	not	list	any	IC-related	milestones.	Historical	Note	29	TABLE	1.3	A	Milestone	Chart	in
Nanotechnology	3.5	billion	years	ago	400	BC	1857	1887	1905	1931	1932	1959	1967	The	first	living	cells	emerge.	Cells	house	nanoscale	biomachines	that	perform	such	tasks	as	manipulating	genetic	material	and	supplying	energy	Democritus	coins	the	word	“atom,”	which	means	“not	cleavable”	in	Greek	Michael	Faraday	introduces	“colloidal	gold”	to
the	Royal	Society	Photonic	crystals	are	studied	by	Lord	Rayleigh,	in	connection	with	the	peculiar	reflective	properties	of	a	crystalline	mineral	with	periodic	“twinning”	planes48	Albert	Einstein	publishes	a	paper	that	estimates	the	diameter	of	a	sugar	molecule	as	1	nm.	Jean-Baptist	Perrin	confirmed	these	results	experimentally	and	was	awarded	the
1926	Nobel	Prize	for	this	work	Max	Knoll	and	Ernst	Ruska	develop	the	electron	microscope,	which	enables	nanometer	imaging	Langmuir	establishes	the	existence	of	monolayers	(Nobel	Prize	in	1932)	Richard	Feynman	gives	his	famed	talk	“There’s	Plenty	of	Room	at	the	Bottom,”	on	the	prospects	for	miniaturization7	Victor	Veselago,	a	Russian
physicist,	predicted	that	composite	metamaterials	might	be	engineered	with	negative	magnetic	permeability	and	negative	permittivity52	Victor	Veselago	1968	Early	1970s	1974	1974	1980	1980	1981	Piezoelectric	tube	with	electrodes	Control	voltage	for	piezotube	Alfred	Y.	Cho	and	John	Arthur	of	Bell	Laboratories	and	their	colleagues	invent
molecularbeam	epitaxy,	a	technique	that	can	deposit	single	atomic	layers	on	a	surface	Groups	at	Bell	Laboratories	and	IBM	fabricate	the	first	two-dimensional	quantum	wells	Norio	Taniguchi	conceives	the	word	nanotechnology	to	signify	machining	with	tolerances	of	less	than	a	micron	Mark	Ratner	and	Ari	Aviram	suggest	using	molecules	as
switches47	The	behavior	of	quantum	dots	began	to	be	understood	with	work	by	the	Russians	Ekimov	and	Efros	in	1980–1982.41,42	Louis	E.	Brus	learned	to	grow	CdSe	nanocrystals	in	a	controlled	manner43,44	Dendrimers	(from	the	word	dendron,	Greek	for	tree)	were	invented,	named,	and	patented	by	Dr.	Donald	Tomalia36	Gerd	Binnig	and	Heinrich
Rohrer	create	the	scanning	tunneling	microscope,	which	can	image	individual	atoms	Distance	Tunneling	control	and	current	amplifier	scanning	unit	Data	processing	and	display	Sample	Tunneling	voltage	Early	1980s	1982	1984	1985	The	discovery,	in	the	early	1980s,	by	David	L.	Allara	and	Ralph	G.	Nuzzo	of	the	self-assembly	of	disulfide	and,	soon
thereafter,	of	alkanethiol	monolayers	(SAMs)	on	metal	surfaces	The	use	of	x-ray	lithography	in	combination	with	electroplating	and	molding	(or	LIGA)	is	introduced	by	Ehrfeld	and	his	colleagues29	Pohl	develops	near-field	scanning	optical	microscope	(NSOM,	also	known	as	SNOM)33	Robert	F.	Curl,	Jr.,	Harold	W.	Kroto,	and	Richard	E.	Smalley
discover	buckminsterfullerenes,	also	known	as	buckyballs,	which	measure	about	a	nanometer	in	diameter39	(continued)	30	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	1.3	A	Milestone	Chart	in	Nanotechnology	(Continued)	1986	Ashkin	and	colleagues	reported	the	first	observation	of	what	is	now
commonly	referred	to	as	an	optical	trap,	i.e.,	a	tightly	focused	beam	of	light	capable	of	holding	microscopic	particles	stable	in	three	dimensions38	K.	Eric	Drexel	publishes	Engines	of	Creation,	a	futuristic	book	that	popularizes	nanotechnology	The	possibility	of	two-	and	three-dimensionally	periodic	crystals	with	corresponding	twoand	three-
dimensional	bandgaps	was	suggested	100	years	after	Rayleigh,	by	Eli	Yablonovitch49	and	Sajeev	John50	Donald	M.	Eigler	of	IBM	writes	the	letters	of	his	company’s	name	using	35	individual	xenon	atoms	on	a	nickel	surface	(in	high	vacuum	and	at	liquid	helium	temperatures)	1986	1987	1989	1991	1991	1993	1993	1997	1997	1998	1999	OFF
Yablonovitch52	demonstrates	the	first	microwave	photonic	bandgap	(PBG)	structure	experimentally	(holes	drilled	in	dielectric),	known	now	as	yablonovite	Sumio	Iijima	of	NEC	in	Tsukuba,	Japan,	discovers	carbon	nanotubes.	The	first	single-walled	nanotubes	(SWNT)	were	produced	in	1993	The	first	high-quality	quantum	dots	are	synthesized	by
Murray,	Norris,	and	Bawendi45,67	Warren	Robinett	of	the	University	of	North	Carolina	and	R.	Stanley	Williams	of	UCLA	devise	a	virtual	reality	system	connected	to	an	STM	that	lets	users	see	and	touch	atoms	The	first	complete	metal	oxide	semiconductor	transistor	(60	nm	wide)	is	invented	by	Lucent	Technologies.	The	key	breakthrough	was	the	1.2-
nm-thick	gate	oxide	Whitesides	et	al.27	introduced	soft	lithography,	including	the	use	of	pattern	transfer	of	self-assembled	monolayers	(SAMs)	by	elastomeric	stamping	Cees	Dekker’s	group	at	the	Delft	University	of	Technology	in	the	Netherlands	creates	a	transistor	from	a	carbon	nanotube40	James	Heath	and	Fraser	Stoddart	of	UCLA	(	create
rudimentary	molecular	switches,	with	molecules	called	rotaxanes,	which	function	as	molecular	switches	ON	1999	1999	1999	2000	2000	2001	2004	2005	2007	James	M.	Tour,	now	at	Rice	University,	and	Mark	A.	Reed	of	Yale	University	demonstrate	that	single	molecules	can	act	as	molecular	switches68	The	Clinton	administration	announces	the
National	Nanotechnology	Initiative,	which	provides	a	big	boost	in	funding	and	gives	the	field	greater	visibility	Thermomechanical	memory	device,	unofficially	known	as	“Millipede,”	first	demonstrated	at	IBM	Zurich	Eigler	and	other	IBM	scientists	devise	a	quantum	mirage—placing	a	magnetic	atom	at	the	focus	of	an	elliptical	ring	of	atoms	creates	a
mirage	atom	at	the	other	focus—transmitting	info	without	wires	John	Pendry,	a	physicist	at	Imperial	College	in	London,	showed	that	certain	metals	could	be	engineered	to	respond	to	electric	fields	as	though	the	field	parameters	were	negative55	Researchers	at	Imperial	College	and	Marconi	Caswell	(London)	announced	a	magnetic	resonance	imaging
system	using	a	magnetic	metamaterial	based	on	Pendry’s	design59	Physicists	at	the	University	of	Manchester	make	graphene	sheets69	Zhang	et	al.	demonstrate	the	near-field	superlens—imaging	objects	in	the	tens	of	nanometer	range	with	365	nm	light61	The	first	left-handed	material	in	the	visible	range62	Historical	Note	Acknowledgments	Special
thanks	to	Xavier	Casadevall	i	Solvas	and	Drs.	Sylvia	Daunert	and	Benjamin	Park.	Appendix	1A:	International	Technology	Roadmap	for	Semiconductors	(ITRS)	The	complete	2003	ITRS	and	past	editions	of	the	ITRS	editions	are	available	for	viewing	and	printing	as	an	electronic	document	at	.	net.	The	International	Technology	Roadmap	for
Semiconductors	(ITRS)	predicts	the	main	trends	in	the	semiconductor	industry	spanning	across	15	years	into	the	future.	The	participation	of	experts	from	Europe,	Japan,	Korea,	and	Taiwan	as	well	as	the	United	States	ensures	that	the	ITRS	is	a	valid	source	of	guidance	for	the	semiconductor	industry	as	it	strives	to	extend	the	historical	advancement
of	semiconductor	technology	and	the	worldwide	integrated	circuit	(IC)	market.	The	2003	ITRS	edition,	used	as	the	source	for	the	tables	below,	extends	to	the	year	2018.	The	2003	ITRS	does	not	predict	a	further	acceleration	in	the	timing	of	introduction	of	new	technologies	as	the	industry	struggles	through	the	worst	recession	of	its	history	during	the
past	couple	of	years.	As	projected,	though,	the	half-pitch	of	90	nm	(hp90	nm)	for	DRAMs	was	introduced	in	2004	(Intel’s	Prescott	Pentium	IV).	Traditionally,	the	ITRS	has	focused	on	the	continued	scaling	of	CMOS	(complementary	metaloxide-silicon)	technology.	By	2001,	the	horizon	of	the	Roadmap	started	challenging	the	most	optimistic	projections
for	continued	scaling	of	CMOS	(e.g.,	MOSFET	channel	lengths	below	9	nm).	By	that	time	it	also	became	difficult	for	most	people	in	the	semiconductor	industry	to	imagine	how	31	one	could	continue	to	afford	the	historic	trends	of	increase	in	process	equipment	and	factory	costs	for	another	15	years!	Thus,	the	ITRS	started	addressing	post-CMOS
devices.	The	Roadmap	became	necessarily	more	diverse	for	these	devices,	ranging	from	more	familiar	nonplanar	CMOS	devices	to	exotic	new	devices	such	as	spintronics.	Whether	extensions	of	CMOS	or	radical	new	approaches,	post-CMOS	technologies	must	further	reduce	the	cost	per	function	and	increase	the	performance	of	integrated	circuits.
Thus,	new	technologies	may	involve	not	only	new	devices	but	also	new	manufacturing	paradigms.	The	ITRS	technology	nodes	in	the	table	below	are	defined	as	the	minimum	metal	pitch	used	on	any	product,	for	example,	either	DRAM	half-pitch	or	Metal	1	(M1)	half-pitch	in	Logic/MPU	(see	also	figure	below	the	tables).	In	2003,	DRAMs	continue	to	have
the	smallest	metal	half-pitch;	thus,	it	continues	to	represent	the	technology	node.	Commercially	used	numbers	for	the	technology	generations	typically	differ	from	the	ITRS	technology	node	numbers.	However,	the	most	reliable	technology	standard	in	the	semiconductor	industry	is	provided	by	the	above	definition,	which	is	quite	clear	in	that	the
patterning	and	processing	(e.g.,	etching)	capabilities	of	the	technology	are	represented	as	the	pitch	of	the	minimum	metal	lines.	The	above	definition	is	maintained	not	only	for	the	2003	version	but	also	as	a	continuation	from	previous	ITRS	editions.	Therefore,	the	official	2003	ITRS	metal	hpXX	node	indicator	has	been	added	to	differentiate	the	ITRS
definition	from	commercial	technology	generation	numbers.	Interim	shrink-level	node	trend	numbers	are	calculated	and	included	for	convenience	of	monitoring	the	internode	progress	of	the	industry.	Near-Term	Years	Year	of	Production	2003	2004	2005	2006	2007	2008	2009	Technology	node	DRAM	half-pitch	(nm)	MPU/ASIC	MI	half-pitch	(nm)
MPU/ASIC	Poly	Si	half-pitch	(nm)	MPU	printed	gate	length	(nm)	MPU	physical	gate	length	(nm)	100	120	107	65	45	hp90	90	107	90	53	37	80	95	80	45	32	70	85	70	40	28	hp65	65	75	65	35	25	57	67	57	32	22	50	60	50	28	20	32	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Long-Term	Years	Year	of	Production
2010	2012	2013	2015	2016	2018	Technology	node	DRAM	half-pitch	(nm)	MPU/ASIC	MI	half-pitch	(nm)	MPU/ASIC	Poly	Si	half-pitch	(nm)	MPU	printed	gate	length	(nm)	MPU	physical	gate	length	(nm)	hp45	45	54	45	25	18	35	42	35	20	14	hp32	32	38	32	18	13	25	30	25	14	10	hp22	22	27	22	13	9	18	21	18	10	7	DRAM	½	pitch	=	DRAM	metal	pitch/2
MPU/ASIC	poly	silicon	½	pitch	=	MPU/ASIC	poly	pitch/2	Metal	pitch	Poly	pitch	Typical	DRAM	metal	bit	line	Typical	MPU/ASIC	uncontacted	poly	MPU/ASIC	M1	½	pitch	=	MPU/ASIC	M1	pitch/2	Metal	1	(M1)	pitch	Typical	MPU/ASIC	contacted	Metal	1	Appendix	1B:	Worldwide	IC	and	Electronic	Equipment	Sales	Amounts	in	US	$M	Americas	Europe
Japan	Asia	Pacific	Total	world*	Discrete	semiconductors	Optoelectronics	Sensors	and	actuators	Integrated	circuits	Bipolar	Analog	Micro	Logic	Memory	Total	products*	*	†	Year	on	Year	Growth	in	%	2003	2004	2005	2006	2003	2004	2005	2006	32,330.7	32,310.0	38,942.2	62,842.6	166,425.5	13,347.0	39,514.2	40,537.5	47,822.9	85,756.0	213,630.6
16,043.4	41,734.6	43,693.5	51,066.8	95,253.0	231,748.0	17,036.5	40,089.1	43,082.1	50,306.9	96,546.2	230,024.4	16,689.1	3.4	16.3	27.7	22.8	18.3	8.1	22.2	22.5	22.8	36.5	28.4	20.2	5.6	7.8	6.8	11.1	8.5	6.2	−3.9	−1.4	−1.5	1.4	−0.7	−2.0	9,544.7	3,569.2	139,964.7	216.8	26,793.9	43,526.1	36,921.9	32,506.0	166,425.5	13,100.8	4,827.6	179,658.8	239.7
33,652.2	52,412.0	46,421.3	46,933.6	213,630.6	14,851.7	5,739.0	194,120.8	200.8	36,971.8	57,218.6	50,631.8	49,097.9	231,748.0	15,281.2	6,262.1	191,792.0	150.6	36,952.4	57,564.8	49,571.9	47,552.3	230,024.4	40.6	37.3	35.3	28.4	10.6	25.6	20.4	25.7	44.4	28.4	13.4	18.9	8.0	−16.3	9.9	9.2	9.1	4.6	8.5	2.9	9.1	−1.2	−25.0	−0.1	0.6	−2.1	−3.1	−0.7	†
16.1	−4.2	12.0	14.3	18.1	20.2	18.3	All	numbers	are	displayed	as	rounded	to	one	decimal	place,	but	totals	are	calculated	to	three	decimal	places	precision.	WSTS	included	actuators	in	this	category	from	2003.	Before	only	sensors	were	reported.	Therefore,	a	growth	rate	is	not	meaningful	to	show.	Historical	Note	400	1,600	1,540	1,395	1,265	Worldwide
electronic	equipment	sales	1,200	350	300	1,160	1,050	1,000	250	960	910	851	200	200.7	800	800	179.0	701	150	157.6	633	585	144.4	600	132.0	137.3	134.7	120.7	120.4	100	104.6	62.3	Worldwide	semiconductor	sales	(billions	of	dollars)	1,400	Worldwide	electronic	equipment	sales	(billions	of	dollars)	33	Worldwide	semiconductor	sales	80.0	400	50
1992	1993	1994	1995	1996	1997	1998	1999	2000	2001	2002	2003	11.5	11.6	12.5	12.8	Year	Percent	semiconductor	10.7	12.6	14.9	18.1	15.5	15.1	Questions	1.1:	1.2:	1.3:	1.4:	1.5:	1.6:	1.7:	1.8:	1.9:	1.10:	1.11:	Why	is	silicon	so	important	to	MEMS	and	NEMS?	Compare	the	pros	and	cons	of	transistors	and	vacuum	tubes.	Why	was	the	Si-MEMS	market	at
one	point	in	time	expected	to	be	much	larger	than	the	IC	market?	Can	you	list	some	of	the	current	technological	and	economic	barriers	that	restrict	the	wider	commercialization	of	Si-MEMS?	(a)	State	Moore’s	first	law	(we	are	talking	about	Moore,	Intel’s	cofounder).	(b)	What	is	Moore’s	second	law?	Why	did	surface	micromachining	catch	on	so	fast
with	the	IC	industry?	Why	are	MEMS	market	forecasts	so	difficult	to	prepare?	How	would	you	go	about	making	a	better	MEMS	market	forecast?	How	does	radar	work?	How	is	it	useful?	What	is	the	biggest	advantage	Ge	has	over	Si	IC	circuits?	What	is	a	strain	gauge	and	what	is	its	gauge	factor?	What	is	the	definition	of	nanotechnology?	12.6	13.0
1.12:	List	at	least	five	commercial	products	that	incorporate	nanotechnology.	1.13:	What	year	was	the	word	“nanotechnology”	first	used?	1.14:	What	was	Feynman’s	role	in	catalyzing	the	genesis	of	MEMS	and	NEMS?	1.15:	Why	was	the	honeymoon	with	the	transistor	over	so	quickly?	What	technology	took	over	very	fast?	1.16:	What	does	ITRS	stand
for?	What	does	it	mean?	1.17:	List	a	number	of	nanostructures	that	have	been	fabricated	with	bottom-up	methodologies.	1.18:	What	is	a	photonic	crystal?	1.19:	What	is	a	metamaterial?	1.20:	What	are	the	important	differences	between	typical	devices	made	in	the	IC	industry	and	MEMS?	References	We	took	advantage	of	Google	and	Wikipedia	on
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molecular	junction.	Science	278:252–54.	69.	Geim,	A.	K.,	and	K.	S.	Novoselov.	2007.	The	rise	of	graphene.	Nature	Materials	6:183–191.	2	Crystallography	Outline	Introduction	Bravais	Lattice,	Unit	Cells,	and	the	Basis	Point	Groups	and	Space	Groups	Miller	Indices	The	designer	Tokujin	Yoshioka	makes	his	Venus	–	Natural	Crystal	Chair	by	submerging
a	block	of	polyester	fibers	in	the	shape	of	a	straight-backed	dining	chair	in	a	vat	of	water	and	then	adding	a	mineral	to	crystallize	it.	(Courtesy	of	Mr.	Tokujin	Yoshioka.)	X-Ray	Analysis	Reciprocal	Space,	Fourier	Space,	k-Space,	or	Momentum	Space	Brillouin	Zones	Introduction	Nothing	Is	Perfect	Crystallography	is	the	science	of	analyzing	the
crystalline	structure	of	materials.	The	spatial	arrangement	of	atoms	within	a	material	plays	a	most	important	role	in	determining	the	precise	properties	of	that	material.	Based	on	the	degree	of	order,	materials	are	classified	as	amorphous,	with	no	recognizable	long-range	order;	polycrystalline,	with	randomly	ordered	domains	(10	Å	to	a	few	μm);	and
single	crystalline,	where	the	entire	solid	is	made	up	of	repeating	units	in	an	orderly	array.	This	classification	is	illustrated	in	Figure	2.1.	Amorphous	solids	(e.g.,	glasses	and	plastics)	are	homogeneous	and	isotropic	because	there	is	no	long-range	order	or	periodicity	in	the	internal	arrangement.	Many	engineering	materials	are	aggregates	of	small
crystals	of	varying	sizes	and	shapes.	The	size	of	the	single-crystal	grains	may	be	as	small	as	a	few	nanometers	but	could	also	be	large	enough	to	be	seen	by	the	naked	eye.	Regions	between	grains	are	called	grain	boundaries.	These	polycrystalline	materials	have	properties	determined	by	both	the	chemical	nature	of	the	individual	crystals	and	their
aggregate	properties,	such	as	size	and	shape	distribution,	and	in	the	orientation	relationships	between	them.	In	the	case	of	thin	polycrystalline	films,	material	properties	might	deviate	significantly	from	bulk	crystalline	behavior,	as	we	discover	in	Acknowledgments	Appendix	2A:	Plane	Wave	Equations	Questions	Further	Reading	Reference	37	38	Solid-
State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	(a)	Crystalline	(b)	Amorphous	(c)	Polycrystalline	FIGURE	2.1	Classification	of	materials	as	crystalline	(a),	amorphous	(b),	and	polycrystalline	(c).	(Drawing	by	Mr.	Chengwu	Deng.)	Volume	II,	Chapter	7,	where	we	deal	with	thin	film	properties	and	surface	micromachining.
In	the	case	of	nanoparticles,	deviation	from	expected	bulk	theory	is	even	more	pronounced	(see	Chapter	3	on	quantum	mechanics	and	the	band	theory	of	solids	in	the	current	volume).	The	crystal	structure	of	a	nanoparticle	is	not	necessarily	the	same	as	that	of	the	bulk	material.	Nanoparticles	of	ruthenium	(2–3	nm	in	diameter),	for	example,	have
body-centered	cubic	(lattice	point	at	each	corner	plus	one	at	the	center;	see	below)	and	face-centered	cubic	structures	(lattice	points	at	each	corner	as	well	as	in	the	centers	of	each	face;	see	below)	not	found	in	bulk	ruthenium.	Most	important,	semiconductor	devices	are	based	on	crystalline	materials	because	of	their	reproducible	and	predictable
electrical	properties.	Crystals	are	anisotropic—their	properties	vary	with	crystal	orientation.	In	this	chapter	we	explain	the	importance	of	the	symmetry	of	point	groups	and	space	groups	in	determining,	respectively,	bulk	physical	properties	and	microscopic	properties	of	crystalline	solids,	properties	relied	on	for	building	miniaturized	electronics,
sensors,	and	actuators.	We	also	launch	the	concept	of	reciprocal	space	(also	called	Fourier	space,	k-space,	or	momentum	space),	clarify	the	conditions	for	x-ray	diffraction	in	terms	of	such	a	reciprocal	space,	and	offer	an	introduction	to	Brillouin	zones.	All	these	elements	are	needed	for	our	introduction	to	the	band	theory	of	solids	in	Chapter	3.	We
finish	Chapter	2	with	a	description	of	crystal	defects.	Bravais	Lattice,	Unit	Cells,	and	the	Basis	Under	special	conditions	almost	every	solid	can	be	made	into	a	crystal	(helium	is	the	only	substance	that	does	not	form	a	solid).	Atoms	organize	themselves	into	crystals	because	energy	can	be	minimized	Crystal	Lattice:	set	of	points	with	identical
environment	Primary	building	block:	the	unit	cell	FIGURE	2.2	Any	crystal	lattice	can	be	simplified	to	a	three-dimensional	array	of	periodically	located	points	in	space.	Such	a	periodic	array,	specifying	how	the	repeated	units	of	a	crystal	are	arranged,	is	called	a	Bravais	lattice.	A	real	crystal	is	made	up	of	a	basis	and	a	lattice.	(Drawing	by	Mr.	Chengwu
Deng.)	that	way.	Any	crystal	lattice	can	be	simplified	to	a	three-dimensional	(3D)	array	of	periodically	located	points	in	space	as	shown	in	Figure	2.2	in	the	case	of	a	two-dimensional	(2D)	crystal.	Such	a	periodic	array,	specifying	how	the	repeated	units	of	a	crystal	are	arranged,	is	called	a	Bravais	lattice.	Bravais,	in	1848,	demonstrated	that	there	are
only	14	ways	of	arranging	points	symmetrically	in	space	that	do	not	lead	to	voids	in	a	crystal	(in	2D	there	are	only	five	such	lattices).	All	crystalline	materials,	including	nanomaterials,	assume	one	of	the	14	Bravais	lattices.	A	real	crystal	can	be	described	in	terms	of	a	Bravais	lattice,	with	one	specific	atom	(or	ion)	or	a	group	of	atoms	(a	molecule),
called	a	basis,	attached	to	each	lattice	point	(Figure	2.2).	The	basis	superposed	on	the	Bravais	lattice	renders	the	complete	crystal	structure.	The	3D	Bravais	lattice	can	be	mathematically	defined	by	three	noncoplanar	basis	vectors,	a1,	a	2,	and	a	3,	which	are	the	three	independent	shortest	vectors	connecting	lattice	points.	These	vectors	form	a
parallelepiped	called	a	primitive	cell,	i.e.,	a	cell	that	can	reproduce	the	entire	crystal	lattice	by	translation	alone.	Such	a	primitive	cell	is	a	minimum	volume	cell	with	a	density	of	only	one	lattice	point	per	cell—	there	are	lattice	points	at	each	of	the	eight	corners	of	the	parallelepiped,	but	each	corner	point	is	shared	among	the	eight	cells	that	come
together	there	(1/8	of	a	point	at	each	corner).	The	lattice	translational	vector	r	is	given	by:	r	=	n1a1	+	n2a	2	+	n3a	3	(2.1)	39	Crystallography	where	n1,	n2,	and	n3	are	integers.	A	displacement	of	any	lattice	point	by	r	will	result	in	a	new	position	in	the	lattice	that	has	the	same	positional	appearance	as	the	original	position.	A	lattice	translation	vector,
r,	as	described	in	Equation	2.1,	connects	two	points	in	the	lattice	that	exhibit	identical	point	symmetry.	Nonprimitive	unit	cells	or	simple	unit	cells	are	also	called	conventional	unit	cells	or	crystallographic	unit	cells.	They	are	not	necessarily	unique	and	need	not	be	the	smallest	cell	possible.	Primitive	cells	are	chosen	with	the	shortest	possible	vectors,
whereas	unit	cells	are	chosen	for	the	highest	symmetry	and	may	contain	more	than	one	lattice	point	per	cell.	The	unit	cell	in	a	lattice,	like	a	primitive	cell,	is	representative	of	the	entire	lattice.	The	simplest	unit	cell	belongs	to	a	cubic	lattice,	which	is	further	divided	into	simple	cubic	(SC),	face-centered	cubic	(FCC),	and	body-centered	cubic	(BCC)	as
illustrated	in	Figure	2.3.	An	FCC	lattice	has	the	closest	atomic	packing,	then	BCC,	and	then	SC.	For	a	simple	cubic	crystal	(SC)	unit	cell,	as	shown	in	Figure	2.3,	a1	=	a	2	=	a	3,	and	the	axes	angles	are	α	=	β	=	γ	=	90°.	The	dimension	a	(=	a1	=	a	2	=	a	3)	is	known	as	the	lattice	constant.	For	SC	the	conventional	unit	cell	coincides	with	the	primitive	cell.
This	is	not	true	for	FCC	and	BCC	as	we	shall	see	in	Figure	2.5	below.	The	14	possible	Bravais	lattices	can	be	subdivided	into	7	different	“crystal	classes”	based	on	the	choice	of	conventional	unit	cells.	These	7	crystal	classes	are	cubic,	tetragonal,	trigonal,	hexagonal,	monoclinic,	orthorhombic,	and	triclinic.	Each	of	these	systems	is	characterized	by	a
set	of	symmetry	elements,	and	a1	=	a2	=	a3	a1		a2	a3	1.	Simple	cubic	(SC)	Conventional	cell	=	primitive	cell	a3	a2	Add	one	atom	at	the	center	of	the	cubic	a1	Add	one	atom	at	the	center	of	each	face	the	more	symmetry	elements	a	crystal	exhibits,	obviously,	the	higher	its	symmetry.	A	cubic	crystal	has	the	highest	possible	symmetry	and	a	triclinic
crystal	the	lowest.	The	14	Bravais	lattices	categorized	according	to	the	7	crystal	systems	are	shown	in	Figure	2.4.	A	Wigner-Seitz	cell	is	a	primitive	cell	with	the	full	symmetry	of	the	Bravais	lattice.	It	is	an	important	construct	for	the	understanding	of	Brillouin	zones,	the	boundaries	of	which	satisfy	the	Laue	conditions	for	diffraction	(see	below).	To
appreciate	how	Wigner-Seitz	cells	are	constructed,	we	illustrate	some	simple	examples	for	the	case	of	two	different	types	of	2D	lattices	in	Figure	2.5.	Lines	are	drawn	passing	through	the	middle	points	of	dotted	lines	connecting	nearest	neighbors.	In	3D,	the	Wigner-Seitz	cells																								3.	Face-centered	cubic	(FCC)	2.	Body-centered	cubic	(BCC)
Unit	cell	primitive	cell	FIGURE	2.3	The	simplest	unit	cell	belongs	to	a	cubic	lattice,	which	is	further	divided	into:	simple	cubic	(SC),	facecentered	cubic	(FCC),	and	body-centered	cubic	(BCC).	FIGURE	2.4	Conventional	unit	cells	for	the	14	Bravais	lattices	arranged	according	to	the	7	crystal	systems.	P	means	lattice	points	on	corners	only,	C	means
lattice	points	on	corners	as	well	as	centered	on	faces,	F	means	lattice	points	on	corners	as	well	as	in	the	centers	of	all	faces,	and	lattice	points	on	corners	as	well	as	in	the	center	of	the	unit	cell	body	are	indicated	by	I.	40	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	show	conventional	unit	and	primitive	unit
cells	for	these	lattices.	Point	Groups	and	Space	Groups	FIGURE	2.5	Wigner-Seitz	primitive	cells	for	two	types	of	simple	2D	lattices.	are	polyhedra	constructed	about	each	atom	by	drawing	planes	that	are	the	perpendicular	bisectors	of	the	lines	between	nearest	neighbors.	The	Wigner-Seitz	cell	about	a	lattice	point	is	the	region	of	space	that	is	closer	to
that	point	than	any	other	lattice	point.	Wigner-Seitz	cells	for	FCC	and	BCC	Bravais	lattices	are	shown	in	Figure	2.6.	In	the	same	figure	we	also	Body-centered	cubic	lattice	(BCC)	Face-centered	cubic	lattice	(FCC)	Conventional	cell:	2	atoms/cell	Conventional	cell:	4	atoms/cell	Primitive	unit	cell:	1	atom/cell	Primitive	unit	cell:	1	atom/cell	Wigner-Seitz
primitive	cell:	1	atom/cell	A	lattice	translation	as	described	by	Equation	2.1	is	a	type	of	symmetry	operation	where	a	displacement	of	a	crystal	parallel	to	itself	carries	the	crystal	structure	into	itself	(Figure	2.7).	Rotation	and	reflection	or	a	combination	of	rotation	and	reflection—a	so-called	compound	symmetry	operation—about	various	points	are
other	symmetry	operations	that	may	“carry	the	crystal	into	itself”	(see	Figure	2.8).	The	point	around	which	the	symmetry	operation	is	carried	out	may	be	a	lattice	point	or	a	special	point	within	the	elementary	parallelepiped.	There	are	five	types	of	rotation	axes	possible,	i.e.,	one-	(360°),	two-	(180°),	three-	(120°),	four-	(90°),	and	sixfold	(60°)	rotation.
One	sees	from	Figure	2.8	why	fivefold	rotational	symmetry	does	not	occur	in	nature;	it	just	cannot	be	stacked	without	leaving	holes.	This	explains,	for	example,	why	we	do	not	see	ice	crystals	with	a	pentagon	shape	(Figure	2.9).	Mirror	reflection	takes	place	about	a	plane	through	a	lattice	or	special	point.	An	inversion	operation	is	an	example	of	a
compound	symmetry	operation	and	is	achieved	by	rotation	of	π,	followed	by	a	reflection	in	a	plane	normal	to	the	rotation	axis;	the	effect	is	also	illustrated	in	Figure	2.8.	The	collection	of	point	symmetry	elements	possessed	by	a	crystal	is	called	a	point	group	and	is	defined	as	the	collection	of	symmetry	operations	which,	when	applied	about	a	point,
leave	the	lattice	invariant.	There	are	32	crystallographic	point	groups	in	all.	Wigner-Seitz	primitive	cell:	1	atom/cell	FIGURE	2.6	Conventional	unit	cells,	primitive	unit	cells,	and	Wigner-Seitz	primitive	cells	for	BCC	and	FCC	lattices.	The	BCC	Wigner-Seitz	unit	cell	is	a	truncated	octahedron.	The	FCC	Wigner-Seitz	primitive	unit	cell	is	a	rhombic
dodecahedron.	FIGURE	2.7	The	drawing	on	the	left	(a)	is	crystal-like	and	can	be	carried	into	itself	by	a	translation	that	is	not	possible	in	the	figure	on	the	right	(b).	The	latter	is	missing	a	translation	vector	and	is	not	crystal-like.	Crystallography	(a)	41	2-fold	Rotatation	4-fold	3-fold	5-fold	1	full	rotation	of	360°	1	2	turns	of	180°	each	2	4	turns	of	90°
each	4	(b)	3	turns	of	120°	each	3	6-fold	6	turns	of	60°	each	6	Mirror	planes	(c)	Inversion	1	i	i	FIGURE	2.8	Point	symmetry	operations:	(a)	rotation,	(b)	reflection,	and	(c)	a	compound	symmetry	operation:	inversion.	The	latter	is	made	up	of	a	rotation	of	π	followed	by	reflection	in	a	plane	normal	to	the	rotation	axis.	This	is	also	called	inversion	through	a
point	(i).	The	symbol	for	the	inversion	axis	is	1.	The	importance	of	the	32	point	group	symmetries	and	corresponding	crystal	classes	is	revealed	by	the	important	physical	properties	of	crystalline	solids	they	control,	including	electrical	conductivity,	thermal	expansion,	birefringence,	piezoresistance,	susceptibility,	elastic	stiffness	coefficient,	etc.	Some
properties	that	depend	on	the	direction	along	which	they	are	measured	relative	to	the	crystal	axes	are	listed	in	Table	2.1.	This	orientation	dependence	of	physical	and	chemical	properties	is	called	anisotropy.	Anisotropy	also	explains	why	crystals	do	not	grow	into	spheres	but	as	polyhedra	and	why	certain	crystal	directions	etch	faster	than	others.	The
reason	for	this	anisotropy	is	the	regular	stacking	of	atoms	in	a	crystal;	as	one	passes	along	a	given	direction,	one	encounters	atoms	or	groups	of	atoms	at	different	intervals	and	from	different	angles	than	if	one	travels	through	the	crystal	from	another	direction.	Single	molecules	in	a	liquid	or	a	gas	can	also	be	anisotropic,	but	because	they	are	free	to
move,	liquids	and	gases	are	isotropic.	In	a	crystal	the	anisotropy	of	atoms	and	groups	of	atoms	is	locked	into	the	crystal	structure.	As	a	first	example	we	consider	a	physical	quantity	such	as	current	density	J	(column	4),	and	its	cause	the	electrical	field	E	(column	5).	These	quantities	are	linked,	to	a	first	approximation,	in	a	linear	relationship	described
by	a	tensor	equation:	J	=	σE	(2.2)	One	remembers	that	a	tensor	field	represents	a	single	physical	quantity	that	is	associated	with	certain	places	in	three-dimensional	space	and	instants	of	time.	The	crystalline	property,	in	column	1,	is	a	tensor	field	of	the	rank	listed	in	column	2.	Also	recall	that	a	scalar	(e.g.,	mass,	temperature,	charge)	is	a	tensor	of
zeroth	rank,	and	a	vector	(e.g.,	position,	velocity,	flow	of	heat)	is	a	tensor	of	first	rank.	Other	quantities	such	as	stress	inside	a	solid	or	fluid	may	be	42	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	FIGURE	2.9	Ice	crystals.	No	pentagons	are	found	in	ice	crystal	stacking.	characterized	by	tensors	of	order	two	or
higher.	The	physical	properties	listed	in	Table	2.1	are	exploited	to	build	electronics,	sensors,	and	actuators	in	MEMS	and	NEMS.	We	elaborate	a	bit	further	here	on	the	anisotropy	of	the	electrical	conductivity	σ	in	a	single	crystal,	where	a	causal	or	forcing	term,	the	electrical	field	E,	causes	a	current	density	J.	Because	both	are	vectors,	this	case	is
referred	to	as	a	vector-vector	effect.	In	general,	the	current	vector	may	not	have	the	same	direction	as	the	electric	vector.	Assuming	a	linear	relationship	between	electrical	field	(cause)	and	TABLE	2.1	Linear	Physical	Properties	of	Solids	Property	and	Symbol	Rank	of	Tensor	Number	of	Independent	Components	Pyroelectric	coefficient	p	1	3
Conductivity	σ	Resistivity	ρ	Susceptibility	χ	Thermal	expansion	α	Piezoelectric	coefficient	d	Elastic	stiffness	constants	χ	Elastic	compliance	σ	Piezoresistance	π	2	2	2	2	3	4	4	4	6	6	6	6	18	21	21	21	Dependent	Physical	Quantity	Electric	polarization	dP	Current	density	J	Field	E	Electric	polarization	P	Strain	ε	Electric	polarization	Ps	Stress	S	Stress	ε
Resistivity	change	ρ	Unfortunately,	symbols	customarily	used	for	these	properties	do	sometimes	overlap.	Causal	or	Forcing	Term	Temperature	change	dT	Field	E	Current	density	J	Electric	field	E	Temperature	change	dT	Stress	S	Strain	ε	Stress	S	Stress	S	Crystallography	43	current	(effect),	we	can	describe	the	components	of	the	current	relative	to	an
arbitrarily	chosen	Cartesian	coordinate	system	as:	angle	θ	between	the	direction	in	which	ρ	is	measured	and	the	hexagonal,	trigonal,	or	tetragonal	axis.	One	then	finds:	J	x		S	xx	E	x	S	xy	E	y	S	xz	E	z	ρ(ϕ)	=	ρpersin	2ϕ	+	ρparcos2ϕ	J	y		S	yx	E	x	S	yy	E	y	S	yz	E	z	(2.3)	J	z		S	zx	E	x	S	zy	E	y	S	zz	E	z	The	quantities	σik	are	components	of	a	3	×	3	“conductivity
tensor.”	The	resistivity	tensor	ρ(=	1/σ)	tensor,	like	the	conductivity	tensor,	is	a	second	rank	tensor	described	by:	E	=	ρJ	(2.4)	Based	on	the	basic	symmetry	of	the	equations	of	motion,	Onsager	demonstrated	that	the	tensor	is	symmetric,	i.e.,	σik	=	σki,	so	that	the	nine	coefficients	are	always	found	to	reduce	to	six.	Taking	advantage	of	this	symmetry
argument	and	multiplying	the	expressions	in	Equation	2.3	by	Ex	,	Ey,	and	Ez,	respectively,	one	obtains	on	adding:	J	x	E	x	J	y	E	y	J	z	E	z		S	xx	E	2	x	S	yy	E	2	y	S	zz	E	2	z	2S	xy	E	x	E	y	2S	yz	E	y	E	z	2S	zx	E	z	E	x	(2.5)	To	make	the	mixed	terms	on	the	right	side	of	Equation	2.5	disappear,	one	chooses	a	new	coordinate	system	with	the	coordinates	along	the
principal	axes	of	the	quadratic	surface	represented	by	this	right-hand	side	(rhs)	term,	and	in	this	new	coordinate	system	one	obtains:	J	x		S1E	x	;	J	y		S	2E	y	;	J	z		S	3E	z	(2.6)	where	σ1,	σ2,	and	σ3	are	the	principal	conductivities.	The	current	and	field	vectors	only	have	the	same	direction	when	the	applied	field	falls	along	any	one	of	the	principal	axes	of
the	crystal.	From	Equation	2.6,	no	matter	how	low	the	symmetry	of	a	crystal,	it	can	always	be	characterized	by	three	conductivities	(σ1,	σ2,	and	σ3)	or	three	specific	resistivities	(ρ1,	ρ2,	and	ρ3).	In	cubic	crystals	the	three	quantities	are	equal,	and	the	specific	resistivity	does	not	vary	with	direction.	In	hexagonal,	trigonal,	and	tetragonal	crystals,	two	of
the	three	principal	conductivities	(or	resistivities)	are	the	same.	In	such	a	case,	the	resistivity	only	depends	on	the	(2.7)	where	the	subscripts	stand	for	perpendicular	and	parallel	to	the	axis.	Another	vector-vector	effect	example	in	Table	2.1	is	the	one	involving	thermal	conductivity,	where	a	thermal	current	vector	is	caused	by	a	thermal	gradient.
Scalar-tensor	effects	lead	to	similar	relations	as	vector-vector	effects.	For	example,	the	deformation	tensor	of	a	solid	resulting	from	a	temperature	change	(scalar)	involves	three	principal	expansion	coefficients,	α1,	α2,	and	α3.	The	latter	will	again	all	be	equal	in	the	case	of	a	cubic	crystal,	and	the	angular	dependence	of	α	for	hexagonal,	trigonal,	and
tetragonal	crystals	is	given	by	an	expression	analogous	to	Equation	2.7.	A	simple	example	of	a	scalar-vector	effect	from	Table	2.1,	illustrating	the	importance	of	crystal	symmetry	or	lack	thereof,	involves	pyroelectricity	(see	first	row	in	Table	2.1).	Pyroelectricity	is	the	ability	of	a	material	to	spontaneously	polarize	and	produce	a	voltage	as	a	result	of
changes	in	temperature.	It	must	be	a	change	in	temperature:	incident	light	may	heat	a	pyroelectric	crystal,	thus	changing	its	dipole	moment	and	causing	current	to	flow,	but	because	pyroelectrics	respond	to	the	rate	of	change	of	temperature	only,	the	light	or	heat	source	must	be	pulsed	or	modulated!	A	pyroelectric	is	a	ferroic	material,	i.e.,	a	class	of
smart	multifunctional	materials	having	both	sensing	and	actuating	functions.	Ferroic	materials	is	a	simplified	term	to	represent	ferroelastic,	ferromagnetic,	and	ferroelectric	materials.	In	pyroelectricity,	the	opposite	faces	of	certain	crystals	[e.g.,	tourmaline	(Na,	Ca)(Li,	Mg,	Al)	(Al,	Fe,	Mn)6(BO3)3(Si6O18)(OH)4	the	“Ceylon	magnet,”	ZnO,	BaTiO3,
and	PbTiO3]	become	electrically	charged	as	a	result	of	a	change	in	temperature.	This	is	illustrated	for	tetragonal	BaTiO3	in	Figure	2.10.	In	Table	2.1	we	consider	the	linear	relationship	between	the	electric	polarization	P	(a	vector)	and	a	temperature	change	(a	scalar).	Electric	polarization	of	materials	is	covered	from	a	theoretical	point	of	view	in
Chapter	5.	For	practical	applications	of	pyroelectricity	in	actuator	construction	refer	to	44	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	(A)	Cubic	T	>	120°C	P	P	P	5°C	<	T	<	120°C	P	(coulombs/m2)	20	×	10–2	Tetragonal	P	a-axis	16	12	–90°C	<	T	<	5°C	8	P	parallel	with	12	equivalent	or	P	directions
Rhombohedral	Monoclinic	4	0	–200	–160	–120	–80	–40	0	Tetragonal	40	80	120	T<	–90°C	P	b-axis	P	Rhombohedral	P	parallel	with	8	directions	Temperature(°C)	Orthorhombic	(B)	(a)	(b)	Ba2+	O2–	Ti4+	4.03	Å	3.98	Å	3.98	Å	FIGURE	2.10	(A)	In	the	pyroelectric	crystal	BaTiO3,	P	changes	with	temperature	only	when	the	material	is	in	its	tetragonal	state.
Pyroelectricity	only	occurs	in	a	crystal	lacking	an	inversion	center.	This	is	clear	from	(B)	(a).	In	cubic	BaTiO3	the	oxygen	ions	are	at	face	centers;	Ba2+	ions	are	at	cube	corners;	and	Ti4+	is	at	cube	center.	(B)	(b)	In	tetragonal	BaTiO3,	the	Ti4+	is	off-center,	and	the	unit	cell	has	a	net	polarization.	(Drawing	by	Mr.	Chengwu	Deng.)	Volume	III,	Chapter
8.	The	crystalline	property,	the	pyroelectric	coefficient	p,	is	a	tensor	of	rank	1	(a	vector	in	other	words).	One	can	predict	readily	that	pyroelectricity	only	occurs	in	crystals	that	lack	an	inversion	center	or	a	center	of	symmetry,	i.e.,	in	noncentrosymmetric	crystals	with	one	or	more	polar	axes.	Indeed,	one	could	not	have	a	crystal	with	one	face	positively
charged	and	one	negatively	charged—i.e.,	with	a	polar	axis—as	a	result	of	a	uniform	change	in	temperature	if	these	crystal	faces	were	equivalent.	More	complicated	cases	involve	vector-tensor	effects	and	tensor-tensor	effects.	Piezoelectricity	is	an	example	of	a	vector-tensor	effect;	an	electric	field	(vector)	causes	a	mechanical	deformation	(tensor).
Elastic	deformation	under	the	influence	of	a	stress	tensor	is	an	example	of	a	tensor-tensor	effect.	These	effects	require	many	more	constants	than	the	simple	examples	presented	above.	In	discussing	actuators	in	Volume	III,	Chapter	8,	we	will	find	out	that	an	increase	in	symmetry	introduces	major	simplifications	in	the	coefficient	matrices	and	that	to
describe	the	tensors	correctly	the	point-group	symmetry	of	the	crystal	must	be	known.	The	combined	effects	of	rotation	or	reflections	from	the	point	groups	with	translation	from	the	Bravais	lattice	results	in	two	additional	symmetries:	screw	axes	and	glide	planes.	A	screw	axis	combines	rotation	and	translation,	and	a	glide	plane	combines	reflection
with	translation	(Figure	2.11).	Considering	the	various	combinations	involving	the	32	point	groups,	screw	axes,	and	glide	planes,	as	well	as	the	different	Bravais	lattices,	a	total	of	230	different	possible	“space	groups”	results.	In	protein	crystals	there	are	only	65	space	groups	because	all	natural	products	are	chiral	so	that	inversion	and	mirror
symmetry	Crystallography	(a)	45	(b)	C	C/3	C/3	120°	Mirror	Glide	b	120°	g	0,C	a/2	2C/3	a	a/2	height	3-fold	axes	FIGURE	2.11	Example	of	a	screw	axis	and	a	glide	plane.	(a)	N-fold	screw	axes	C:	a	combination	of	a	rotation	of	360°/n	around	C	and	a	translation	by	an	integer	of	C/n.	(b)	Glide	plane:	a	translation	parallel	to	the	glide	plane	g	by	a/2.
operations	are	not	allowed.	A	space	group	is	a	group	that	includes	both	the	point	symmetry	elements	and	the	translations	of	a	crystal.	These	space	groups	are	most	important	when	studying	the	microscopic	properties	of	solids.	The	space	groups	for	most	inorganic	substances	are	known	and	can	be	found	in	tables	in	the	Inorganic	Crystal	Structure
Database	(ICSD).	These	tables	make	it	possible	to	calculate	the	exact	distances	and	angles	between	different	atoms	in	a	crystal.	The	external	shape	of	a	crystal	is	referred	to	as	the	habit.	Not	all	crystals	have	well-defined	external	faces.	Natural	faces	always	have	low	indices,	i.e.,	their	orientation	can	be	described	by	Miller	indices	that	are	small
integers	as	introduced	next.	The	faces	that	we	see	are	the	lowest	energy	faces	as	the	surface	energy	is	minimized	during	growth.	Miller	Indices	To	identify	a	plane	or	a	direction	in	a	crystal,	a	set	of	integers	h,	k,	and	l,	called	the	Miller	indices,	are	widely	used.	To	determine	the	Miller	indices	of	a	plane,	one	takes	the	intercept	of	that	plane	with	the
axes	and	expresses	these	intercepts	as	multiples	of	the	base	vectors	a1,	a	2,	and	a	3.	The	reciprocal	of	these	three	integers	is	taken,	and,	to	obtain	whole	numbers,	the	(100)	plane	z	(110)	plane	z	y	three	reciprocals	are	multiplied	by	the	smallest	common	denominator.	The	resulting	set	of	numbers	is	written	down	as	(hkl).	By	taking	the	reciprocal	of	the
intercepts,	infinities	(∞)	are	avoided	in	plane	identification.	Parentheses	or	braces	are	used	to	specify	planes.	The	rules	for	determining	the	Miller	indices	of	a	direction	or	an	orientation	in	a	crystal	are	as	follows:	translate	the	orientation	to	the	origin	of	the	unit	cell,	and	take	the	normalized	coordinates	of	its	other	vertex.	For	example,	the	body
diagonal	in	a	cubic	lattice	as	shown	in	the	right-most	panel	in	Figure	2.12	is	1a,	1a,	and	1a	or	the	[111]	direction.	The	Miller	indices	for	a	direction	are	thus	established	using	the	same	procedure	for	finding	the	components	of	a	vector.	Brackets	or	carets	specify	directions.	Directions	[100],	[010],	and	[001]	are	all	crystallographically	equivalent	and	are
jointly	referred	to	as	the	family,	form,	or	group	of	directions.	A	form,	group,	or	family	of	faces	that	bear	like	relationships	to	the	crystallographic	axes—e.g.,	the	planes	(001),	(100),	(010),	(001),	(100),	and	(010))—are	all	equivalent,	and	they	are	marked	as	{100}	planes	(see	Figure	2.13).	A	summary	of	the	typical	representation	for	Miller	indices	is
shown	in	Table	2.2.	The	orientation	of	a	plane	is	defined	by	the	direction	y	[111]	z	y	(111)	plane	[110]	[100]	x	x	x	FIGURE	2.12	Miller	indices	for	planes	and	directions	in	an	SC	cubic	crystal.	Shaded	planes	are	from	left	to	right	(100),	(110),	and	(111).	(Drawing	by	Mr.	Chengwu	Deng.)	46	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in
Micro-	and	Nanotechnology	(100)	on	back	face	(010)	on	side	face	z	4	3	(001)	a3	(100)	a1	(364)	plane	2	(010)	1	a2	1	1	2	3	4	y	2	3	x	(001)	on	bottom	face	4	FIGURE	2.14	The	(364)	plane	in	a	SC	cubic	lattice.	FIGURE	2.13	Miller	indices	for	the	planes	of	the	{100}	family	of	planes.	and	find	the	differences:	r	−	r1	=	(x	−	4)	a1	+	(y	−	0)	a	2	+	(z	−	0)	a	3	of
a	normal	to	the	plane	or	the	vector	product	(A	×	B	=	C).	For	a	cubic	crystal	(such	as	silicon	or	gallium	arsenide),	the	plane	(hkl)	is	perpendicular	to	the	direction	[hkl].	In	other	words,	the	indices	of	a	plane	are	the	same	numbers	used	to	specify	the	normal	to	the	plane.	Using	a	simple	cubic	lattice	as	an	example,	you	can	check	that	crystal	planes	with
the	smallest	Miller	indices,	such	as	{100},	{110},	{111},	have	the	largest	density	of	atoms.	Usually	crystals	are	cleaved	along	these	planes	and	are	grown	in	directions	perpendicular	to	them.	When	one	comes	across	more	complicated	planes	than	the	ones	considered	above,	the	mathematical	vector	algebra	approach	to	calculate	the	Miller	indices
becomes	useful.	For	examples,	consider	the	plane	in	Figure	2.14,	defined	by	three	points	P1,	P2,	and	P3,	where	P1:	(400),	P2:	(020),	and	P3:	(003).	r2	−	r1	=	(0	−	4)	a1	+	(2	−	0)	a	2	+	(0	−	0)	a	3	r3	−	r1	=	(0	−	4)	a1	+	(0	−	0)	a	2	+	(3	−	0)	a	3	Step	2.	Calculate	the	scalar	triple	product	of	these	three	vectors	[A	∙	(B	×	C)],	which	in	this	case	is	a	plane
and	its	volume	is	zero	because	the	vectors	are	coplanar	[A	∙	(B	×	C)	=	0]:	(r	−	r1)∙[(r2	−	r1)	×	(r3	−	r1)]	=	0	A1	A	–	B	s	C		B1	C1	Notation	Interpretation	(hkl	)	{hkl	}	[hkl	]	Crystal	plane	Equivalent	planes	Crystal	direction	Equivalent	directions	A3	B3		A	1(B2C	3	B3C	2	)	C3	For	our	example	this	leads	to:	x	4	4	4	r1	=	4a1	+	0a	2	+	0a	3	TABLE	2.2	Miller
Indices	Symbols	A2	B2	C2	A	2	(B3C1	B1C	3	)	A	3	(B1C	2	B2C1	)	(2.11)	r	=	xa1	+	ya	2	+	za	3	r3	=	0a1	+	0a	2	+	3a	3	(2.10)	For	vectors	A,	B,	C	with	coordinates	(A1,	A2,	A3),	(B1,	B2,	B3),	and	(C1,	C2,	C3),	the	requirement	in	Equation	2.10	is	equivalent	to:	Step	1.	Define	the	following	vectors:	r2	=	0a1	+	2a	2	+	0a	3	(2.9)	(2.8)	y	2	0	z	0		(	x	4)6	12y	8z		0
3	or	3x	6y	4z		12	Once	we	have	the	equation	for	the	plane,	we	easily	find	the	Miller	indices.	Step	3.	Determine	the	Miller	indices.	1.	The	intercepts	with	the	axes:	x	=	4	(for	y	=	z	=	0),	y	=	2	(for	x	=	z	=	0),	and	z	=	3	(for	x	=	y	=	0)	2.	The	reciprocals	1/4,	1/2,	and	1/3,	or	3.	The	Miller	indices	for	the	plane	are	(364)	47	Crystallography	Adjacent	planes



(hkl)	in	a	simple	cubic	crystal	are	spaced	a	distance	dhkl	from	each	other,	with	dhkl	given	by:	d	hkl		a	(2.12)	2	h	k	2	l2	where	a	is	the	lattice	constant.	Equation	2.12	provides	the	magnitude	of	dhkl	and	follows	from	simple	analytic	geometry.	To	generalize	this	expression,	notice	that	for	a	plane	(hkl)	with	hx	+	ky	+	lz	=	a,	the	distance	from	any	point
(x1,	y1,	z1)	to	this	plane	is:	d	hkl	=	hx	1	k	y	1	lz1	a	h	2	2	k	l	1	2	2	(2.13)	Hence	when	that	point	is	at	origin	(0,	0,	0)	we	find	Equation	2.12	back.	◾	Example	2.1:	With	a	=	5	Å,	we	find	d	=	a	=	5	Å	for	(100)	planes	and	d	=	a/	2	=	3.535	Å	for	(110)	planes.	Because	a,	b	=	|a||b|	cos	θ	the	angle	between	plane	(h1,	k1,	l1)	and	plane	(h2,	k2,	l2)	can	be
calculated	as:	cos	Q		(h1h	2	k	1k	2	l1l	2	)	2	1	h	k	12	l12	h	22	k	22	l	22	(2.14)	◾	Example	2.2:	The	angle	between	a	(100)	and	a	(111)	plane	is	cos	θ	=	1/	1	3	=	0.58	or	θ	=	54.74°.	X-Ray	Analysis	Introduction	X-ray	analysis	reveals	the	symmetries	of	crystals	(lattice	type),	distances	between	atomic	planes	(lattice	parameter),	the	positions	of	atoms	in
crystals,	the	types	of	atoms	from	the	intensities	of	diffracted	x-rays,	and	the	degree	of	crystallinity	(ordering).	To	perform	x-ray	crystallography,	it	is	necessary	to	grow	crystals	with	edges	of	around	0.1–0.3	mm.	This	is	usually	not	a	problem	for	inorganic	materials,	but	in	the	case	of	organic	materials,	such	as	proteins	(for	example,	see	the	crystal
structure	of	the	GFP	protein	in	Figure	7.108)	and	nucleic	acids	(see	x-ray	diffraction	image	in	Figure	2.17),	it	often	is	a	challenge:	imagine	trying	to	crystallize	a	molecule	with	10,000	atoms!	A	crystallographer	must	combine	ingenuity	and	patience	to	trick	these	molecules	into	crystallizing.	In	this	section	we	learn	about	diffraction	and	the	all-important
Bragg	and	Laue	x-ray	diffraction	laws	and	how	the	latter	are	used	to	deduce	the	3D	structure	of	molecules.	Fourier	Transforms	Diffraction	forms	the	basis	for	x-ray	crystallography.	The	first	step	toward	interpreting	diffraction	patterns	was	a	mathematical	trick	discovered	by	the	French	mathematician	Joseph	Fourier,	who	in	1807	introduced	Fourier
transforms	for	solving	heat	conduction	problems.	The	result	of	a	Fourier	transform	is	that	periodic	functions	in	the	time	domain,	e.g.,	light	waves,	can	be	completely	characterized	by	information	in	the	frequency	domain,	i.e.,	by	frequencies	and	amplitudes	of	sine,	cosine	functions.	Fourier	analysis	provides	us	with	the	tools	to	express	most	functions	as
a	superposition	of	sine	and	cosine	waves	of	varying	frequency.	For	periodic	signals	a	discrete	sum	of	sines/cosines	of	different	frequencies	is	multiplied	by	a	different	weighting	coefficient	in	a	so-called	Fourier	series	(FS).	For	nonperiodic	functions,	one	needs	a	continuous	set	of	frequencies	so	the	integral	of	sines/cosines	is	multiplied	by	a	weighting
function	in	a	so-called	Fourier	transform	(FT)	(Figure	2.15).	One	important	property	of	Fourier	transforms	is	that	they	can	be	inverted.	If	you	apply	a	Fourier	transform	to	some	function,	you	can	take	the	result	and	run	it	through	an	inverse	Fourier	transform	to	get	the	original	function	back.	The	inverse	Fourier	transform	is	essentially	just	another
Fourier	transform.	Fourier	and	inverse	Fourier	transforms,	which	take	the	signal	back	and	forth	between	time	and	frequency	domains,	are:	From	time	to	frequency:	X(f	)		1	d	°	x(	t	)	e	2P	2	Pift	d	From	frequency	to	time:	x(t	)		1	dt	(2.15)	d	°	X	(f	)	e	2P	d	2	Pift	df	(2.16)	48	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology	Fourier	series	Signal	Square	wave	A	t	0	A	Spectrum	(4A/)[cos(2ft)(1/3)cos(2(3f)t)	+(1/5)cos(2(5f)t)(1/7)cos(2(7f)t)	+...]	T	f	3f	5f	7f	9f	f	3f	5f	7f	9f	Triangular	wave	A	t	0	A	(8A/)[cos(2ft)+(1/9)cos(2(3f)t)	+(1/25)cos(2(5f)t)+...]	T	(a)	Signal	x(t)	Fourier	transform	X(f	)	Spectrum	Rectangular	pulse	A	A	t	0	/2	sin(f )	f 	/2	0	f	3f	5f	0	f	3f	5f
Triangular	pulse	A	0	A			t	sin(f )	2	f 	(b)	FIGURE	2.15	(a)	For	periodic	signals	a	discrete	sum	of	sines/cosines	of	different	frequencies	is	multiplied	by	a	different	weighing	coefficient	in	a	so-called	Fourier	series	(FS).	(b)	For	nonperiodic	functions,	one	needs	a	continuous	set	of	frequencies	so	the	integral	of	sines/cosines	is	multiplied	by	a	weighting
function	in	a	so-called	Fourier	transform	(FT).	In	Chapter	5	we	will	see	that	the	formation	of	an	image,	according	to	Abbe’s	theory,	is	a	two-stage,	double-diffraction	process:	an	image	is	the	diffraction	pattern	of	the	diffraction	pattern	of	an	object.	In	x-ray	diffraction	there	is	no	lens	to	focus	the	x-rays,	so	we	have	to	use	a	computer	to	reassemble	the
image:	the	x-ray	diffraction	patterns	from	a	crystal	are	related	to	the	object	diffracting	the	waves	through	a	Fourier	transform.	Fourier	transforms	are	actually	even	more	general	than	revealed	here:	a	FT	allows	for	a	description	given	in	one	particular	“space”	to	be	transformed	to	a	description	in	the	reciprocal	of	that	space,	and	time-frequency
transformation	is	just	one	example.	It	is	interesting	to	note	that	strong	criticism	by	peers	blocked	publication	of	Fourier’s	work	until	1822	(Theorie	Analytique	De	La	Chaleur).	Today,	Fourier	analysis	is	used	in	GSM	(global	system	for	mobile	communications)/cellular	phones,	most	DSP	(digital	signal	processing)-based	applications,	music,	audio,
accelerator	control,	image	processing,	x-ray	spectrometry,	chemical	analysis	(FT	spectrometry),	radar	design,	PET	scanners,	CAT	scans	and	MRI,	speech	analysis	(e.g.,	voice-activated	“devices,”	biometry),	and	even	stock	market	analysis.	X-Ray	Diffraction	Introduction	Wilhelm	Conrad	Roentgen	discovered	x-rays	in	1895	and	received	the	Nobel	Prize
in	Physics	in	1901	for	his	discovery.	X-rays	are	scattered	by	the	electrons	in	atoms	because	electromagnetic	radiation	(including	x-rays)	interacts	with	matter	through	its	fluctuating	electric	field,	which	accelerates	charged	particles.	You	can	think	of	electrons	oscillating	in	position	and,	through	their	accelerations,	re-emitting	electromagnetic
radiation.	The	scattered	radiation	Crystallography	interferes	both	constructively	and	destructively,	producing	a	diffraction	pattern	that	can	be	recorded	on	a	photographic	plate.	For	x-rays,	electrons,	and	neutrons	incident	on	a	single	crystal,	diffraction	occurs	because	of	interference	between	waves	scattered	elastically	from	the	atoms	in	the	crystal.
Intensity	of	scattered	radiation	is	proportional	to	the	square	of	the	charge/mass	ratio,	and	the	proton	is	about	2000	times	as	massive	as	the	electron.	Because	electrons	have	a	much	higher	charge-to-mass	ratio	than	atomic	nuclei	or	even	protons,	they	are	much	more	efficient	in	this	process.	With	x-rays	the	interaction	is	with	the	electron	mantle	of	the
atoms.	In	the	case	of	electron	beams,	say	in	an	electron	microscope,	scattering	is	from	both	the	electron	mantle	and	the	atom	nuclei,	and	neutrons	interact	with	the	nucleus	only.	The	final	result	of	a	crystallographic	experiment	is	not	a	picture	of	the	atoms,	but	a	map	of	the	distribution	of	electrons	in	the	molecule,	i.e.,	an	electron	density	map	(Figure
2.16).	Because	the	electrons	are	mostly	tightly	localized	around	the	nuclei,	the	electron	density	map	gives	us	a	pretty	good	picture	of	the	molecule.	As	we	do	not	have	a	lens	we	do	not	get	the	electron	density	map	directly;	the	x-ray	diffraction	patterns	from	a	crystal	are	related	to	the	object	diffracting	the	waves	through	a	Fourier	transform.	If	one
thinks	of	electron	density	as	a	mathematical	function:	ρ(x,	y,	z)	(2.17)	49	with	x,	y,	z	indices	for	real	space,	then	the	diffraction	pattern	is	the	Fourier	transform	of	that	electron	density	function	and	given	as:	F(hkl)	=	T[ρ(x,	y,	z)]	(2.18)	where	F(hkl)	is	the	structure	factor	(a	scattered	wave,	therefore	a	complex	number	with	amplitude	and	phase)	with	hkl
indices	in	reciprocal	space,	and	T	is	the	forward	Fourier	transform	of	ρ(x,	y,	z).	As	we	saw	in	Equation	2.16,	the	reverse	relationship	holds	also,	namely:	ρ(x,	y,	z)	=	T	−1	{T[ρ(x,	y,	z)]}	(2.19)	where	T	−1	is	the	inverse	Fourier	transform.	This	expression	tells	us	that	the	inverse	Fourier	transform	of	the	Fourier	transform	of	an	object	is	the	original
object.	The	latter	is	a	rewording	of	Abbe’s	treatment	of	image	generation	as	presented	in	Chapter	5.	The	intensity	in	an	x-ray	diffraction	photograph	is	the	square	of	the	amplitude	of	the	diffracted	waves,	|F(X)|2,	or	the	recorded	diffraction	pattern	of	an	object	is	the	square	of	the	Fourier	transform	of	that	object.	In	a	diffraction	pattern,	each	point
arises	from	the	interference	of	rays	scattered	from	all	irradiated	portions	of	the	object.	To	determine	the	image,	one	must	measure	or	calculate	the	structure	factor	F(X)	at	many	or	all	points	of	the	diffraction	pattern.	Each	F(X)	is	described	by	an	amplitude	and	a	phase,	but	in	recording	the	intensity	of	the	diffracted	x-rays,	the	phase	information	is	lost.
This	is	referred	to	as	the	phase	problem.	X-ray	phases	could	be	obtained	directly	if	it	were	possible	to	rediffract	(focus)	the	scattered	rays	with	an	x-ray	lens	to	form	an	image;	unfortunately,	an	x-ray	lens	does	not	exist.	With	x-rays	we	can	thus	detect	diffraction	from	molecules,	but	we	have	to	use	a	computer	to	reassemble	an	image	as	shown	in	Figure
2.16.	The	process	is	summarized	in	Figure	2.17.	We	will	now	learn	how	the	x-ray	diffraction	pattern,	F(X),	comes	about	and	how	the	expected	intensities	in	the	diffraction	pattern	are	calculated	to	solve	Equation	2.19,	i.e.,	how	to	reconstitute	the	image	that	led	to	the	measured	x-ray	diffraction	pattern.	Bragg’s	Law	FIGURE	2.16	Electron	density	map
of	adenosine	triphosphate	(ATP).	In	1913	W.H.	and	W.L.	Bragg	(a	father	and	son	team)	proposed	that	the	condition	for	constructive	50	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	FIGURE	2.17	With	x-rays,	we	can	detect	diffraction	from	molecules,	but	we	have	to	use	a	computer	to	reassemble	the	electron
density/molecular	structure	image.	specular	reflection	of	x-rays	from	a	set	of	crystal	planes	separated	by	a	distance	dhkl	could	be	represented	as:	2dhkl	sin	θ	=	nλ	(2.20)	This	expression	basically	tells	us	that	constructive	interference	of	waves	reflected	by	successive	crystal	planes	occurs	whenever	the	path	difference	(2dhklsin	θ)	is	an	integral
multiple	(n)	of	the	wavelength	λ.	Also,	for	each	(hkl)	family	of	planes,	x-rays	will	only	diffract	at	one	angle	θ.	The	integer	n	is	known	as	the	order	of	the	corresponding	reflection.	Because	Bragg	reflection	can	only	occur	for	λ	≤	2d,	one	needs	x-rays	with	wavelengths	in	the	Ångstrom	range	to	resolve	crystal	planes.	The	Bragg	equation	is	easily	derived
from	an	inspection	of	Figure	2.18.	Bragg’s	law	is	a	result	of	the	periodicity	of	the	lattice	with	the	atoms	in	the	crystal	basis	controlling	the	relative	intensity	of	the	various	orders	(n)	of	diffraction	from	a	set	of	parallel	(hkl)	planes.	This	basic	equation	is	the	starting	point	for	understanding	crystal	diffraction	of	x-rays,	electrons,	neutrons,	and	any	other
particles	that	have	a	de	Broglie	wavelength	Incident	beam	Reflected	beam			Upper	plane		(Chapter	3)	less	than	the	interatomic	spacing.	Although	the	reflection	from	each	plane	is	specular,	only	for	certain	values	of	θ	will	the	reflections	from	all	planes	add	up	in	phase	to	give	a	strong	reflected	beam.	Each	plane	reflects	only	10	−3	to	10−5	of	the
incident	radiation,	i.e.,	it	is	not	a	perfect	reflector.	Hence,	103	to	105	planes	contribute	to	the	formation	of	the	Bragg-reflected	beam	in	a	perfect	crystal.	The	composition	of	the	basis	determines	the	relative	intensity	of	the	various	orders	of	diffraction.	Laue	Equations	In	1912	von	Laue	predicted	that	diffraction	patterns	of	x-rays	on	crystals	would	be
entirely	analogous	to	the	diffraction	of	light	by	an	optical	grating.*	In	the	von	Laue	approach	there	is	no	ad	hoc	assumption	of	specular	reflection,	as	in	the	case	of	Bragg’s	law.	Instead,	this	more	general	approach	considers	a	crystal	as	composed	of	sets	of	ions	or	atoms	at	the	sites	of	a	Bravais	lattice	that	reradiate	the	incoming	x-rays.	For	both	optical
gratings	and	crystals	only	the	repeat	distances	of	the	periodic	structure	and	the	wavelength	of	the	radiation	determine	the	diffraction	angles.	Let	us	inquire	first	into	the	interference	conditions	for	waves	originating	from	different	but	identical	atoms	in	a	single	row—the	one-dimensional	diffraction	case.	The	scattering	atoms	in	a	line	form	secondary,
coherent	x-ray	sources	(scattering	from	two	atoms	is	shown	in	Figure	2.19).	d	Lower	plane	*	d	sin		FIGURE	2.18	Schematic	used	to	derive	the	Bragg	equation.	We	will	encounter	the	diffraction	of	light	by	an	optical	grating	again	in	Volume	II,	Chapter	1	on	photolithography,	where	we	discuss	patterning	of	a	photoresist	with	UV	light,	using	a	mask	with
a	grating	structure	on	it.	51	Crystallography	the	lattice	points	(see	Figure	2.20).	Because	crystals	are	periodic	in	three	directions,	the	Laue	equations	in	3D	are	then:	a1(cos	A	cos	A	0	)		e	L	a	2	(cosB	cosB0	)		f	L	a	3	(cos	G	cos	G	0	)		g	L	FIGURE	2.19	Two	scattering	atoms	act	as	coherent	secondary	sources.	Constructive	interference	will	occur	in	a
direction	such	that	contributions	from	each	lattice	point	differ	in	phase	by	2π.	This	is	illustrated	for	the	scattering	of	an	incident	x-ray	beam	by	a	row	of	identical	atoms	with	lattice	spacing	a1	in	Figure	2.20.	The	direction	of	the	incident	beam	is	indicated	by	wave	vector	k0	or	the	angle	α0,	and	the	scattered	beam	is	specified	by	the	direction	of	k	or	the
angle	α.	Because	we	assume	elastic	scattering,	the	two	wave	vectors	k0	and	k	have	the	same	magnitude,	i.e.,	2π/λ	but	with	differing	direction.	A	plane	wave*	eik.r	is	constant	in	a	plane	perpendicular	to	k	and	is	periodic	parallel	to	it,	with	a	wavelength	λ	=	2π/k	(see	Appendix	2A).	The	path	difference	A1B	−	A2C	in	Figure	2.20	must	equal	eλ	with	e	=
0,	1,	2,	3,	….	For	a	fixed	incident	x-ray	with	wavelength	λ	and	direction	k,	and	an	integer	value	of	e,	there	is	only	one	possible	scattering	angle	α	defining	a	cone	of	rays	drawn	about	a	line	through	k0	For	constructive	interference	from	a	three-dimensional	lattice	to	occur,	the	three	equations	above	must	all	be	satisfied	simultaneously,	i.e.,	six	angles	α,
β,	γ,	a,	α0,	β0,	and	γ0;	three	lattice	lengths	a1,	a	2,	and	a	3;	and	three	integers	(e,	f,	and	g)	are	fixed.	Multiplying	both	sides	of	Equation	2.21	with	2π/λ	and	rewriting	the	expression	in	vector	notation	we	obtain:	a1	–	(k	k	0	)		2Pe	a	2	–	(k	k	0	)		2Pf	(2.22)	a	3	–	(k	k	0	)		2Pg	with	a1,	a	2,	and	a	3	being	the	primitive	vectors	of	the	crystal	lattice.	When	two	of
the	conditions	in	Equation	2.22	are	met,	one	entire	plane	array	scatters	in	phase.	This	is	depicted	in	Figure	2.21,	where	two	cones	of	allowed	diffracted	rays	are	depicted.	The	two	conditions	are	met	simultaneously	only	in	two	directions	along	which	the	cones	intersect.	To	satisfy	all	three	Laue	equations	simultaneously,	the	diffracted	beam	can	only
have	one	allowed	direction	because	three	cones	can	mutually	intersect	along	only	one	line.	C	0	A2	A1	k	k					a1		B	k	FIGURE	2.20	Scattering	of	an	incident	x-ray	beam	(incident	direction	is	k0)	by	a	row	of	identical	atoms	with	lattice	spacing	a1.	The	scattered	beam	is	specified	by	the	direction	k.	The	path	difference	A1B	−	A2C	must	equal	eλ,	with	e	=
0,1,2,3,....	(Drawing	by	Mr.	Chengwu	Deng.)	*	(2.21)	The	complex	exponential	representation	for	periodic	functions	is	convenient	for	adding	waves,	taking	derivatives	of	wave	functions,	and	so	on.	It	is	equivalent	to	a	linear	combination	of	a	sine	and	cosine	function,	because	eiθ	=	cosθ	+	i	sinθ	(Euler)	(see	also	Appendix	2A).	a			k	a	FIGURE	2.21	Each
Laue	condition	produces	a	cone	of	allowed	rays.	In	a	plane	array	the	entire	plane	scatters	in	phase	in	two	directions.	These	two	directions	are	along	the	intersection	of	the	two	cones.	(Drawing	by	Mr.	Chengwu	Deng.)	52	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	k	k	=	k	–	k0		Reflecting	plane		–k0	FIGURE
2.22	Max	von	Laue	(1897–1960).	If	we	further	define	a	vector	Δk	=	k	−	k0,	Equation	2.22	simplifies	to:	a1	–	$k		2Pe	a	2	–	$k		2Pf	(2.23)	a	3	–	$k		2Pg	Dealing	with	12	variables	for	each	reflection	simultaneously	[six	angles	(α,	β,	γ,	a,	α0,	β0,	and	γ0),	three	lattice	lengths	(a1,	a	2	and	a	3),	and	three	integers	(e,	f,	and	g)]	is	a	handful;	this	is	the	main
reason	why	the	Laue	equations	are	rarely	referred	to	directly,	and	a	simpler	representation	is	used	instead.	The	reflecting	conditions	can	indeed	be	described	more	simply	by	the	Bragg	equation.	Historically,	von	Laue	(Figure	2.22)	developed	his	equations	first;	it	was	one	year	after	his	work	that	the	father	and	son	team	William	Henry	and	William
Lawrence	Bragg	(Figure	2.23)	introduced	FIGURE	2.24	In	case	of	mirror-like	Bragg	reflection,	the	vector	∆k,	the	summation	of	the	unit	vectors	representing	incoming	(k0)	and	reflected	rays	(k),	is	normal	to	the	plane	that	intersects	the	2θ	angle	between	them.	(Drawing	by	Mr.	Chengwu	Deng.)	the	simpler	Bragg’s	law.	Max	von	Laue	and	the	Braggs
received	the	Nobel	Prize	in	Physics	in	1914	and	1915,	respectively.	Further	below	we	will	learn	that	constructive	interference	of	diffracted	x-rays	will	occur	provided	that	the	change	in	wave	vector,	Δk	=	k	−	k0,	is	a	vector	of	the	reciprocal	lattice.	Bragg’s	law	is	equivalent	to	the	Laue	equations	in	one	dimension	as	can	be	appreciated	from	an
inspection	of	Figures	2.24	and	2.25,	where	we	use	a	two-dimensional	crystal	for	simplicity.	Suppose	that	vector	Δk	in	Figure	2.24	satisfies	the	Laue	condition;	because	incident	and	scattered	waves	have	the	same	magnitude	(elastic	scattering),	it	follows	that	incoming	(k0)	and	reflected	rays	(k)	make	the	same	angle	θ	with	the	plane	perpendicular	to
Δk.								a	a						a	a	FIGURE	2.23	Father	and	son	Bragg:	Sir	William	Henry	and	William	Lawrence	Bragg.	FIGURE	2.25	Connecting	Bragg's	law	with	Laue	equations	and	Miller	indices.	(Drawing	by	Mr.	Chengwu	Deng.)	Crystallography	53	The	magnitude	of	vector	Δk,	from	Figure	2.24,	is	then	given	as:	$k		2k	sin	Q	(2.24)	We	now	derive	the	relation
between	the	reflecting	planes	to	which	Δk	is	normal	and	the	lattice	planes	with	a	spacing	dhkl	(see	Figure	2.25	and	Bragg’s	law	in	Equation	2.20).	The	normal	unit	vector	nˆ	hk	and	the	interplanar	spacing	dhk	in	Figure	2.25	characterize	the	crystal	planes	(hk).	From	Equation	2.23	we	deduce	that	the	direction	cosines	of	Δk,	with	respect	to	the
crystallographic	axes,	are	proportional	to	e/a1,	f/a2,	and	g/a3	or:	e/a1:f/a	2:g/a3	(2.25)	From	the	definition	of	the	Miller	indices,	an	(hkl)	plane	intersects	the	crystallographic	axes	at	the	points	a1/h,	a2/k,	and	a3/l,	and	the	unit	vector	nˆ	hkl	,	normal	to	the	(hkl)	plane,	has	direction	cosines	proportional	to:	h/a1,	k/a	2,	and	l/a3	(2.26)	Comparing	Equations
2.25	and	2.26	we	see	that	Δk	and	the	unit	normal	vector	nˆ	hkl	have	the	same	directions;	all	that	is	required	is	that	e	=	nh,	f	=	nk,	and	g	=	nl,	where	n	is	a	constant.	The	factor	n	is	the	largest	common	factor	of	the	integers	e,	f,	and	g	and	is	itself	an	integer.	From	the	above,	Laue’s	equations	can	also	be	interpreted	as	reflection	from	the	h,k,l	planes.
From	Figure	2.25	it	can	be	seen	that	the	spacing	between	the	(hk)	planes,	and	by	extension	between	(hkl)	planes,	is	given	as*:	d	hkl		nˆ	hkl	–	a1	nˆ	–	a	nˆ	–	a		hkl	2		hkl	3	h	k	l	(2.27)	Because	Δk	is	in	the	direction	of	the	normal	nˆ	hkl	and	comes	with	a	magnitude	given	by	Equation	2.24,	we	obtain	Bragg’s	law	from	the	Laue’s	equations	as:	a1	–	$k		a1	–
nˆ	hkl	2k	sin	Q		2Pe	(2.28)	or:	hd	hkl	*	4P	sin	Q		2Pe	L	(2.29)	Notice	that	in	the	case	of	a	cubic	crystal,	Equation	2.27	can	be	simplified	to	give	the	distance	between	planes	as	in	Equation	2.12.	FIGURE	2.26	Sodium	deoxyribose	nucleate	from	calf	thymus.	(Structure	B,	Photo	51,	taken	by	Rosalind	E.	Franklin	and	R.G.	Gosling.)	Linus	Pauling’s
annotations	are	to	the	right	of	the	photo	(May	2,	1952).	and	with	e	=	nh:	2d	hkl	sin	Q		nL	(2.30)	In	the	Bragg	equation	we	treat	x-ray	diffraction	from	a	crystal	as	a	reflection	from	reciprocal	lattice	planes	rather	than	scattering	from	atoms.	This	construction	has	fewer	variables	than	the	Laue	equations	because	reflections	are	wholly	represented	in	two
dimensions	only.	In	Figure	2.26	we	reproduce	what	is	possibly	the	most	famous	x-ray	diffraction	photograph.	It	was	this	photograph—photo	51	of	DNA	taken	by	Rosalind	Franklin	and	R.G.	Gosling—that	convinced	Watson	and	Crick	that	the	DNA	molecule	was	helical.	The	discovery	of	the	double	helix	followed	soon	after,	as	well	as	an	enduring
controversy	that	Franklin	probably	did	not	get	the	credit	she	deserved	in	the	elucidation	of	the	DNA	structure.	X-Ray	Intensity	and	Structure	Factor	F(hkl)	So	far	we	have	considered	only	the	condition	for	diffraction	from	simple	lattices	for	which	only	corner	points	of	the	unit	cell	are	occupied.	The	intensity	of	a	beam	diffracted	from	an	actual	crystal
will	depend	on	the	grouping	of	atoms	in	the	unit	cell	and	on	the	scattering	power	of	these	atoms.	In	this	section	we	discuss	the	intensity	and	phase	of	the	diffracted	rays	and	the	structure	factor,	F(hkl).	If	we	treat	the	incident	x-ray	waves	as	plane	waves	and	the	atoms	as	ideal	point	scatterers,	the	scattered	waves	are	spherical	waves	(Figure	2.19)
close	to	the	source,	i.e.,	nearfield	or	Fresnel	diffraction	patterns	form	at	finite	54	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	distances	from	the	crystal	and	Fraunhofer	diffraction	patterns	at	infinity	(far-field).	In	a	typical	x-ray	diffraction	experiment,	a	Fraunhofer	diffraction	pattern	is	registered	at	about	50
to	150	mm	behind	the	specimen.	This	distance	is	relatively	large	compared	to	the	size	of	the	diffracting	crystal	unit	cell	(~1–50	nm	in	dimension)	and	the	wavelength	of	the	incident	radiation	(typically	1.54178	Å	for	Cu	Kα	and	0.71073	Mo	Kα).	Thus,	x-ray	diffraction	methods	provide	a	direct	way	to	display	the	decomposition	of	x-rays	in	component
waves	(frequencies),	and	for	this	reason	x-ray	diffraction	may	be	called	spatial	frequency	spectrum	analysis	or	harmonic	analysis.	Near-field	and	far-field	optics	are	compared	in	more	detail	in	Chapter	5.	The	number	of	scattered	x-ray	photons	picked	up	by	the	detector	results	in	an	intensity	proportional	to	the	square	of	the	amplitude	(peak	height)	of
the	diffracted	waves.	The	scattering	intensity	depends	on	the	number	and	distribution	of	electrons	associated	with	the	scattering	atoms	in	the	basis,	i.e.,	the	structure	factor	F(hkl).	The	phase	of	the	diffracted	rays	is	the	relative	time	of	arrival	of	the	scattered	radiation	at	a	particular	point	in	space,	say	at	the	emulsion	of	a	photographic	film.	The	phase
information	is	lost	when	the	x-ray	diffraction	pattern	is	recorded	on	the	film—one	could	say	that	the	film	integrates	intensity	over	time—in	other	words,	we	cannot	measure	x-ray	phases	directly.	When	using	a	lens	such	as	in	a	microscope,	light	first	strikes	the	imaged	object	and	is	diffracted	in	various	directions.	The	lens	then	collects	the	diffracted
rays	and	reassembles	them	to	form	an	image.	The	phase	problem	is	a	major	concern	in	structure	analysis	as	we	need	both	intensity	and	phase	to	feed	into	the	Fourier	transform.	Today	several	techniques	exist	to	regenerate	the	lost	phase	information	of	x-ray	diffraction,	but	the	topic	falls	outside	the	scope	of	this	book.	We	need	to	extract	the	structure
factor	F(hkl)	from	the	intensities	and	phase	of	the	diffraction	spots	and	then	do	an	inverse	Fourier	transform	(T	−1)	to	obtain	the	crystal	structure/electron	density	function,	ρ(x,	y,	z)	(see	Figure	2.17).	We	now	mathematically	derive	the	intensity	profile	of	x-rays	scattered	from	a	crystal.	The	result,	as	Laue	predicted,	is	the	same	as	for	visible	light
diffracted	from	an	optical	grating.	When	an	incident	B	p	q	r	k0	k	A	FIGURE	2.27	Scattering	of	x-rays	from	two	nearby	atoms	A	and	B	with	identical	scattering	density.	(Drawing	by	Mr.	Chengwu	Deng.)	x-ray	beam	travels	inside	a	crystal,	we	assume	that	the	beam	is	not	much	influenced	by	the	presence	of	the	crystal;	in	other	words,	the	refractive	index
for	x-rays	is	close	to	unity,	and	there	is	not	much	loss	of	energy	from	the	beam	through	scattering,	i.e.,	elastic	scattering	dominates!	With	reference	to	Figure	2.27,	we	assume	two	parallel	plane	x-ray	waves	of	wavelength	λ	and	frequency	v	(hence	velocity	c	=	λv),	scattered	elastically	from	two	nearby	atoms	A	and	B	of	identical	scattering	density.	The
wave	vector	for	the	incoming	wave	is	k0	and	that	of	the	diffracted	beam	is	k.	Because	we	assume	elastic	scattering:	|k0|	=	|k|	=	k	=	2π/λ	(2.31)	Scattering	atom	A	is	at	the	origin,	and	scattering	atom	B	is	at	a	distance	r	away	from	the	origin.	The	path	difference,	or	phase	factor,	between	the	waves	can	be	calculated	from	Figure	2.27	as:	p	+	q	=	r·(k	−
k0)	=	r·Δk	(2.32)	The	equations	for	the	wave	amplitudes	are	(for	those	readers	less	familiar	with	wave	equations,	consult	Appendix	2A	for	more	details):	Af	i(	k0	–l	A	W	–t	)	e	lA	(2.33)	Af	i(	k0	–lB	W	t	r	–	$k	)	e	lB	(2.34)	Y	!	(	x	,	t)		and:	Y	"	(	x	,	t)		where	A	is	the	amplitude	and	f	is	the	atomic	scattering	factor	defined	as	the	ratio	of	the	amplitude	of	an
electromagnetic	wave	scattered	by	atom	A	and	that	55	Crystallography	of	a	wave	scattered	by	a	free	electron.	The	position	of	the	detector	with	respect	to	atom	A	is	given	by	lA	,	and	the	position	of	the	detector	relative	to	atom	B	is	lB.	The	product	r	⋅	Δk	is	the	phase	factor	we	calculated	in	Equation	2.32.	Generalizing,	an	x-ray	wave	scattered	from	the
jth	atom	in	a	crystal	is:	Af	j	i(k0	–lj	W	t	rj	–$k)	e	lj	9j		x,t		(2.35)	Assume	now	a	crystal	with	base	vectors	a1,	a	2,	and	a	3	and	a	total	number	of	atoms	along	each	axis	of	M,	N,	and	P,	respectively,	and	also	accept	that	there	is	only	a	single	atom	at	each	lattice	point	(i.e.,	fj	=	1),	then	the	amplitude	of	the	total	wave	will	be	proportional	to:	¤	9	(	x,t	)	t	F(h,k,l)
	i(rj	–	$k	)	all	atoms	M–1	where	r	j	is	the	position	of	scatterer	j	relative	to	scatterer	A,	and	lj	is	the	position	of	the	detector	with	respect	to	scatterer	j.	The	total	scattered	wave	amplitude	at	the	detector	is	the	sum	of	all	the	contributing	atoms:	9		x,t		e		N–1	P–1	¤	¤	¤e	m 0	n	0	i	¨ª(	ma1	+na	2	pa	3	)	–	$k	·¹	p0	after	rearrangement	we	obtain:	M–1	9	(	x,t	)	t
F(h,k,l)		¤e	N–1	ima1	–	$k	m 0	Af	j	i(k0	–lj	W	t)	i(rj	–$k)	e	e	all	atoms	lj	¤e	P–1	ina	2	–	$k	n	0	¤e	ipa	3	–	$k	p0	¤	A	i(k0	–L	W	t)	e	L	(2.38)	(2.36)	¤	f	je	i(rj	–	$k	)	all	atoms	For	a	small	sample,	the	distances	lj	are	all	about	the	same	(the	crystal	is	small	compared	to	the	distance	between	it	and	the	detector),	so	in	Equation	2.36	we	can	replace	lj	with	L.
Constructive	and	destructive	interference	between	the	scattered	waves	that	reach	the	detector	is	the	result	of	the	sum	of	all	scatterers	and	the	scattering	vector,	Δk,	and	determines	where	the	detector	should	be	put.	The	term	F(hkl):	The	intensity	of	the	scattered	wave	is	the	square	of	the	wave	amplitude,	and	taking	the	value	of	one	of	the	sums	in
Equation	2.38	for	a	crystal	of	dimension	Ma1	in	the	direction	of	a1,	we	obtain:	M–1	¤e	m 0	ima1	–	$k		1	e	iM(a1	–	$k	)	1	e	i(a1	–	$k	)	and	I	t|	9	(	x,t)	|2	t	[1	e	–iM(a1	–	$k	)	][1	e	iM(a1	–	$k	)	]	[1	e	–i(a1	–	$k	)	][1	e	i(a1	–	$k	)	]	which	simplifies	to	(2.37)	It	2	e	–iM(a1	–	$k	)	e	iM(a1	–	$k	)	]	2	2	cos(Ma1	–	$k)		2	2	cos(a1	–	$k)	[2	e	–i(a1	–	$k	)	e	i(a1	–	$k	)	]	from
the	expression	2.36	for	the	wave	amplitude,	is	the	geometrical	structure	factor.	It	is	defined,	in	analogy	with	the	atomic	scattering	factor,	as	the	ratio	of	the	amplitude	of	the	wave	scattered	by	all	atoms	in	a	unit	cell	and	that	scattered	by	a	free	electron	for	the	same	incident	beam.	It	incorporates	the	scattering	of	all	atoms	of	the	unit	cell	and	sums	up
the	extent	to	which	interference	of	the	waves	scattered	from	atoms	within	the	basis	diminishes	the	intensity	of	the	diffraction	peaks.	So	even	if	the	Laue	condition	is	met,	the	structure	factor	may	be	zero	and	no	diffraction	will	be	observed.	In	the	case	that	there	is	only	one	type	of	atom	in	the	basis,	the	atomic	scattering	factor	fj	disappears	(fj	=	1)—
identical	atoms	have	identical	scattering	factors.	It	1	cos(Ma1	–	$k)	and	with	the	identity	1	cos(a1	–	$k)	F(hkl)		¤	f	je	i(rj	–	$k	)	all	atoms	cos	2x		cos	2	x	sin	2	x		1	2sin	2	x	¥1	´	sin	2	¦	Ma1	–	$k	µ	§2	¶	It	¥1	´	sin	2	¦	a1	–	$k	µ	§2	¶	(2.39)	This	is	the	same	result	as	the	light	intensity	profile	expected	from	an	M-slit	diffraction	grating	(see	Chapter	5	on
photonics).	If	M	is	large	(~108	for	a	macroscopic	crystal),	it	has	very	narrow,	intense	peaks.	Between	the	peaks	the	intensity	is	essentially	zero.	In	Figure	2.28	we	have	plotted	y	=	sin2Mx/sin2	x.	56	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	reciprocal	lattice	so	that	the	set	of	all	wave	vectors	Δk	yields	plane
waves	with	the	periodicity	of	a	given	Bravais	lattice.	From	the	above,	the	intensity	of	the	x-ray	diffraction	is:	y	¤	I	t	|F(X)|2		x=	x=0	x	=	2	This	function	is	virtually	zero	except	at	the	points	where	x	=	nπ	(n	is	an	integer	including	zero),	where	it	rises	to	the	maximum	value	of	M2.	The	width	of	the	peaks	and	the	prominence	of	the	ripples	are	inversely
proportional	to	M.	Remember	that	there	are	three	sums	in	Equation	2.38.	For	simplicity	we	only	evaluated	one	sum	to	calculate	the	intensity	in	Equation	2.39.	The	total	intensity	equals:	i(rj	–	$k	)	2	(2.41)	all	atoms	x	FIGURE	2.28	Graphical	presentation	of	y	=	sin2Mx/sin2x.	The	width	of	the	peaks	and	the	prominence	of	the	ripples	are	inversely
proportional	to	M.	f	je	So	what	we	measure	from	the	x-ray	film	is	intensity	I,	and	the	dependence	of	that	intensity	on	the	atomic	position	follows	from	the	Fourier	expansion	of	the	electron	density	function	in	Equation	2.17:	R(x,y,z)		¤	¤	¤	F(hkl)e	h	k	i(rj	–	$k	)	(2.42)	l	where	F(hkl)	is	the	coefficient	to	be	determined,	and	h,	k,	and	l	are	integers	over
which	the	series	is	summed.	Because	of	the	3D	periodicity,	a	triple	summation	is	required:	1	1	1	F(hkl)=	°	°	°	R(x,y,z)e	¥1	´	¥1	´	sin	¦	Ma1	–	$k	µ	sin	2	¦	Na	2	–	$k	µ	§2	¶	§2	¶	It	s	¥1	´	¥1	´	sin	2	¦	a1	–	$k	µ	sin	2	¦	a	2	–	$k	µ	§2	¶	§2	¶	2	¥1	´	sin	2	¦	Pa	3	–	$k	µ	§2	¶	s	¥1	´	sin	2	¦	a	3	–	$k	µ	§2	¶	i(rj	–	$k	)	dxdydz	(2.43)	0	0	0	(2.40)	so	that	the	diffracted
intensity	will	equal	zero	unless	all	three	quotients	in	Equation	2.40	take	on	their	maximum	values	at	the	same	time.	This	means	that	the	three	arguments	of	the	sine	terms	in	the	denominators	must	be	simultaneously	equal	to	integer	multiples	of	2π,	or	the	peaks	occur	only	when:	a1	–	$k		2Pe	a	2	–	$k		2Pf	a	3	–	$k		2Pg	These	are,	of	course,	the	familiar
Laue	equations.	As	we	will	see	below,	to	solve	for	the	wave	vector	Δk	it	is	very	convenient	to	introduce	the	concept	of	a	If	we	knew	all	the	F(hkl)	values,	we	could	calculate	the	electron	density,	and	vice	versa.	Unfortunately,	as	remarked	above,	Equation	2.42	requires	values	of	F(hkl),	but	the	measured	intensities	only	give	us	|F(hkl)|2.	The	apparent
impasse	is	known	as	the	phase	problem	and	arises	because	we	need	to	know	both	the	amplitude	and	the	phase	of	the	diffracted	waves	to	compute	the	inverse	Fourier	transform.	Reciprocal	Space,	Fourier	Space,	k-Space,	or	Momentum	Space	Introduction	The	crystal	lattice	discussed	above	is	a	lattice	in	real	space.	Practice	has	shown	the	usefulness	of
defining	a	lattice	in	reciprocal	space	for	the	interpretation	of	diffraction	patterns	of	single	crystals,	the	simple	reason	being	that	a	diffraction	pattern	reveals	the	reciprocal	lattice.	We	did	already	consider	some	reciprocal	features	when	we	introduced	the	Miller	indices,	which	are	derived	as	the	reciprocal	of	the	unit	cell	intercepts.	Because	the	lattice
distances	57	Crystallography	between	planes	are	proportional	to	the	reciprocal	of	the	distances	in	the	real	crystal	(i.e.,	they	are	proportional	to	1/dhkl),	the	array	is	called	a	reciprocal	lattice.	We	will	learn	in	this	section	that	the	condition	for	nonzero	intensity	in	scattered	x-rays	is	that	the	scattering	vector	Δk	=	k	−	k0	is	a	translation	vector,	Ghkl,	of
the	reciprocal	lattice,	i.e.,	Δk	=	Ghkl.	One	can	describe	a	reciprocal	lattice	the	same	way	we	describe	a	real	one,	but	one	must	keep	in	mind	that	in	one	case	the	points	are	the	position	of	real	objects	(atoms	or	the	base),	whereas	in	the	other	case	they	mark	the	positions	of	abstract	points—magnitude	and	direction	of	momentum.	Reciprocal	space,	also
called	Fourier	space,	k-space,	or	momentum	space,	plays	a	fundamental	role	in	most	analytical	studies	of	periodic	structures.	After	the	introduction	of	the	reciprocal	lattice	we	will	discuss	the	conditions	for	x-ray	diffraction	in	terms	of	such	a	lattice	and	end	with	an	introduction	to	Brillouin	zones.	The	concepts	introduced	here	are	not	only	needed	to
understand	x-ray	diffraction	better,	they	also	are	required	preparation	for	Chapter	3,	where	we	deal	with	band	theory	of	solids.	The	Reciprocal	Lattice	Graphical	Presentation	of	the	Reciprocal	Lattice	Before	introducing	a	reciprocal	lattice	mathematically,	let	us	learn	how	to	draw	one	as	we	demonstrate	in	Figure	2.29.	In	this	example	we	start	with	the
twodimensional	unit	cell	of	a	monoclinic	crystal	with	a1	and	a2	in	the	plane	of	the	paper.	The	figure	also	shows	the	edges	of	four	(hkl)	planes:	(100),	(110),	(120),	and	(010).	These	planes	all	are	perpendicular	to	the	face	of	the	paper.	To	construct	the	reciprocal	lattice	we	draw	from	a	common	origin	a	normal	to	each	plane.	Next	we	place	a	point	on	the
normal	to	each	plane	(hkl)	at	a	distance	2π/dhkl	from	the	origin.	Each	of	the	points	thus	obtained	maintains	the	important	features	of	the	stack	of	parallel	planes	it	represents.	The	direction	of	the	point	from	the	origin	preserves	the	orientation	of	the	planes,	and	the	distance	of	the	point	from	the	origin	preserves	the	interplanar	distance.	A	doubling	of
the	periodicity	in	real	space	will	produce	twice	as	many	diffraction	spots	in	reciprocal	space.	It	is	convenient	to	let	the	reciprocal	lattice	vector,	Ghkl,	be	2π	times	the	reciprocal	of	the	b	040	030	220	120	020	210	a	110	(110)	a2	010	300	200	(120)	100	(010)	c	(100)	a1	FIGURE	2.29	Graphical	construction	of	the	reciprocal	lattice.	(Drawing	by	Mr.
Chengwu	Deng.)	interplanar	distance,	dhkl.	This	convention	converts	the	units	from	periods	per	unit	length	to	radians	per	unit	length.	This	simplifies	comparison	of	different	periodic	phenomena,	e.g.,	a	crystal	lattice	and	light	that	interacts	with	it.	For	instance,	Δk,	the	wave	vector,	has	an	absolute	value	of	2π/λ.	If	we	choose	this	scaling	factor,	we	are
able	to	compare	the	two	values	directly,	and	all	it	really	does	in	our	drawing	is	to	expand	the	size	of	the	reciprocal	lattice.	Definition	of	the	Reciprocal	Lattice	Now	that	we	can	draw	a	reciprocal	lattice	in	2D,	let	us	define	what	a	reciprocal	lattice	is.	Imagine	a	set	of	points	R	constituting	a	Bravais	lattice	and	a	plane	wave,	eik·r,	interacting	with	that
lattice.	For	most	values	of	k,	a	plane	wave	will	not	have	the	periodicity	of	the	Bravais	lattice	of	points	R.	Only	a	very	special	*	*	*	set	of	the	wave	vectors,	G	hkl		h	–	a	1	k	–	a	2	l	–	a	3	,	of	the	reciprocal	lattice	satisfies	that	condition.	Mathematically,	Ghkl	belongs	to	the	reciprocal	lattice	of	points	R	of	the	Bravais	lattice,	if	the	relation:	e	iGhkl	–(r	+R	)		e
iGhkl	–r	(2.44)	holds	for	any	r,	and	for	all	R	in	the	Bravais	lattice.	From	Equation	2.44	it	follows	that	we	can	describe	58	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	the	reciprocal	lattice	as	the	set	of	wave	vectors	Ghkl	satisfying:	e	iGhkl	–R		1	R·	Δk	=	2πm	eiR	⋅	Δk	=	1	(2.47)	We	see	from	Equation	2.47	that	if
Δk	is	equal	to	any	reciprocal	lattice	vector	Ghkl,	then	the	Laue	equations	for	wave	diffraction	are	satisfied.	The	diffraction	condition	is	thus	simply:	Δk		G	hkl	(2.48)	or	from	Equation	2.23	(with	e	=	h,	f	=	k	and	g	=	l):	G	hkl	–	a1		2Ph	G	hkl	–	a	2		2Pk	(2.49)	G	hkl	–	a	3		2Pl	The	expression	Δk	=	Ghkl	can	be	represented	in	the	form	of	a	vector	triangle	as
illustrated	in	Figure	2.30.	Because	k	and	k0	are	of	equal	length,	i.e.	2π/λ,	the	triangle	O,	O’,	O’’	has	two	equal	sides.	The	angle	between	k	and	k0	is	2θ,	and	the	hkl	plane	dissects	it.	In	the	two-dimensional	reciprocal	lattice	shown	at	the	bottom	of	Figure	2.31,	the	Ghkl	vectors	give	the	outline	of	the	unit	cell.	Vector	a1*	=	G100	and	a3*	=	G	001	and:	2P
2P	and	a*3		d100	d001	(2.50)	O´	k0	O		k0	Bravais	lattice	a1	(002)		(001)	a3	(101)		Reciprocal	lattice	vectors	a1	=	G100	a3	=	G001	FIGURE	2.31	Reciprocal	lattice	vectors	a1*	=	G100	and	a3*	=	G001	in	a	monoclinic	unit	cell	and	their	relation	to	the	Bravais	lattice.	(Drawing	by	Mr.	Chengwu	Deng.)	The	angle	β*	between	the	reciprocal	lattice	vectors	in
Figure	2.31	is	the	complement	of	β	in	the	Bravais	lattice.	The	components	of	any	vector	referred	to	the	reciprocal	lattice	represent	the	Miller	indices	of	a	plane	whose	normal	is	along	that	vector,	whereas	the	spacing	of	the	plane	is	given	by	the	inverse	of	the	magnitude	of	that	vector	multiplied	by	2π.	For	example,	the	reciprocal	lattice	vector	u*	=
[123]	is	normal	to	the	planes	with	Miller	indices	(123)	and	has	an	interplanar	spacing	2π/|u*|.	Explicit	Algorithm	for	Constructing	the	Reciprocal	Lattice	We	can	write	out	the	change	in	wave	vector,	Ghkl	=	Δk	=	k	−	k0,	in	the	following	expression:	Ghkl	=	Δk	=	ea*1	+	fa*2	+	ga*3	(2.51)	where	e,	f,	and	g	are	the	integers	from	the	Laue	equations
(Equation	2.23)	and	a1*,	a2*	and	a3*	are	basis	vectors	of	the	reciprocal	lattice	to	be	determined.	Equation	2.51	is	a	solution	of	the	Laue	Equation	2.23	if	all	of	the	following	relations	are	satisfied:	a*1	–	a1		a*2	–	a	2		a*3	–	a	3		2P			(102)	(2.46)	with	integer	m.	Because	exp[i2π(integer)]	=	1,	this	can	be	written	in	the	equivalent	form:	(hkl)	plane	(101)
(2.45)	for	all	R	in	the	Bravais	lattice.	Because	lattice	scatterers	are	displaced	from	one	another	by	the	lattice	vectors	R,	the	condition	that	all	scattered	rays	interfere	constructively	is	that	the	Laue	equations	hold	simultaneously	for	all	values	of	Bravais	lattice	vectors	R,	or:	a*1		(100)	k	=	Ghkl	k	O˝	FIGURE	2.30	Vector	triangle	representation	of	∆k	=
Ghkl.	(Drawing	by	Mr.	Chengwu	Deng.)	a*1	–	a	2		a*2	–	a1		a*3	–	a	2		a*1	–	a	3		a*2	–	a	3		a*3	–	a1		0	(2.52)	From	Equation	2.52,	a*1	is	perpendicular	to	primitive	lattice	vectors	a	2	and	a	3	of	the	direct	lattice.	A	vector	Crystallography	59	TABLE	2.3	Bravais	Lattice	after	Fourier	Transform	Real	Space	Fourier	Space	Normals	to	the	planes	(vectors)
Spacing	between	planes	λ	is	distance,	wavelength	Points	2π/distance	planes	2π/λ	is	momentum	or	wave	number	Wigner-Seitz	cell	First	Brillouin	zone	(see	below)	that	is	perpendicular	to	a	2	and	a	3	is	given	by	the	vector	product	a	2	×	a	3.	To	construct	a*1	of	the	reciprocal	lattice	completely,	we	must	normalize	a	2	×	a	3	to	satisfy	the	expression	a*1	⋅
a1	=	2π.	All	the	equations	in	2.52	are	thus	satisfied	when	choosing:	2P	a	2	s	a	3	a1	–	a	2	s	a	3	2P	a	3	s	a1	a*2	y	a1	–	a	2	s	a	3	2P	a1	s	a	2	a*3	y	a1	–	a	2	s	a	3	a*1	y	Reflecting	planes	O˝	Ghkl	k		k0	O´	–Ghkl	O	FIGURE	2.32	The	reciprocal	lattice	and	the	geometry	of	diffraction	clarified	by	the	Ewald	sphere.	The	sphere	with	center	O	intersects	the
reciprocal	lattice	center	O’.	(Drawing	by	Mr.	Chengwu	Deng.)	(2.53)	The	denominators	have	been	written	the	same	way	because	of	the	property	of	the	triple	scalar	product:	a1	⋅	a	2	×	a	3	=	a	2	⋅	a	3	×	a1	=	a	3	⋅	a1	×	a	2.	The	magnitude	of	this	triple	product	is	the	volume	of	the	primitive	cell.	In	Table	2.3	we	summarize	the	properties	of	a	Bravais
lattice	before	and	after	a	Fourier	transform.	The	Ewald	Construction	The	Ewald	construction	is	a	way	to	visualize	the	Laue	condition	that	the	change	in	wave	vector,	Δk,	must	be	a	vector	of	the	reciprocal	lattice.	We	reconsider	for	a	moment	the	vector	representation	of	the	von	Laue	condition	Δk	=	Ghkl	represented	in	the	form	of	a	vector	triangle	in
Figure	2.30.	Because	k	and	k0	are	of	equal	length	(=	2π/λ)	the	triangle	O,	O’,	O’’	has	two	equal	sides,	and	we	can	draw	a	sphere	with	|k|	=	|k0|	=	2π/λ	as	illustrated	in	Figure	2.32.	The	angle	between	k	and	k0	is	2θ,	and	the	hkl	plane	dissects	it.	Diffraction	of	the	incoming	beam	represented	by	the	vector	k0	giving	the	vector	k	may	be	thought	of	as
reflection	from	the	dotted	line	in	this	diagram	(as	in	Bragg’s	Law).	We	will	now	see	that	with	Δk	=	Ghkl	the	diffraction	vector	corresponds	to	the	distance	between	planes	in	reciprocal	space.	We	thus	superimpose	an	imaginary	sphere	of	x-ray	radiation	on	the	reciprocal	lattice	as	illustrated	in	Figure	2.32.	Somewhat	confusingly,	one	might	consider	two
origins:	O,	which	is	the	center	of	the	sphere	and	may	be	considered	as	the	position	of	the	crystal,	is	the	source	of	the	secondary	beam	k,	and	O’	is	the	origin	of	reciprocal	space,	the	origin	of	the	diffraction	vector	Δk	=	Ghkl,	and	the	center	of	the	reciprocal	lattice.	As	the	crystal	rotates,	the	reciprocal	lattice	rotates	in	exactly	the	same	way.	Any	points	in
reciprocal	space	that	intersect	the	surface	of	the	sphere	reveals	where	diffraction	peaks	will	be	observed	if	the	structure	factor	is	nonzero.	In	other	words,	reflection	is	only	observed	if	the	sphere	intersects	a	point	where	Δk	=	Ghkl.	The	diffraction	angle,	θ,	is	then	half	the	angle	between	the	incident	and	diffracted	wave	vectors.	It	is	useful	to	think	of
the	crystal	at	the	center	of	the	Ewald	sphere	(O)	being	linked	to	the	center	(origin)	of	the	reciprocal	lattice	(O’)	by	something	like	a	bicycle	chain—the	two	“objects”	rotate	exactly	in	step	with	each	other.	The	Ewald	construction	also	makes	for	a	good	link	with	the	Brillouin	zones	discussed	in	the	next	section.	Notice	in	Figure	2.32	that	both	Ghkl	and
−Ghkl	are	vectors	in	reciprocal	space.	It	can	be	seen	that	a	reflecting	plane	bisects	the	vector	Ghkl	at	Ghkl/2	and	another	reflecting	plane	cuts	−Ghkl	at	−Ghkl/2.	The	incident	wave	vector	k0	starting	from	the	Ewald	circle’s	center	O	must	terminate	at	the	−Ghkl/2	reflecting	plane	for	60	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-
and	Nanotechnology	(a)	1.5	(b)	1.5	1.0	1.0	3	0.0	0.5	2	1	ky	ky	0.5	3	–0.5	0.0	2	1	–0.5	4	–1.0	–1.0	–1.5	–1.5	–1.0	–0.5	0.0	kx	0.5	1.0	1.5	–1.5	–1.5	–1.0	–0.5	4	0.0	kx	0.5	1.0	1.5	FIGURE	2.33	The	Brillouin	zones	for	(a)	a	square	2D	lattice	and	(b)	a	triangular	2D	lattice.	The	solid	circles	are	the	lattice	points,	and	the	dashed	lines	are	the	Bragg	lines.	The	first
four	Brillouin	zones	are	marked	with	different	gray	scales.	diffraction	to	occur.	This	observation	gives	rise	to	the	idea	of	using	the	reciprocal	lattice	to	construct	Brillouin	zones,	the	boundaries	of	which	satisfy	the	Laue	conditions	for	diffraction.	Bragg	planes	bisect	the	lines	joining	the	origin	to	points	of	the	reciprocal	lattice,	and	one	can	define	the
first	Brillouin	zone	as	the	set	of	points	that	can	be	reached	from	the	origin	without	crossing	any	other	Bragg	planes.	Recall	that	this	was	also	the	way	we	learned	how	to	construct	Wigner-Seitz	cells.	So	the	first	Brillouin	zone	is	the	Wigner-Seitz	cell	of	the	reciprocal	lattice.	Brillouin	Zones	Leon	Brillouin	(1889–1969)	was	a	French-American	physicist
who	was	a	professor	at	the	Sorbonne,	Collège	de	France,	Wisconsin,	Columbia,	and	Harvard.	He	also	worked	briefly	at	IBM.	In	the	previous	section	Lattice	real	space	Lattice	k-space	BCC	Wigner-Seitz	cell	BCC	BZ	(FCC	lattice	in	k-space)	FCC	Wigner-Seitz	cell	FCC	BZ	(BCC	lattice	in	k-space)	FIGURE	2.34	The	Wigner-Seitz	cell	of	BCC	lattice	in	real
space	transforms	to	a	Brillouin	zone	in	an	FCC	lattice	in	reciprocal	space,	whereas	the	Wigner-Seitz	cell	of	an	FCC	lattice	transforms	to	a	Brillouin	zone	of	a	BCC	lattice	in	reciprocal	space.	we	used	the	Ewald	sphere	(Figure	2.32)	as	a	way	to	introduce	the	important	concept	of	Brillouin	zones.	A	Brillouin	zone	is	defined	as	a	Wigner-Seitz	cell	in	the
reciprocal	lattice	and	gives	a	geometric	interpretation	of	the	diffraction	condition.	The	WignerSeitz	cell	of	the	reciprocal	lattice	is	the	set	of	points	laying	closer	to	Δk	=	0	than	to	any	other	reciprocal	lattice	point.	The	Brillouin	construction	exhibits	all	wave	vectors	k	that	can	be	Bragg	reflected	by	the	crystal.	The	constructions	divide	the	Fourier	space
into	zones,	out	of	which	the	first	Brillouin	zone	is	of	greatest	importance.	We	have	just	seen	that	x-ray	waves	traveling	in	a	crystal	lattice	undergo	Bragg	reflection	at	certain	wave	vectors.	The	first	Brillouin	zone	is	the	set	of	points	in	k-space	that	can	be	reached	from	the	origin	without	crossing	any	Bragg	reflection	plane.	The	second	Brillouin	zone	is
the	set	of	points	that	can	be	reached	from	the	first	zone	by	crossing	only	one	Bragg	plane.	The	nth	Brillouin	zone	can	be	defined	as	the	set	of	points	that	can	be	reached	from	the	origin	by	crossing	n	−	1	Bragg	planes,	but	no	fewer.	Each	Brillouin	zone	is	a	primitive	cell	of	the	reciprocal	lattice.	In	Figure	2.33	we	illustrate	the	first	four	Brillouin	zones	in
square	and	triangular	two-dimensional	Bravais	lattices.	For	examples	of	3D	WignerSeitz	cells,	corresponding	to	Brillouin	zones,	see	Figures	2.6	and	2.34.	Nothing	Is	Perfect	Even	a	crystal	having	a	mass	of	less	than	0.1	g	is	likely	to	have	more	than	1023	ions,	and	it	is	unrealistic	to	61	Crystallography	expect	that	the	growth	of	such	crystal	from	solution
can	lead	to	zero	impurities	or	imperfections.	Successive	purification	steps	may	remove	impurities,	but	even	in	the	purest	crystal,	thermodynamics	predicts	the	existence	of	some	structural	intrinsic	imperfections.	There	are	at	least	four	types	of	defects	one	distinguishes:	1)	point	defects	where	the	irregularity	in	structure	extends	over	only	a	few	atoms
in	size	(0D),	2)	linear	defects	where	the	irregularity	extends	across	a	single	row	of	atoms	(1D),	3)	planar	defects	with	an	irregularity	extending	across	a	plane	of	atoms	(2D),	and	4)	volumetric	defects	with	the	irregularity	taking	place	over	3D	clusters	of	atoms.	In	addition,	defects	can	be	categorized	as	either	intrinsic,	where	defects	are	induced
because	of	physical	laws,	and	extrinsic,	where	defects	are	present	because	of	the	environment	and/or	processing	conditions.	A	physical	law	imposing	the	presence	of	intrinsic	defects	in	a	crystal	is	the	minimization	of	the	Gibbs	free	energy	(G).	The	Gibbs	free	energy	is	higher	in	a	crystal	without	vacancies	than	one	with	vacancies	(G	=	H	−	TS	=
minimum).	This	is	because	defects	are	energetically	unfavorable	but	are	entropically	favorable.	Formation	of	vacancies	(n)	does	indeed	increase	the	enthalphy	H	of	the	crystal	because	of	the	energy	required	to	break	bonds	(ΔH	=	nΔHf	),	but	vacancies	also	increase	S	of	the	crystal	as	a	result	of	an	increase	in	configurational	entropy.	The
configurational	entropy	is	given	as:	S	=	klnW	(2.54)	where	W	is	the	number	of	microstates.	If	the	number	of	atoms	in	the	crystal	is	N	and	the	number	of	vacancies	is	n,	then	the	total	number	of	sites	is	n	+	N,	and	the	number	of	all	possible	microstates	W	may	be	calculated	from:	W	(N	n)!	n!N!	(2.55)	and	the	increase	in	entropy	ΔS	is	then	given	by:	$S	
klnW		kln	(N	n)!	n!N!	(2.56)	$G		n$Hf	T$S	(2.57)	H	=	nHf	G	of	a	perfect	crystal	G	=	H TS	neq	n	TS	FIGURE	2.35	Change	in	Gibbs	free	energy	G	of	a	crystal	as	a	result	of	the	number	of	vacancies	n.	This	expression	is	plotted	in	Figure	2.35.	It	can	be	seen	that	for	a	crystal	in	equilibrium,	vacancies	are	required	to	be	present	at	any	temperature	above	0
K.	The	equilibrium	concentration	neq	is	calculated	from:	u$G	0	un	n	neq	(2.58)	n	eq	¥	$Hf	´		exp		¦	§	kT	µ¶	N	(2.59)	or	we	obtain:	so	the	neq	should	increase	with	increasing	temperature.	For	Al,	ΔHf	=	0.70	eV/vacancy	and	for	Ni,	ΔHf	=	1.74	eV/vacancy,	leading	to	the	values	for	neq	/N	at	three	different	temperatures	as	shown	in	Table	2.4.	Defects,
even	in	very	small	concentrations,	can	have	a	dramatic	impact	on	the	properties	of	a	material.	Actually,	without	defects	solid-state	electronic	devices	could	not	exist,	metals	would	be	much	stronger,	ceramics	would	be	much	tougher,	and	some	crystals	would	have	no	color.	Vacancies	even	make	a	small	contribution	to	the	thermal	expansion	of	a	crystal.
Some	commonly	observed	defects	are	summarized	in	Table	2.5;	they	are	categorized	here	as	point	defects	(0D),	line	defects	(1D),	and	plane	defects	(2D).	The	simplest	sorts	of	defects	are	those	based	on	points	(0D).	In	Figure	2.36	we	review	point	defects,	including	vacancies,	interstitial	atoms,	small	and	TABLE	2.4	neq/N	Values	for	Al	and	Ni	at	Three
Different	Temperatures	neq/N	and	the	total	free	energy	change	as:	H	G	0K	300	K	−12	900	K	Al	0	1.45	10	1.12	10−4	Ni	0	5.59	10−30	1.78	10−10	62	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	2.5	Common	Defects	in	Crystals	Type	of	Imperfection	Description	Point	defects:	Interstitial	Extra	atom	in	an
interstitial	site	Schottky	defect	Frenkel	defect	Atom	missing	from	correct	site	Atom	displaced	to	interstitial	site	creating	nearby	vacancy	Line	defects:	Edge	dislocations	Screw	dislocations	Plane	defects:	Lineage	boundary	Grain	boundary	Stacking	fault	Row	of	atoms	marking	edge	of	a	crystallographic	plane	extending	only	part	way	in	crystal	Row	of
atoms	about	which	a	normal	crystallographic	plane	appears	to	be	spiral	Boundary	between	two	adjacent	perfect	regions	in	the	same	crystal	that	are	slightly	tilted	with	respect	to	each	other	Boundary	between	two	crystals	in	a	polycrystalline	solid	Boundary	between	two	parts	of	a	closest	packing	having	alternate	stacking	sequences	large
substitutional	atoms,	and	the	intrinsic	Frenkel	and	Schottky	defects.	A	missing	atom	is	a	vacancy;	a	dissimilar	atom	in	a	nonlattice	spot	is	an	interstitial;	and	a	different	atom	in	a	lattice	position	is	substitutional.	Vacancies	are	required	in	ionic	solids,	just	like	they	are	in	metals,	but	the	vacancies	must	be	formed	in	such	a	way	that	the	solid	remains
charge	neutral.	The	two	main	ways	(a)	(b)	(c)	–	+	–	+	(d)	(e)	+	–	+	–	–	–	+	+	–	+	–	+	–	+	+	–	+	–	(f	)	FIGURE	2.36	Point	defects:	vacancy	(a),	interstitial	atom	(b),	small	(c)	and	large	(d)	substitutional	atom,	Frenkel	(e),	and	Schottky	defect	(f).	to	create	point	defects	in	ionic	solids	without	causing	a	charge	imbalance	are	through	correlated	vacancies
(Schottky	defects,	for	the	German	who	described	them	in	1930)	and	through	correlated	vacancy/	interstitial	pairs	(Frenkel	defects,	for	the	Russian	who	first	described	them	in	1924).	Impurities,	such	as	dopants	in	single-crystal	Si	(see	Chapter	4),	are	atom(s)	of	a	type	that	do	not	belong	in	the	perfect	crystal	structure.	An	impurity	atom	in	a	pure
crystal	will	generally	raise	the	enthalpy	(H)	somewhat	and	increase	the	entropy	(S	=	klnW)	a	lot.	In	other	words,	there	will	always	be	some	impurities	present	for	the	same	reason	as	vacancies	form	in	a	pure	crystal.	When	doping	a	crystal	we	introduce	impurities	on	purpose	(see	Chapter	4),	perhaps	turning	the	material	into	an	extrinsic
semiconductor.	Because	of	defects,	metal	oxides	may	also	act	as	semiconductors.	Some	nonstoichiometric	solids	are	engineered	to	be	n-type	or	p-type	semiconductors.	Nickel	oxide	(NiO)	gains	oxygen	on	heating	in	air,	producing	Ni3+	sites	acting	as	electron	traps,	resulting	in	p-type	semiconductor	behavior.	On	the	other	hand,	ZnO	loses	oxygen	on
heating,	and	the	excess	Zn	metal	atoms	in	the	sample	are	ready	to	donate	electrons,	leading	to	n-type	semiconductor	behavior.	Color	centers	are	imperfections	in	crystals	that	cause	color.	The	simplest	color	center	is	found	in	sodium	chloride,	normally	a	colorless	crystal.	When	sodium	chloride	is	bombarded	with	high-energy	radiation,	a	Cl−	can	be
ejected,	creating	a	vacancy.	Momentarily	the	crystal	is	no	longer	electrically	neutral,	and	to	regain	stability,	it	grabs	an	available	electron	and	sticks	it	in	the	vacancy	previously	occupied	by	the	ejected	Cl−.	With	the	electron	replacing	the	ejected	Cl−,	there	are	now	equal	numbers	of	positive	and	negative	charges	in	the	crystal,	and	the	electron	is	held
firmly	in	its	site	by	the	surrounding	positively	charged	Na+	ions.	This	process	turns	the	colorless	salt	crystal	into	an	orange/brown.	These	electrons	are	color	centers,	often	referred	to	as	F-centers,	from	the	German	word	Farben,	meaning	color.	The	color	center	can	also	exist	in	an	excited	state,	and	the	energy	needed	to	reach	that	excited	state	is
equal	to	the	energy	of	a	visible	photon.	The	color	center	absorbs	a	“violet”	photon,	causing	a	jump	to	the	excited	state,	and	the	crystal	appears	with	the	color	orange/	brown	(the	complement	of	violet).	Analogous	color	Crystallography	63	FIGURE	2.37	Color	centers	in	some	well-known	minerals:	(a)	the	Dresden	green	diamond,	(b)	smoky	quartz,	and
(c)	amethyst	or	violet	quartz.	centers	occur	in	several	minerals.	For	example,	a	diamond	with	C	vacancies	(missing	carbon	atoms)	absorbs	light,	and	these	centers	lead	to	a	green	color	(Figure	2.37).	In	some	cases,	impurities	are	involved	in	forming	the	color	centers.	Replacement	of	Al3+	for	Si4+	in	quartz	gives	rise	to	the	color	of	smoky	quartz
(Figure	2.37).	An	iron	impurity	is	responsible	for	the	violet	color	in	amethyst	through	the	creation	of	a	color	center.	The	color	center,	not	the	iron	impurity,	is	responsible	for	absorbing	the	“yellow”	photon	that	makes	amethyst	violet	(Figure	2.37).	Line	defects	are	1D	imperfections	in	a	crystal	structure	in	which	a	row	of	atoms	has	a	local	structure	that
differs	from	the	surrounding	crystal.	These	defects	are	extrinsic	because	their	presence	is	not	required	by	thermodynamics.	They	are	created	by	material	processing	conditions	and	by	mechanical	forces	acting	on	the	material.	In	a	typical	material,	about	5	of	every	100	million	atoms	(0.000005%)	belong	to	a	line	defect.	Line	defects	or	dislocations	have
a	dramatic	impact	on	the	mechanical	properties	of	metals	and	some	ceramics.	Two	Hungarians,	Egon	Orowan	and	Michael	Polanyi,	and	an	Englishman,	G.I.	Taylor,	discovered	dislocations	in	1934.	As	we	will	see,	dislocations	really	govern	the	mechanical	properties	of	solids,	and	their	discovery	was	a	very	important	milestone	in	the	material	science
field.	There	are	two	pure	types	of	dislocations,	edge	dislocations	and	screw	dislocations,	but	sometimes	a	mixed	type	is	displayed.	An	edge	dislocation	is	the	simplest	type	of	dislocation	and	can	be	viewed	as	an	extra	half-plane	of	atoms	inserted	into	the	crystal.	This	plane	terminates	somewhere	inside	the	crystal.	The	boundary	of	the	half-plane	is	the
dislocation,	shown	in	Figure	2.38A.	A	screw	dislocation,	shown	in	Figure	2.38B,	is	a	dislocation	produced	by	skewing	a	crystal	so	that	one	atomic	plane	produces	a	spiral	ramp	about	the	dislocation.	A	mixed	dislocation	is	a	dislocation	that	contains	some	edge	components	and	some	screws	components	as	illustrated	in	Figure	2.38C.	Line	dislocations
cannot	terminate	inside	an	otherwise	perfect	crystal	but	do	end	at	a	crystal	surface,	an	internal	surface,	or	interface	(e.g.,	a	grain	boundary)	or	they	form	dislocation	loops.	Line	defects	are	mostly	caused	by	the	misalignment	of	ions	or	the	presence	of	vacancies	along	a	line.	When	lines	of	ions	are	missing	in	an	otherwise	perfect	array	of	ions,	an	edge
dislocation	appears.	Dislocations	are	visible	in	transmission	electron	microscopy	(TEM)	where	diffraction	images	of	dislocations	appear	as	dark	lines.	When	a	crystal	surface	is	etched	the	rate	of	material	removal	at	the	location	of	a	dislocation	is	faster,	and	this	results	in	an	etch	pit.	Symmetrical	strain	fields	of	edge	dislocations	produce	a	conical	pit,
whereas	for	a	screw	dislocation	a	spiral	etch	pit	results.	A	Burgers	vector	b	is	a	measure	of	the	magnitude	and	direction	of	a	dislocation.	Imagine	going	around	a	dislocation	line,	and	exactly	going	back	as	many	atoms	in	each	direction	as	you	have	gone	forward,	you	will	not	come	back	to	the	same	atom	where	you	have	started.	The	Burgers	vector
points	from	the	start	atom	to	the	end	atom	of	your	journey.	This	“journey”	is	called	Burgers	circuit	in	dislocation	theory.	A	Burgers	circuit	is	thus	a	clockwise	trace	around	the	core	of	a	dislocation,	going	from	lattice	point	to	lattice	point,	and	it	must	go	an	equal	number	of	steps	left	and	right	and	an	equal	number	64	Solid-State	Physics,	Fluidics,	and
Analytical	Techniques	in	Micro-	and	Nanotechnology	Screw	dislocation	(A)	x	b	y	(a)	(b)	(c)	x	(B)	b	y	Edge	dislocation	(a)	(b)	(c)	(C)	b	b	Edge	Screw	FIGURE	2.38	(A)	Edge	dislocation:	The	perfect	crystal	in	(a)	is	cut,	and	an	extra	plane	of	atoms	is	inserted	(b).	The	bottom	edge	of	the	extra	plane	is	an	edge	dislocation	(c).	A	Burgers	vector	b	is	required	to
close	a	loop	of	equal	atom	spacings	around	the	edge	dislocation.	(B)	Screw	dislocation:	The	perfect	crystal	(a)	is	cut	and	sheared	over	one	atom	spacing	(b	and	c).	The	line	along	which	shearing	occurs	is	a	screw	dislocation.	(C)	A	mixed	dislocation:	The	screw	dislocation	at	the	front	face	of	the	crystal	gradually	changes	to	an	edge	dislocation	at	the	side
of	the	crystal.	of	steps	up	and	down.	Referring	to	Figure	2.38A,	the	extra	half-plane	of	lattice	points	in	the	edge	dislocation	causes	the	Burgers	circuit	to	be	open.	The	vector	that	points	from	the	end	of	the	Burgers	circuit	to	its	beginning	is	shown	here	as	the	Burgers	vector,	b.	The	vector	always	points	from	one	lattice	point	to	another;	it	always	has	the
same	length	and	direction	for	a	given	dislocation,	regardless	where	the	circuit	starts.	For	an	edge	dislocation,	b	is	always	perpendicular	to	the	dislocation	line.	If	b	is	parallel	to	the	dislocation	line,	the	dislocation	is	a	screw	dislocation.	If	b	is	neither	perpendicular	nor	parallel	to	the	line,	a	mixed	dislocation	is	involved.	Plastic	deformation	of	a	material
refers	to	irreversible	deformation	or	change	in	shape	that	remains	even	when	the	force	or	stress	causing	it	is	removed,	whereas	elastic	deformation	is	deformation	that	is	fully	recovered	when	the	stress	causing	it	is	removed.	Before	the	discovery	of	dislocations,	materials	scientists	faced	a	big	theoretical	problem;	they	calculated	that	plastic
deformation	of	a	perfect	crystal	should	require	stresses	100	to	1000	times	higher	than	those	observed	in	tensile	tests!	So	the	problem	was	to	explain	why	metals	yielded	so	easily	to	plastic	deformation.	How	they	got	these	very	large	theoretical	numbers	can	be	understood	from	Figure	2.39.	Planes	of	atoms	in	a	crystal	slip	with	respect	to	each	other,	in
contrast	to	flow	in	a	fluid,	where	the	solid	remains	crystalline.	The	theoretical	maximal	shear	stress	or	yield	strength	(failure),	τmax,	needed	Crystallography	A	TABLE	2.6	Theoretical	Yield	Strengths	(Shear	and	Tensile)	of	Some	Important	Materials	d	Shear	Strength	(GPa)	Material	B	Metallic	Cu	NaCl	Quartz	Diamond	C			M	B	C	A	d/2	d	x	FIGURE	2.39
Calculation	of	the	theoretical	shear	stress	in	a	crystal.	to	produce	slip	in	an	ideal	crystal	is	calculated	from	the	type	and	strength	of	the	bonds	involved,	the	spacing	of	the	crystal,	d,	and	the	crystal	symmetry.	In	yield,	atoms	slide	tangentially	from	one	equilibrium	position	to	another.	Thus,	the	shear	stress,	τ,	is	a	periodic	function:	T		T	max	2P	x	sin	d	65
Tensile	Strength	(GPa)	1.2	2.84	4.4	121	3.9	0.43	16	205	Calculated	values	for	μ	are	in	the	range	of	1–150	GPa	(see	also	Table	2.6).	But	when	the	experiment	is	carried	out,	permanent	deformation	takes	place	by	a	stress	as	low	as	0.5	MPa!	The	reason	is	that	real	materials	have	lots	of	dislocations,	from	102/cm2	in	the	best	Ge	and	Si	crystals	to
1012/cm2	in	heavily	deformed	metals.	Therefore,	the	strength	of	the	material	depends	on	the	force	required	to	make	dislocations	move,	not	the	bonding	energy	between	all	atoms	in	two	planes	as	calculated	above.	Dislocations	can	move	if	the	atoms	from	surrounding	planes	break	their	bonds	and	rebond	with	the	atoms	at	the	terminating	edge	as
shown	in	Figure	2.41.	Instead	of	all	the	atoms	in	Shear	stress	b	(2.60)	where	x	is	the	direction	of	the	shear.	With	x	small	this	may	be	rewritten	as:	2Px	d	T	2P	T	x		Gd		d	<	T		T	max	d	M	d	M	M	T	max		2P	T		T	max	(2.61)	(a)	(b)	(c)	(d)	where	we	have	used	γ	=	τ/μ	(Hooke’s	law)	as	the	shear	strain,	with	μ	as	the	shear	modulus	(see	Figure	2.40).		Hooke’s
law:		=		x	d		FIGURE	2.40	Shear	stress,	τ;	shear	strain,	γ;	and	shear	modulus,	μ.	The	shear	stress	τ	produces	a	displacement	Δx	of	the	upper	plane	as	indicated;	the	shear	strain,	γ,	with	Δx/d	=	tan	α	is	defined	γ	=	τ/μ.	FIGURE	2.41	Dislocation	movement:	When	a	shear	stress	is	applied	to	the	dislocation	in	(a),	the	atoms	are	displaced,	causing	the
dislocation	to	move	one	Burgers	vector	b	in	the	slip	direction	(b).	Continued	movement	of	the	dislocation	eventually	creates	a	step	(c),	and	the	crystal	is	deformed.	(d)	The	caterpillar	does	not	move	its	complete	body	at	a	single	time,	but	it	moves	one	segment	at	a	time	as	it	pulls	itself	forward.	66	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques
in	Micro-	and	Nanotechnology	(a)	(b)	FIGURE	2.42	Moving	a	carpet	over	the	floor	to	illustrate	the	effect	of	a	line	dislocation	in	a	crystal:	(a)	dislocation;	(b)	work	hardening.	a	plane	breaking	at	the	same	time,	atoms	are	gliding	gently	in	the	direction	of	applied	stress	normal	to	dislocation	lines.	Thus,	the	direction	of	movement,	i.e.,	the	deformation,	is
the	same	as	the	Burgers	vector,	b.	As	a	consequence	b	is	also	called	the	slip	vector.	The	interatomic	forces	in	a	crystal	offer	little	resistance	to	the	gliding	motion	of	dislocations.	An	analogy	is	that	of	moving	a	carpet	across	the	floor.	This	is	difficult	because	of	the	friction	developed	from	the	contact	of	the	whole	surface	of	the	carpet	with	the	floor.	But
with	a	wrinkle	in	the	carpet,	as	shown	in	Figure	2.42,	the	carpet	can	now	be	moved	by	pushing	the	wrinkle	across	the	floor.	The	work	involved	is	much	less	because	only	the	friction	between	a	small	section	of	carpet	and	the	floor	has	to	be	overcome.	A	similar	phenomenon	occurs	when	one	plane	of	atoms	moves	past	another	by	means	of	a	dislocation
defect.	Figure	2.43	shows	how	an	applied	shear	stress,	τ,	exerts	a	force	on	a	dislocation	and	is	resisted	by	a	frictional	force,	F,	per	unit	length.	The	work	done	by	the	shear	stress	(Wτ)	equals	the	work	done	by	the	frictional	force	(WF),	or:		b	F	b	l2	l1	FIGURE	2.43	An	applied	shear	stress,	τ,	exerts	a	force	on	a	dislocation	and	is	resisted	by	a	frictional
force,	F,	per	unit	length.	The	slip	vector	or	Burgers	vector	is	b.	(Drawing	by	Mr.	Chengwu	Deng.)	WT		(T	l1l	2	)	s	b	(2.62)	and	WF		(F	l1	)	s	l	2	With	Wτ	=	WF,	the	lattice	friction	stress	for	dislocation	motion	is:	T		F	b	(2.63)	where	F	is	the	force	per	unit	length	of	the	dislocation	and	b	is	its	Burgers	vector	or	slip	vector.	Thus,	the	applied	stress	produces	a
force	per	unit	length	everywhere	along	the	dislocation	line	equal	to	τb	and	perpendicular	to	the	line	element.	It	can	be	shown	that:	2	Pa	F	T			Me	b	b	(2.64)	This	lattice	friction	stress	is	much	less	than	the	theoretical	shear	strength.	Dislocation	motion,	from	Equation	2.64,	is	most	likely	on	closed	packed	planes	(large	a,	interplanar	spacing)	in	closed
packed	directions	(small	b,	in-plane	atomic	spacing).	It	is	thus	easiest	to	create	dislocations	in	the	closest	packed	crystals,	and	they	are	typically	very	soft	and	ductile.	When	dislocations	move	it	is	said	that	slip	occurred,	and	the	lattice	planes	that	slipped	are	called—imaginatively—slip	planes	as	elucidated	in	Figure	2.44	for	an	edge	dislocation	and	a
screw	dislocation.	As	mentioned	above,	the	preferred	slip	planes	are	those	with	the	greatest	interplanar	distance,	e.g.,	(111)	in	FCC	crystals,	and	the	slip	directions	are	those	with	the	lowest	resistance,	i.e.,	the	closest	packed	direction.	Slip	lines	are	the	intersection	of	a	slip	plane	with	a	free	surface.	The	motion	of	dislocations	can	be	blocked	by
another	dislocation,	a	grain	boundary,	or	a	point	Crystallography	Dislocation	line	67	Dislocation	line	Slip	line	F	Slip	vector			Slip	vector	Slip	line	Slip	plane	Slip	plane	(a)	(b)	FIGURE	2.44	Schematic	of	slip	line,	slip	plane,	and	slip	(Burgers)	vector	for	(a)	an	edge	dislocation	and	(b)	for	a	screw	dislocation.	(Drawing	by	Mr.	Chengwu	Deng.)	defect.	Two
dislocations	may	repel	or	attract	each	other,	depending	on	their	directions.	Atoms	near	the	core	of	a	dislocation	have	a	higher	energy	because	of	distortion.	To	minimize	this	energy,	dislocations	tend	to	shorten	as	if	the	line	had	a	line	tension,	T,	i.e.,	strain	energy	per	unit	length.	The	line	tension	is	given	as:	Tz	1	2	Mb	2	(2.65)	Dislocations	might	get
pinned	by	interstitials	and	bow	with	a	radius	R	when	subjected	to	a	shear	stress	like	the	string	shown	in	Figure	2.45:	TbL		2	T	sin	Q	2	(2.66)	With	Equation	2.65	this	leads	to:	R	Mb	2T	(2.67)	Plastic	deformation	(or	yielding)	occurs	by	sliding	(or	slip)	of	parallel	lattice	planes	past	each	other.	Pure	metals	have	low	resistance	to	dislocation	motion,	thus
they	exhibit	low	yield	strength.	Adding	impurities	in	solution	strengthening	may	increase	the	yield	strength.	A	well-known	example	is	alloying	Zn	and	Cu	to	form	brass	with	a	strength	increase	of	up	to	10	times	over	pure	Cu.	The	bigger	Zn	atoms	make	the	slip	plane	“rougher,”	thus	increasing	the	resistance	to	motion.	In	general,	impurities	diffuse	to
dislocations	and	form	“clouds”	that	pin	dislocations,	increasing	the	elastic	limit.	Small	particles,	precipitates,	can	also	promote	strengthening	by	impeding	dislocation	motion.	Precipitates	cause	bowing	of	dislocations	as	illustrated	in	Figure	2.45.	A	critical	condition	is	reached	when	the	dislocation	takes	on	a	semicircular	configuration	between	two
particles	separated	by	a	distance	L.	Beyond	this	point	a	dislocation	may	loop	and	escape	between	the	finely	dispersed	particles	in	the	metal.	In	the	semicircular	situation	τbL	=	2T	or	τ	=	2T/bL,	and	with	Equation	2.67	τ	=	μb/L;	thus,	making	L	smaller	will	disadvantage	dislocation	looping.	Finally,	metals	can	be	hardened	by	work	hardening.
Dislocations	move	when	metals	are	subjected	to	“cold	work,”	and	their	density	can	increase	up	to	1012	dislocations/cm2	because	of	the	formation	of	new	dislocations	and	dislocation	multiplication	(see	below).	The	consequent	increasing	overlap	between	the	strain	fields	of	adjacent	dislocations	gradually	increases	the	resistance	to	further	dislocation
motion.	This	causes	a	hardening	of	the	metal	as	the	deformation	progresses	(Figure	2.42b).	This	effect	is	known	as	strain	hardening.	The	effect	of	strain	hardening	can	be	removed	by	appropriate	heat	treatment	(annealing),	which	promotes	the	recovery	and	subsequent	recrystallization	of	the	material.	Annealing	decreases	the	dislocation	density	to
around	106	dislocations/cm2.	Some	dislocations	form	during	the	process	of	crystallization,	but	more	are	created	during	plastic	deformation.	Frank	and	Read	elucidated	one	possible	mechanism	by	which	dislocations	multiply;	bL	/2	/2	L	T	T	R	R		FIGURE	2.45	A	pinned	dislocation	bows	under	a	shear	stress.	68	Solid-State	Physics,	Fluidics,	and	Analytical
Techniques	in	Micro-	and	Nanotechnology	(a)	(b)	(c)	(d)	g=011	slip	system	begins	when	the	shear	stress	resolved	on	that	system	reaches	a	critical	value.	Consider	a	cylindrical	crystal	of	cross-section	A0	under	the	influence	of	a	tensile	force	F.	Let	the	normal	to	the	active	slip	plane	make	an	angle	α	with	F,	and	let	the	angle	between	the	slip	direction
and	F	be	β.	The	resolved	shearing	force,	i.e.,	the	force	acting	per	unit	area	of	the	slip	plane	in	the	slip	direction,	is	then	given	by:	T	0.25μ	F	cos	A	cos	B	A	(2.68)	(e)	FIGURE	2.46	A	Frank-Read	source	can	generate	dislocations.	(a)	A	dislocation	is	pinned	at	its	ends	by	lattice	defects.	(b)	As	the	dislocation	continues	to	move,	the	dislocation	bows,
eventually	bending	back	on	itself.	(c)	Finally	the	dislocation	loop	forms,	and	(d)	a	new	dislocation	is	created.	(e)	Electron	micrograph	of	a	Frank-Read	source	(×330,000).	they	found	that	a	pinned	dislocation	(as	shown	in	Figure	2.45),	under	an	applied	stress,	produces	additional	dislocations.	This	mechanism	is	at	least	partly	responsible	for	strain
hardening.	The	Frank-Read	dislocation	multiplication	mechanism	is	illustrated	in	Figure	2.46.	First,	a	dislocation	is	pinned	at	its	ends	by	lattice	defects,	and	as	the	dislocation	continues	to	move,	it	bows	and	eventually	bends	back	on	itself.	Then	the	dislocation	loop	forms,	and	a	new	dislocation	is	created.	Figure	2.46	also	shows	an	electron	micrograph
of	a	Frank-Read	source.	Schmid’s	Law,	illustrated	in	Figure	2.47,	gives	the	relationship	between	shear	stress,	the	applied	stress,	and	the	orientation	of	the	slip	system.	Slip	on	a	given	F	Normal	to	the	slip	plane	Because	the	area	of	the	slip	plane	is	A/cosα,	the	tensile	stress	per	unit	area	normal	to	the	slip	plane	is:	S	F	cos	2A	A	(2.69)	When	increasing
the	force	F,	the	rate	of	plastic	flow	increases	very	rapidly	when	the	resolved	shear	stress	τ	reaches	a	critical	value	τc.	In	general	τc	decreases	with	increasing	temperature	and	increases	as	a	result	of	alloying	or	cold	working	(see	above).	Besides	point	and	line	defects	there	are	also	surface	defects	to	reckon	with	in	single	crystals.	Surface	defects
include	grain	boundaries,	phase	boundaries,	and	free	surfaces.	The	crystal	structure	is	disturbed	at	grain	boundaries,	and	different	crystal	orientations	are	present	in	different	grains	(Figure	2.48).	Dislocations	are	blocked	by	grain	boundaries,	so	slip	is	blocked.	The	smaller	the	grain	size,	the	larger	the	surface	of	the	grain	boundaries	and	the	larger
the	elastic	limit.	The	latter	is	expressed	in	the	empirical	Hall-Petch	equation	for	the	maximum	elastic	yield	strength	(stress	at	which	the	material	permanently	deforms)	of	a	polycrystalline	material:	A0	S	Y		S0			Slip	direction	FIGURE	2.47	Geometry	of	slip	plane,	slip	direction,	and	tensile	force	F.	(Drawing	by	Mr.	Chengwu	Deng.)	K	d	(2.70)	where	d	is
the	average	diameter	of	the	grains	in	micrometers,	with	σ0	the	frictionless	stress	(N/m2)	that	opposes	dislocation,	and	K	a	constant.	The	strength	of	a	material	thus	depends	on	grain	size.	In	a	small	grain,	a	dislocation	gets	to	the	boundary	and	stops,	i.e.,	slip	stops.	In	a	large	grain,	the	dislocation	can	travel	farther.	So	small	grain	size	equates	to	more
strength.	For	example,	the	elastic	limit	of	copper	doubles	when	the	grain	size	falls	from	100	μm	69	Crystallography	Grain	boundary	(a)	100μm	(b)	FIGURE	2.48	Crystal	structure	is	disturbed	at	grain	boundaries.	Schematic	representation	of	grain	boundaries	(a)	and	microscope	picture	(b).	(From	Askeland	D.	R.,	and	P.	P.	Phule,	The	science	and
engineering	of	materials,	Brooks/Cole,	Pacific	Grove,	CA,	2003.)	to	25	μm.	Instead	of	yield	strength	one	might	also	plot	the	hardness	(H)	of	the	material	as	a	function	of	grain	size,	and	a	similar	relationship	is	obtained	(see	Volume	II,	Figure	7.54):	smaller	grain	size	corresponds	to	a	harder	material.	Indentation	(hardness)	testing	is	very	common	for
bulk	materials	where	the	direct	relationship	between	bulk	hardness	and	yield	strength	is	well	known.	As	we	will	learn	in	Volume	II,	Chapter	7,	in	the	section	on	thin	film	properties,	the	Hall-Petch	relationship	has	been	well	established	for	grain	sizes	in	the	millimeter	through	submicrometer	regimes	but	is	less	well-known	in	the	nano	regime.	Based	on
Equation	2.70	one	expects	that	nano-sized	grains	would	produce	materials	with	yet	greater	mechanical	integrity,	but	in	reality	this	is	not	the	case!	There	is	a	reverse	Hall-Petch	effect,	i.e.,	the	strength	of	materials,	from	a	small	grain	size	on,	starts	to	decrease	with	decreasing	grain	size.	Plastic	deformation	occurs	at	lower	and	lower	stresses	as	the
grains	shrink.	In	other	words,	an	optimal	grain	size	(dc)	exists	as	suggested	by	the	plot	in	Volume	II,	Figure	7.54.	The	classic	Hall-Petch	relationship	is	based	on	the	idea	that	grain	boundaries	act	as	obstacles	to	dislocation	movement,	and	because	dislocations	are	carriers	of	plastic	deformation,	this	manifests	itself	macroscopically	as	an	increase	in
material	strength.	The	Hall-Petch	behavior	breaks	down	when	the	smallest	dislocation	loop	no	longer	fits	inside	a	grain.	Lattice	dislocation	cannot	be	the	way	very	small-grained	materials	deform.	The	deformation	mechanism	for	materials	with	very	small	grains	(	1/τ,	i.e.,	at	very	high	frequencies	Quantum	Mechanics	and	the	Band	Theory	of	Solids
(optical	frequencies	we	will	see),	where	the	electrons	cannot	follow	the	fast	changing	electrical	field	anymore.	J(W)		¨	e	2n	·	©	¸	E(W)	ª	me	¹		S(W)E(W)	(3.29)	1	iW	T	enp(W)		me	1.	With	ω	>	1/τ:	¨	eE(W)	·	p(W	,	t)		©	¸	(W	sin	Wt	iW	cos	Wt)	2	ª	W	¹	¨	eE(W	,t)i	·	¨	eE(W)iW	·	iwt	e		©		©	¸	¸	2	ª	W	¹	ª	W	¹	eE(W	,t)	iW	(3.30)	Sa		S0	(Re)	1	W	2T2	(3.31)	S	aa		S
0	WT	(Im)	1	W	2	T2	(3.32)	and	¨	eE(W)iW	·		©	¸	(cos	Wt	isin	Wt)	2	ª	W	¹		S0	1	iWT	which	simplifies	to	the	DC	conductivity,	i.e.,	σ0	ne	2	T	(	,	Equation	3.7),	in	the	case	of	very	low	ac	me	frequencies	(ω	1.	Under	this	approximation,	we	find:	E	ra	(W,k)	z	1	W	2p	W2	(3.44)	and	E	raa(W	,k)	z	(3.38)	Using	Equation	3.36	for	the	polarization	P,	we	can	rewrite
Equation	3.37	as:	D		E(W	,k)	E		E	0E				P		E	0E	a	material	to	electromagnetic	waves	at	various	frequencies,	one	divides	by	ε0	because	ε(ω,k)/ε0	=	εr(ω,k).	The	corresponding	real	and	imaginary	components	of	the	complex	dielectric	function	are:	(3.37)	In	the	expression	D		E	0	E	P	we	have	separated	the	electric	displacement	D	in	its	materials	(P)	and
vacuum	parts	(ε0E).	The	permittivity	of	a	material	is	usually	given	as	a	relative	permittivity	εr(ω)	(also	called	the	dielectric	constant).	The	permittivity	ε(ω,k)	of	a	medium	is	an	intensive	parameter	and	is	calculated	by	multiplying	the	relative	permittivity	by	ε0,	or	ε(ω)	=	ε0εr(ω).	The	permittivity	of	air	is	εair	=	8.876	pF/m,	so	the	relative	permittivity	of
air	is	εr,air	=	1.0005,	and	for	vacuum	it	is	1	by	definition.	From	Equation	3.37,	it	then	also	follows	that	εr(ω)	=	1	+	χ	e.	The	electric	displacement	field,	D,	is	in	turn	related	to	the	electric	field	E	(in	units	of	V/m)	by	the	constitutive	relation:	87	W	2p	W	2p	G		W	3T	W3	(3.45)	This	approximation	may	break	down	in	the	far-infrared	spectral	region,	where
damping	can	be	significant.	Note	that	damping	(γ)	is	absolutely	necessary	to	have	an	imaginary	part	of	Er	(W).	The	dispersion	of	the	real	part	of	the	dielectric	function	E	ra	(W	,k)	(Equation	3.44)	is	plotted	in	Figure	3.13.	The	Drude	model	predicts	a	monotonous	decrease	of	E	ra	(W	,k)	for	decreasing	frequency,	and	experiments	confirm	´r	¨	·	ne	2	E(W
,	k)		E	0	©1	¸	2	me	E	0	(W	iGW)	¹	ª	1	¨	·	W	2p		E	0	©1	2	¸	(W	iGW)	¸¹	©ª	(3.40)	0	p		The	plasma	frequency	ωp	in	Equation	3.40	is	defined	as:	Wp		ne	2	me	E	0	(3.41)	where	n	is	the	density	of	electrons	in	the	metal.	To	obtain	εr(ω),	the	relative	dielectric	response	of	FIGURE	3.13	The	dielectric	function:	ε´r	as	a	function	of	ω.	The	dielectric	constant	ε´r
becomes	zero	when	ω	=	ωp,	and	this	supports	free	longitudinal	collective	modes	for	which	all	electrons	oscillate	in	phase.	88	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	that	E	ra	(W	,	k)	becomes	zero	when	ω	=	ωp.	When	E	ra	(W)	becomes	zero	at	ω	=	ωp,	the	material	can	support	free	longitudinal	collective
modes	for	which	all	electrons	oscillate	in	phase.	Such	a	collective	charge	oscillation	is	called	a	plasmon.	Note	that	in	the	limit	of	γ	going	to	0,	Equation	3.40	leads	to	the	same	result	as	shown	in	Equation	3.44	(no	imaginary	component	to	the	dielectric	constant	at	γ	=	0).	We	come	back	to	the	field	of	plasmonics	in	Chapter	5	on	photonics,	and	at	that
point	we	will	not	only	analyze	plots	of	Er	(W)	for	metals	but	also	of	n(ω)	(refractive	index),	α(ω)	(absorption),	and	R(ω)	(reflectance)	for	all	types	of	materials.	With	reference	to	Figure	3.12,	we	can	derive	the	plasma	frequency	ωp	in	yet	another	way.	Let	us	look	at	the	case	where	ε′r(ω)	=	0	at	ω	=	ωp;	because	E	ra	(W)		1	Cea,	this	means	that	at	this
frequency,	Cea	z	1,	and	with	the	polarization,	P(W	,t)		Ce	E	0	E(W	,t)	P	(Equation	3.36),	this	results	in	P(W	,t)	z	E	0	E(W	,	t).	The	displacement	δx	of	the	electron	gas	of	density	n	creates	an	electric	field	E	=	−P/ε0	=	neδx/ε0;	this	opposing	field	acts	as	the	restoring	force	(Fr	=	−eE)	on	the	electron	gas.	The	equation	of	motion	resulting	from	this
restoring	force	Fr	in	such	a	simple	electron	gas	oscillator	is	given	as:	u	2	(Dx)	ne	2	Dx	Fr		eE			me	2	2	E0	u	t	(3.46)	This	results	in	oscillations	at	the	plasma	frequency	ne	2	of	W	p		(Equation	3.41).	me	E	0	The	plasma	frequency	ωp	comes	with	a	free	space	wavelength	of:	Lp		2Pc	Wp	(3.47)	In	Table	3.2	we	compare	the	plasma	frequency	and	the	free



space	wavelength	for	a	generic	metal	and	a	TABLE	3.2	Plasma	Frequency	(ωp)	and	Free	Space	Frequency	(λp)	for	a	Generic	Semimetal	and	Semiconductor	Property	Electron	density:	n,	cm−3	Plasma	frequency:	ωp,	Hz	Space	frequency:	λp,	cm	Spectral	range	Metal	Semiconductor	1022	5.7	×	1015	3.3	×	10−5	UV	1018	5.7	×	1013	3.3	×	10−3	Infrared
region	generic	semiconductor.	Using	Equation	3.41	we	can	now	calculate	ωp	for	a	variety	of	materials.	For	silver,	for	example,	with	a	σ	of	6.2	×	107	Ω-m,	one	obtains	ωp	=	9.65	×	1014	Hz	(=	311	nm	or	4	eV).	The	lower	the	resistivity	(higher	n),	the	higher	the	plasma	frequency.	Consequently,	plasma	frequencies	ωp	are	in	the	optical	range	(UV)	for
metals	and	in	the	THz	to	the	infrared	region	for	semiconductors	and	insulators.	Metals	reflect	light	in	the	visible	region	and	are	transparent	at	very	high	frequencies	(UV	and	x-rays).	With	a	free	space	wavelength	less	than	λp,	a	wave	propagates;	when	it	is	longer,	the	wave	is	reflected	(ω	>	ωp,	or	λ	<	λp).	In	a	metal	where	both	bound	electrons	[εB(ω)]
and	conduction	electrons	[εr(ω)]	contribute	an	effective	dielectric	constant,	εEff(ω)	must	be	defined	as:	E	Eff	(W)		E	B	(W)	E	r	(W)	(3.48)	where	εr(ω)	is	the	complex	dielectric	constant	at	ωτ	>>	1,	given	by	(see	Equations	3.44	and	3.45):	E	r	(W)		E	ra	(W)	iE	raa	(W)		1	W	2p	W2	i	W	2p	W	3T	(3.49)	Plasma	oscillations	can	be	excited	in	dielectric	films	as
well.	A	dielectric	material	is	a	nonconducting	substance	whose	bound	charges	are	polarized	under	the	influence	of	an	externally	applied	electric	field.	In	this	case,	although	qualitatively	the	same	effect	as	in	a	metal,	the	oscillations	of	the	bound	electrons	are	with	respect	to	the	immobile	ions	instead	of	with	respect	to	the	films	boundary,	and	a
restoring	force	related	to	the	strength	of	the	bond	of	the	electrons	to	those	ions	must	be	introduced.	In	Chapter	5	on	photonics,	after	introducing	the	Maxwell	equations,	the	Drude	plasmon	model	will	be	upgraded	with	the	more	complete	Drude-Lorentz	model	that	includes	such	a	restoring	force	term.	The	restoring	force	pulls	charges	back	in	their
equilibrium	position.	The	Drude-Lorentz	model	without	the	restoring	force	reduces	back	to	the	Drude	model,	in	which	conduction	electrons	are	not	bound	to	atoms.	There	we	will	also	calculate	the	effective	dielectric	constant	εEff(ω)	(with	bound	and	free	electron	contributions)	of	Equation	3.48.	Quantum	Mechanics	and	the	Band	Theory	of	Solids
Specific	Heat	Capacity	of	Metal	and	Insulators	Different	materials	require	different	amounts	of	heat	to	increase	their	temperature.	Heat	capacity	per	unit	mass	of	a	substance	is	known	as	specific	heat,	and	as	we	will	see,	it	is	a	measure	of	the	number	of	degrees	of	freedom	of	the	system.	When	using	classical	models,	as	in	the	case	of	electrical
conductivity,	things	went	wrong	for	calculations	of	the	specific	heat	capacity	of	metals	and	insulators.	Based	on	the	Drude	assumption	that	electrons	in	a	metal	behave	as	a	monatomic	gas	of	N	classical	particles,	they	should	be	able	to	take	up	translational	kinetic	energy	when	the	metal	is	heated.	According	to	the	equipartition	principle	of	energy	in	a
gas	with	N	particles,	the	electron	internal	energy	U,	at	temperature	T,	expressed	per	mole	is:	U	3N	3	3		k	B	T	=		N	A	kT	=		RT	n	2n	2	2	(3.50)	with	n	the	number	of	moles	in	the	system,	NA	Avogadro’s	number,	R	the	ideal	gas	constant,	and	kB	Boltzmann’s	constant.	Remember	also	from	thermodynamics	that	the	first	derivatives	of	the	fundamental
thermodynamic	equations,	in	U	(internal	energy)	or	S	(entropy),	correspond	to	the	intensive	parameters	T,	P,	and	μ	(chemical	potential),	whereas	second	derivatives	correspond	to	important	materials	properties	such	as	the	molar	heat	capacity,	or:	89	Atoms	in	a	lattice	usually	have	no	translational	energy,	and	as	temperature	increases	only	vibrational
energy	increases.	In	the	case	of	a	monovalent	metal,	the	lattice	specific	heat	contribution,	Cv,lat,	equals	3R.	This	follows	from	the	fact	that	a	classical	atom	oscillator	has	3	degrees	of	freedom	in	vibration,	or	U	=	3NkT.	The	vibration	of	a	classical	1	1D	harmonic	oscillator	is	U	=	kT,	with	kT	for	2	1	kinetic	and	kT	for	potential	energy	(Figure	3.14).	2
From	the	latter	we	expect	Cv,lat	to	be	constant	at	3R	or	25	J/(mol·k),	the	so-called	Dulong-Petit	law.	Experimentally,	Cv,	the	sum	of	vibrational	and	electronic	contributions	(C	v	=	Cv,el	+	Cv,lat),	is	proportional	to	T	3	at	low	T	and	approaches	a	constant	3R	at	high	T	(see	Figure	3.15).	Diamond	reaches	the	Dulong-Petit	value	25	J/(mol·k)	only	at	high
temperature,	whereas	lead	reaches	the	Dulong-Petit	value	at	relatively	low	temperature.	From	the	above,	at	high	temperature,	electrons	are	expected	to	contribute	to	the	lattice	heat	capacity	9	for	a	total	C	v	=	Cv,el	+	Cv,lat	or	R,	which	is	obviously	2	a	different	result	from	Dulong-Petit’s	3R!	The	total	Cv	for	metals	is	found	to	be	only	slightly	higher
than	that	for	insulators,	which	only	feature	lattice	contributions.	The	question	is	then:	where	is	the	electronic	contribution?	The	absence	of	a	measurable	contribution	by	electrons	to	the	Cv	was	historically	¥	us	´	T	¥	uS	´	1	¥	uQ	´	Cv		T	¦	µ		¦	µ		¦	n	§	uT	¶	v	n	§	uT	µ¶	v	(3.51)	§	uT	¶	v	This	equation	basically	tells	us	that	the	molar	heat	capacity	at	constant
volume	is	the	quasistatic	heat	flux	per	mole	required	to	produce	a	unit	increase	in	the	temperature	for	a	system	maintained	at	constant	volume.	Materials	with	high	specific	heat	capacity	(Cv)	require	more	energy	to	reach	a	given	temperature.	In	the	case	of	a	metal,	one	expects	contributions	to	the	heat	capacity	from	both	the	lattice	and	the	free
electrons.	The	electronic	contribution	to	the	molar	specific	heat	capacity	at	constant	volume,	Cv,	from	Equation	3.50,	is:	C	v,el		D	¥	U´	3	¦§	µ¶		R	DT	n	v	2	or	about	12.5	J/(mol·k).	(3.52)	FIGURE	3.14	Cv:	energy	needed	to	raise	T	of	1	mol	by	1	K	at	constant	V,	volume.	The	internal	energy	resides	in	vibrations	of	the	solid	constituents.	The	vibration	of	a
classical	1D	harmonic	oscillator	is	U	=	kT.	In	a	solid	there	are	three	perpendicular	modes	of	vibration	or	three	harmonic	oscillators,	and	the	total	energy	of	a	solid	is	thus	U	=	3N	kT	=	3RT.	90	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Dulong-Petit	value	~	25	J/(mol·k)	Lead	25	Aluminum	Classical	theory	Cv
Silicon	Cv	J/(mol·k)	20	exp.	Debye	model	Diamond	Einstein	model	15	Electronic	he	10	0	5	0	0	200	400	600	800	1000	1200	at	capacity	300	K	T	FIGURE	3.16	Schematic	representation	of	the	temperature	dependence	of	the	molar	heat	capacity,	experimental	and	according	to	four	models.	For	the	Debye	and	Einstein	models,	see	further	below.	T	(K)
FIGURE	3.15	Dulong-Petit	law	with	Cv	=	3R	or	25	J/(mol·k)	at	high	temperatures.	one	of	the	major	objections	to	the	classical	free	electron	model:	because	electrons	are	free	to	carry	current,	why	would	they	not	be	free	to	absorb	heat	energy?	Conduction	electrons	only	contribute	a	small	part	of	the	heat	capacity	of	metals,	but,	as	we	will	see	below,
they	are	almost	entirely	responsible	for	the	thermal	conductivity.	In	the	above	model,	we	used	the	principle	of	equipartition	of	the	energy,	which	we	borrowed	from	classical	ideal	gas	theory.	But,	as	Planck	discovered	in	1901,	a	vibrating	system	can	only	take	up	energy	in	quanta,	the	size	of	which	is	proportional	to	the	vibration	energy	such	that	E	=
hν,	where	ν	is	frequency	and	h	is	the	Planck	constant.	The	chance	that	an	atom	vibrator	can	pick	up	an	energy	hν	is	proportional	to	e−hν/kT,	and	the	average	energy	of	a	vibrating	atom,	at	low	temperature,	may	fall	so	low	that	the	value	of	kT	is	now	small	compared	with	the	size	of	the	quantum	hν,	and	the	probability	factor	e−hν/kT	is	dramatically
decreased.	Therefore,	Dulong-Petit	is	incorrect	at	low	temperatures	as	vibrations	of	successively	lower	frequencies	fail	to	become	excited.	Atoms	in	a	crystal	do	not	obey	Maxwellian	statistics	at	low	temperatures,	and	one	needs	to	invoke	the	Einstein	or	Debye	law	instead.	The	reason	that	electrons	do	not	contribute	to	the	heat	capacity	at	room
temperature	is,	just	like	in	the	case	of	electrical	conductivity,	that	they	are	fermions	and	cannot	be	treated	as	an	ordinary	Maxwell-Boltzmann	gas.	At	room	temperature,	only	the	very	few	electrons	in	the	so-called	Maxwell-Boltzmann	tail	of	the	Fermi	distribution	can	contribute	to	the	heat	capacity.	Thus,	at	ordinary	temperatures	the	electronic	heat
capacity	is	almost	negligible,	and	it	is	the	atomic	vibration,	i.e.,	the	contribution	of	phonons,	that	dominates.	In	Figure	3.16	we	show	the	experimental	molar	heat	capacity	as	a	function	of	temperature	and	the	expectations	for	those	values	from	classical	theory	and	from	the	Einstein	and	Debye	models,	which	are	discussed	at	the	end	of	this	chapter.	It	is
seen	here	that	the	electronic	contribution	Cv,el	varies	linearly	with	temperature.	Thermal	Conductivity	Heat	conduction	is	the	transfer	of	thermal	energy	from	a	hot	body	to	a	cold	body.	In	a	solid	both	electrons	and	phonons	can	move,	and	depending	on	the	material	involved,	one	or	the	other	tends	to	dominate.	We	intuitively	expect	electrical	and
thermal	conductivities	somehow	to	be	linked;	from	experience	we	know	that,	in	general,	good	electrical	conductors	are	also	good	thermal	conductors.	The	connection	between	electrical	and	thermal	conductivities	for	metals	was	first	expressed	in	the	Wiedemann-Franz	law	in	1853,	suggesting	that	electrons	carry	thermal	energy	and	electrical	charge.
Insulators	are	often	transparent,	and	conducting	10–2	10–1	100	101	91	Al	Cu	Ag	Si	Fe	Ge	SiO2	NaCl	Water	Rubber	Nylon	Wood	Sulphur	Quantum	Mechanics	and	the	Band	Theory	of	Solids	102	103		W/(mol·k)	Phonon	conductors	Electron	conductors	FIGURE	3.17	Phonon	and	electron	conductors.	metals	are	reflecting	and	shiny	when	polished.	Most
metals	are	shiny	because	when	light	strikes	a	metal,	the	light	is	scattered	by	the	moving	electrons.	For	an	exception,	think	about	diamond,	which	is	a	transparent	insulator	but	conducts	heat	better	than	aluminum	or	copper.	For	a	glaring	difference	between	heat	and	electrical	conduction,	consider	that	electrical	conductivity	of	materials	spans	25
orders	of	magnitude,	whereas	thermal	conductivity	only	spans	about	four	orders.	In	metals,	heat	is	mostly	transferred	by	electrons,	but	in	electrical	insulators,	there	are	few	free	electrons,	so	the	heat	must	be	conducted	in	some	other	way,	i.e.,	lattice	vibrations	or	phonons.	Thus,	materials	are	divided	into	phonon	conductors	and	electron	conductors	of
heat	as	illustrated	in	Figure	3.17.	There	is	a	major	difference	between	heat	conduction	by	electrons	and	by	phonons;	for	phonons,	the	number	changes	with	the	temperature,	but	the	energy	is	quantized,	whereas	for	electrons,	the	number	is	fixed,	but	the	energy	varies.	We	will	analyze	now	in	more	detail	what	that	relation	between	electronic
conductivity,	σ,	and	thermal	conductivity,	κ	is,	and	will	discover	that,	when	using	classical	models,	the	experimental	results	again	cannot	be	properly	explained.	Recall	the	electrical	result	J	=	σE	(Equation	2.2)	dV	and	also	J	=	σE	=	σ	.	The	thermal	equivalent	for	dx	this	expression	is	Fourier’s	law	for	heat	conduction,	Q,	which	states	that:	Q		KA	Th	Tc
dT		KA	L	dx	(3.53)	with	Th	the	hot	temperature	and	Tc	the	cold	temperature,	κ	the	thermal	conductivity,	L	the	thermal	conduit	path-length,	and	A	its	cross-sectional	area.	From	the	first	law	of	thermodynamics	(heat	conservation),	we	know	that	the	rate	of	heat	conduction	must	equal	the	rate	of	change	of	energy	storage:	K	uT	u2	T		C	v.el	2	ut	ux	(3.54)
The	specific	heat	capacity,	in	general,	is	made	up	of	a	phonon	and	an	electron	term	(Cv	=	Cv,el	+	Cv,lat).	In	most	metals,	the	contribution	of	the	electrons	to	heat	conductivity	greatly	exceeds	that	of	the	phonons,	and	the	phonon	term	can	be	neglected	(Cv	=	Cv,el).	Because	of	electrical	neutrality,	equal	numbers	of	electrons	move	from	hot	to	cold	as
the	reverse,	but	their	thermal	energies	are	different.	Equations	3.53	and	3.54	only	apply	under	the	conditions	that:	t	>>	scattering	mean	free	time	of	the	energy	carriers	(τ)	L	>>	scattering	mean	free	path	of	the	energy	carriers	(λ)	These	conditions	break	down	for	applications	involving	thermal	transport	in	small	length/time	scales,	e.g.,
nanoelectronics,	nanostructures,	NEMS,	ultrafast	laser	processing,	etc.	(see	below	and	Volume	III,	Chapter	7	on	scaling).	For	now,	however,	we	are	interested	in	the	relation	between	electronic	conductivity,	σ,	and	thermal	conductivity,	κ,	for	somewhat	larger	systems.	To	arrive	at	the	expression	for	thermal	conductivity,	κ,	we	inspect	Figure	3.18	and
consider	a	metal	bar	[area	A	is	a	unit	area	(A	=	1)	here]	with	a	temperature	gradient	dT/dx	where	we	are	interested	in	a	small	volume	of	material,	with	a	length	2λ,	with	λ	the	mean	free	path	between	collisions.	The	idea	is	that	an	electron	must	have	undergone	a	collision	in	this	space	and	hence	will	have	the	energy/temperature	of	this	location.	To
calculate	the	energy	92	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	E1	E2			Unit	area					x	x1	x0	x2	FIGURE	3.18	Fourier’s	Law	for	heat	conduction:	we	are	interested	in	a	small	volume	of	material,	with	a	length	2λ,	where	λ	is	the	mean	free	path	between	collisions	with	the	lattice.	flowing	per	unit	time	per
unit	area	from	left	to	right	(E1),	we	multiply	the	number	of	electrons	N	crossing	by	the	energy	of	one	electron:	energy		¥	dT	´	·	1	1	¨	kT1		k	©	T0	L	¦	¸	2	2	ª	§	dx	µ¶	¹	number		1	nv	dx	6	(3.55)	1	1	2	C	v,el	v	dx	L	or	also	C	v,el	v	dx	T	sine	L		v	dx	T	(3.59)	3	3	As	mentioned	above,	in	most	metals	the	conduction	by	electrons	greatly	exceeds	that	of	the
phonons;	typically	the	phonon	contribution	at	room	temperature	is	only	1%	of	the	electron	contribution.	In	1853,	long	before	Drude’s	time,	Gustav	Wiedemann	and	Rudolf	Franz	published	a	paper	claiming	that	the	ratio	of	thermal	and	electrical	conductivities	of	all	metals	has	almost	the	same	value	at	a	given	temperature:	2	with	vdx	the	drift	velocity	in
the	x-direction,	and	dT/dx	a	thermal	gradient	in	the	x-direction.	We	know	that	for	charge	neutrality	the	same	number	of	electrons	must	flow	in	the	opposite	direction	to	maintain	charge	neutrality,	but	their	energy	per	electron	is	lower.	Based	on:	nv	dx	1	¥	dT	´	k	¦	T0	L	µ	2	2	§	dx	¶	(3.56)	the	thermal	energy	transferred	per	unit	time	per	unit	area	is:	Q	
E1	E	2		nv	dx	dT	kL	2	dx	(3.57)	Comparing	this	result	with	Equation	3.53	(with	A	=	1),	we	obtain:	K		K		C	mv	2	3¥k	´	K		v,el	2	dx		¦	B	µ	T	2§	e	¶	S	3ne	nv	dx	1	¥	dT	´	E1		k	¦	T0	L	2	2	§	dx	µ¶	E2		This	says	that	the	thermal	conductivity	is	larger	if	there	are	more	electrons	(n	large),	the	electrons	move	faster	(vdx	large),	and	they	move	more	easily	(large	λ
with	fewer	collisions).	Because	NA	k	=	R	with	R	the	ideal	gas	constant,	N/NA	=	n	(number	of	moles	of	electrons),	and	the	electronic	contribution	to	the	molar	specific	heat	capacity	at	constant	volume,	Cv,el,	from	Equation	3.52	is	3/2R.	The	bulk	heat	conductivity	of	a	solid	per	mole	(n	=	1)	can	then	be	rewritten	as:	1	nv	dx	kL	2	(3.58)	(3.60)	calculated
through	Drude’s	application	of	classical	3	1	3	2	gas	law:	C	v,el		nk	B	and	mv	dx		k	B	T	.	Ludwig	2	2	2	Lorenz	realized	in	1872	that	this	ratio	scaled	linearly	with	temperature,	and	thus	a	Lorenz	number,	L,	was	defined	as:	K	y	L	ST	(3.61)	which	is	very	nearly	constant	for	all	metals	(at	room	temperature	and	above).	A	typical	value	for	L,	say	for	Ag,	is	2.31
10	−8	WΩK−2	at	0°C	and	2.37	10−8	WΩK−2	at	100°C	(see	Table	3.3).	Although	Equation	3.61	is	the	correct	relationship,	we	now	know	that	the	value	for	L	calculated	from	it	is	wrong.	However,	Drude,	using	classical	values	for	the	electron	velocity	vdx	and	heat	capacity	Cv,el,	somehow	got	a	number	very	close	to	the	experimental	value.	But	how
lucky	that	Drude	dude	was:	by	a	tremendous	coincidence,	the	error	in	each	term	he	made	was	about	two	orders	of	magnitude	…	in	the	opposite	direction	[the	electronic	Cv,el	93	Quantum	Mechanics	and	the	Band	Theory	of	Solids	TABLE	3.3	Some	Typical	Lorenz	Numbers	−8	Lorentz	force	F	=	–qv	×	B	2	Lorenz	Number	L	in	10	WΩK	Metal	Ag	Au	Cd
Cu	Ir	Mo	Pb	Pt	Sn	W	Zn	273	K	2.31	2.35	2.42	2.23	2.49	2.61	2.47	2.51	2.52	3.04	2.31	B	373	K	2.37	2.40	2.43	2.33	2.49	2.79	2.56	2.60	2.49	3.20	2.33	B	F	y	x	V=0	e	I	d	w	V	=	VH	(3.62)	But	in	Drude’s	original	paper,	he	inserted	also	an	erroneous	factor	of	two,	as	a	result	of	a	mistake	in	the	calculation	of	the	electrical	conductivity.	So	he	originally
reported:	L		2.24	s	10	8	W7K	2	z	v	is	100	times	smaller	than	the	classical	prediction,	but	(vdx)2	is	100	times	larger].	So	the	classical	Drude	model	gives	the	prediction:	L	Drude		1.12	10	8	W7K	2	Coordinate	system	(3.63)	The	correct	value	for	the	Lorenz	number,	L,	derived	P	2	kB2	from	quantum	mechanics	is	or	2.45	×	10−8	3e	2	WΩK	2	(see	Equation
3.340	below).	So	although	Drude’s	predicted	electronic	heat	capacity	was	far	too	high	(by	a	factor	of	100!),	his	prediction	of	L	made	the	free	electron	gas	(FEG)	model	seem	more	impressive	than	it	really	was	and	led	to	a	general	acceptance	of	the	model.	Hall	Coefficients	Conductivity	measurements	do	not	yield	information	about	the	sign	of	charge
carriers;	for	this	we	need	the	Hall	effect.	The	Hall	effect	uses	current	and	a	magnetic	field	to	determine	mobility	and	the	sign	of	charge	carriers.	The	Hall	effect,	discovered	in	1879	by	American	physics	graduate	student	(!)	Edwin	Hall,	is	simple	to	understand.1	With	reference	to	Figure	3.19,	consider	a	fairly	strong	magnetic	field	B	(~2000	Gauss)
applied	perpendicular	to	a	thin	metal	film	(thickness	is	d	and	width	is	w)	carrying	a	current	I.	The	magnetic	Lorentz	force	is	FIGURE	3.19	The	Hall	effect.	Magnetic	field	B	is	applied	perpendicular	to	a	thin	metal	film	sample	carrying	current	I.	VH	is	the	Hall	voltage.	normal	to	both	the	direction	of	the	electron	motion	and	the	magnetic	field.	The	path
of	the	charge	carriers	shifts	as	a	result	of	this	Lorentz*	force,	and,	as	a	consequence,	the	Hall	voltage,	V	H	=	E	y	w	(where	E	y	is	the	Hall	field	strength),	builds	up	until	it	prevents	any	further	transverse	displacement	of	electrons.	In	other	words,	the	Hall	field	increases	until	it	is	equal	to	and	opposite	of	the	Lorentz	force.	The	orientation	of	the	fields
and	sample	is	illustrated	in	Figure	3.19.	In	mathematical	terms,	the	above	translates	as	follows.	With	both	electric	and	magnetic	fields	present,	a	charge	carrier	with	charge	q	experiences	a	Lorentz	force	in	the	lateral	direction:	FL		q(v	d	s	B	z	)	(3.64)	We	do	use	the	drift	velocity	vd	of	the	carriers	because	the	other	velocities	(and	the	forces	caused	by
these	components)	cancel	to	zero	on	average.	Note	that	instead	of	the	usual	term	“electron,”	the	term	“charge	carrier”	is	used	here	because	in	principle	an	electrical	current	could	also	be	carried	by	charged	particles	other	than	electrons,	e.g.,	positively	charged	ions	or	holes	(missing	electrons).	The	vector	product	in	Equation	3.64	ensures	that	the
Lorentz	force	is	perpendicular	to	vd	and	B	z.	For	the	geometry	assumed	in	Figure	3.19,	the	Lorentz	force	FL	has	only	a	component	in	the	y-direction,	and	we	can	use	a	*	This	is	the	Lorentz	we	encounter	again	in	Chapter	5	(Figure	5.50),	not	the	Lorenz	from	the	Lorenz	number	L.	94	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology	scalar	equation	for	the	Lorentz	force:	F	L	=	–qvdB	z	or	with	Equation	3.11	(where	we	replaced	μe	by	μq	for	generality):	FL	=	−qμqE	x	B	z	RH		(3.65)	As	more	and	more	carriers	are	deflected	by	the	magnetic	force,	they	accumulate	on	one	side	of	the	thin-film	conductor,	and	this	accumulation	of	charge	carriers	leads	to	the	“Hall	field”
Ey	that	imparts	a	force	opposite	to	the	Lorentz	force.	The	force	from	that	electrical	field	Ey	in	the	y-direction	(which	is	of	course	q·Ey)	must	be	equal	to	the	Lorentz	force	with	opposite	signs.	This	way	we	obtain:	FL		qM	q	E	x	B	z		qE	y	or	(3.66)	FL		M	q	E	x	B	z		E	y	The	Hall	voltage	VH	now	is	simply	the	field	in	y-direction	multiplied	by	the	dimension	w
in	the	y-direction	(=wE	y).	It	is	clear	then	that	the	(easily	measured)	Hall	voltage	is	a	direct	measure	of	the	mobility	μ	of	the	carriers	involved,	and	that	its	sign	or	polarity	will	change	if	the	sign	of	the	charges	changes.	It	is	customary	to	define	a	Hall	coefficient,	RH,	for	a	given	material	as:	RH	y	Using	Equations	3.10,	3.66,	and	3.67,	as	well	as	Jx	=	σE	x
,	we	calculate	RH	as:	Ey	J	xBz	(3.67)	In	other	words,	we	expect	that	the	Hall	voltage,	wEy,	will	be	proportional	to	the	current	density	Jx	and	the	magnetic	field	strength	B,	which	are,	after	all,	the	main	experimental	parameters	(besides	the	trivial	dimensions	of	the	specimen):	(3.68)	E	y		R	HB	z	J	x	(3.69)	When	we	calculate	RH	from	our	measurements
and	assume	|q|	=	e	(which	Hall	at	the	time	did	not	know!),	we	can	find	n,	the	charge	density.	Also,	the	sign	of	VH	and	thus	of	RH	tells	us	the	sign	of	q!	If	RH	is	negative,	the	predominant	carriers	are	electrons;	if	positive,	they	are	holes.	If	both	types	of	carriers	are	present,	the	Hall	field	will	change	its	polarity	depending	on	the	majority	carrier	(Figure
3.20).	Also	from	Equation	3.69	one	sees	that	the	lower	the	carrier	density,	the	higher	RH	and	thus	the	higher	VH;	this	is	a	key	to	some	very	sensitive	magnetic	field	sensors.	For	most	metals	the	Hall	constant	is	negative	because	electrons	are	majority	carriers.	But	for	Be	and	Zn,	for	example,	there	is	a	band	overlap	with	dominant	conduction	by	holes
in	the	first	band	and	fewer	electrons	in	the	second.	As	a	result,	RH	is	positive	for	these	metals.	Of	course	energy	bands	were	not	heard	of	yet,	and	the	results	of	a	positive	RH	were	baffling	at	the	time:	how	can	we	have	q	>	0	(even	for	metals!)?	The	Hall	coefficient	changes	sign	with	the	sign	of	the	charge	carrier	and	therefore	provides	an	important
method	for	investigating	the	electronic	structure	of	the	solid	state.	In	particular,	the	positive	Hall	coefficients	exhibited	by	metals	such	as	magnesium	and	aluminum	are	a	clear	indication	that	a	naive	picture	of	a	sea	of	conduction	electrons	is	inappropriate	because	the	majority	carriers	are	clearly	positively	charged	(and	are,	in	fact,	holes).	The
discrepancies	between	the	FEG	predictions	and	experiments	nearly	vanish	when	liquid	metals	are	compared	(see	Table	3.4).	This	B	B	c	I	qvd	×	B	vd	M	q	E	x	B	z	1	M	M				qn	S	E	xBz	S	qnM	qEH	a	(a)	c	I	I	ΔVH	0	qvd	×	B	I	vd	qEH	a	ΔVH	0	(b)	FIGURE	3.20	Electron	and	hole	charge	carriers	in	the	Hall	effect.	When	the	charge	carriers	are	negative,	the
upper	edge	of	the	conductor	becomes	negatively	charged	(a).	When	the	charge	carriers	are	positive,	the	upper	edge	becomes	positively	charged	(b).	Quantum	Mechanics	and	the	Band	Theory	of	Solids	95	TABLE	3.4	Discrepancies	between	the	FEG	Predictions	for	RH	and	Experiments	Nearly	Vanish	When	Liquid	Metals	Are	Compared*	RH	(10−11
m3/As)	n0	Solid	Liquid	FEG	Value	Na	Cu	Ag	Au	Be	Zn	Al	1	1	1	1	2	2	2	−25	−5.5	−9.0	−7.2	+24.4	+3.3	−3.5	−25.5	−8.25	−12.0	−11.8	−2.6	−5	−3.9	−25.5	−8.25	−12.0	−11.8	−2.53	−5.1	−3.9	*This	reveals	clearly	that	the	source	of	these	discrepancies	lies	in	the	electron-lattice	interaction.	Notice	positive	RH	for	Be	and	Zn.	reveals	clearly	that	the
source	of	these	discrepancies	lies	in	the	electron-lattice	interaction	of	a	solid.	The	Hall	effect	“oddities”	will	be	properly	explained	once	we	have	introduced	quantum	physics.	We	will	also	see	that	under	special	conditions	of	extremely	low	temperature,	high	magnetic	field,	and	two-dimensional	electronic	systems	(2D	electron	gas,	in	which	the	electrons
are	confined	to	move	in	planes),	the	Hall	resistance	RH	is	quantized	and	increases	as	a	series	of	steps	with	increasing	magnetic	field.	These	discrete	energy	levels	are	called	Landau	levels.	Blackbody	Radiation	Planck	first	discovered	the	discontinuous	behavior	that	characterizes	the	atomic	world	in	his	analysis	of	the	light	spectra	emitted	from
blackbodies	in	1900.	All	substances,	with	thermal	energy,	radiate	EM	waves,	and	the	radiation	emanating	from	solids	consists	of	a	continuous	spectrum	of	wavelengths.	A	blackbody	(also	cavity	radiation)	is	a	hypothetical	object	that	is	a	perfect	absorber	or	perfect	emitter	of	radiation	(Figure	3.21).	“Blackbody”	is	an	unfortunate	name	as	the	ideal
radiating/absorbing	body	does	not	have	to	be	black;	stars	and	planets,	to	a	rough	approximation,	are	blackbodies!	When	a	blackbody	is	heated,	it	first	feels	warm	and	then	glows	red	or	white	hot,	depending	on	the	temperature.	A	typical	spectrum	of	the	radiated	light	intensity,	brightness,	or	emittance	of	a	blackbody	is	shown	in	Figure	3.22.	Intensity
is	a	measure	of	how	much	energy	is	emitted	from	an	object	per	unit	surface	area	per	unit	time	at	a	given	wavelength	FIGURE	3.21	Ideal	blackbody	(also	cavity	radiation).	“Blackbody	radiation”	or	“cavity	radiation”	refers	to	an	object	or	system	that	absorbs	all	radiation	incident	on	it	and	reradiates	energy	that	is	characteristic	of	this	radiating	system
only,	not	dependent	on	the	type	of	radiation	that	is	incident	on	it.	The	radiated	energy	can	be	considered	to	be	produced	by	standing	wave	or	resonant	modes	of	the	cavity,	which	is	radiating.	and	in	a	particular	direction.	A	blackbody	of	temperature	T	emits	a	continuous	spectrum	peaking	at	λmax.	At	very	short	and	very	long	wavelengths	there	is	little
light	intensity,	with	most	energy	radiated	in	some	middle	range	frequencies.	As	the	body	gets	hotter,	the	peak	of	the	spectrum	shifts	toward	shorter	wavelengths	(higher	frequencies),	but	there	is	always	a	cutoff	at	very	high	frequencies.	It	was	experimentally	observed	that	the	brightness	peak	position	shifted	with	temperature	as:	TL	max		constant	
2.898	s	10	3	m K	(3.70)	This	is	known	as	the	Wien	displacement	law	(see	Figure	3.22).	It	was	also	known	that	the	total	energy,	E,	could	be	represented	as	the	Stefan-Boltzmann	law:	E		ST	4	(3.71)	where	the	constant	σ	=	5.6704	×	10	W/m2·K4.	Classical	interpretation	predicted	something	–8	5	×	1014	Emittance	(W/m–3)	Metal	Wien’s	law	maxT	=	const
4	×	1014	8000	K	3	×	1014	7000	K	2	×	1014	6000	K	1	×	1014	5000	K	0	0	200	400	600	Wavelength	(nm)	800	1000	FIGURE	3.22	Blackbody	radiation	spectra	at	four	different	temperatures.	96	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Toward	the	“ultraviolet	catastrophe”	82	an	tum	Qu	ical	Planck	Law	Class
Radiated	intensity	c3	Rayleigh-Jeans	Law	kT	82	Curves	agree	at	very	low	frequenices	c3	h	h	e	kT	–	1	Frequency	FIGURE	3.23	Planck	and	Rayleigh-Jeans	models	for	blackbody	radiation.	altogether	different;	in	the	classical	Rayleigh-Jeans	model,	instead	of	a	peak	in	the	blackbody	radiation	and	a	falling	away	to	zero	at	zero	wavelength,	the
measurements	were	predicted	to	go	off	scale	at	the	short	wavelength	end	as	shown	in	Figure	3.23.	Here	is	how	the	British	physicists	Lord	Rayleigh	and	Jeans	derived	their	model.	They	interpreted	the	blackbody	radiation	coming	from	a	solid	as	electromagnetic	radiation	from	oscillators	that	vibrate	at	every	possible	wavelength	λ.	In	Figure	3.23	the
radiated	intensity,	E(λ),	in	Js	−1	m−3,	is	the	energy	distribution,	i.e.,	the	energy,	E,	at	each	λ.	At	equilibrium,	the	mean	energy	of	all	oscillators	at	temperature	T	is	kT.	The	energy	Eλ	in	a	small	interval	dλ	is	then	given	by:	E	λ	dλ	=	kTdn	(3.72)	where	dn	is	the	fraction	of	oscillators	at	the	“average	energy”	in	the	dλ	interval.	From	the	Maxwell	equations
(see	Chapter	5)	one	derives:	dn	8P		4	dL	L	(3.73)	Substituting	this	relation	in	Equation	3.72	leads	to:	¨	8P	·	E	L	dL		kT	©	4	¸	dL	ªL	¹	or	also	since	ν	=	c/λ	¨	8PN2	·	E	L	dL		kT	©	3	¸	dN	ª	c	¹	¨	8PN2	·	The	term	in	brackets	©	3	¸	is	the	number	of	modes	ª	c	¹	per	unit	frequency	per	unit	volume.	The	amount	of	radiation	emitted	in	a	given	frequency	range
should	be	proportional	to	the	number	of	modes	in	that	range.	The	best	of	classical	physics	suggested	that	all	modes	had	an	equal	chance	of	being	produced,	and	that	the	number	of	modes	increased	proportionally	to	the	square	of	the	frequency.	Equation	3.74	works	at	long	wavelengths	(see	Figure	3.23)	but	fails	at	short	wavelengths.	This	failure	at
short	wavelengths	is	called	the	ultraviolet	catastrophe;	as	λ	decreases,	Eλ	goes	to	+∞.	Even	at	very	low	T,	the	exponential	curves	in	Figure	3.23	would	have	a	huge	value	for	visible	light.	Objects	would	be	visible	in	the	dark.	The	predicted	continual	increase	in	radiated	energy	with	frequency	(dubbed	the	“ultraviolet	catastrophe”)	did	not	happen.
Nature	knew	better.	The	UV	catastrophe	attracted	the	attention	of	many	physicists	at	the	end	of	the	nineteenth	century,	including	Max	Planck.	Planck	took	the	revolutionary	step	that	led	to	quantum	mechanics.	He	concluded	that	the	available	amount	of	energy	could	only	be	divided	into	a	finite	number	of	pieces	among	the	atom	oscillators	in	the
cavity	walls,	and	the	energy	of	such	a	piece	of	radiation	must	be	related	to	its	frequency	according	to	a	new	extremely	important	equation:	E	=	hν	(3.75)	where	h	was	a	new	constant	now	called	the	Planck	constant.	The	quantization	implies	that	a	photon	of	blue	light	of	given	frequency	or	wavelength	will	always	have	the	same	size	quantum	of	energy.
For	example,	a	photon	of	blue	light	of	wavelength	450	nm	will	always	have	2.76	eV	of	energy.	It	occurs	in	quantized	chunks	of	2.76	eV,	and	you	cannot	have	half	a	photon	of	blue	light—it	always	occurs	in	precisely	the	same-sized	energy	chunks.	Planck	showed	that	the	intensity	I	of	radiation	from	a	blackbody	could	be	described	by	the	function	(now
known	as	the	Planck	function):	(3.74)	I(L	,T)		2hc	2	L5	1	(e	1	LkT	(3.76)	1)	Quantum	Mechanics	and	the	Band	Theory	of	Solids	This	Planck	function	was	initially	found	empirically	by	trial	and	error	but	later	derived	by	assuming	the	Planck	constant	and	a	Boltzmann	distribution.	Differentiating	the	Planck	function	with	respect	to	wavelength	one	derives
Wien’s	displacement	law—	the	wavelength	of	the	maximum:	L	max		hc	4.965kT	Incident	light	Collector	e–	Emitter	Vacuum	tube	I	A	(3.77)	97	Ammeter	Power	supply	(Voltage	V)	The	constant	hc/4.965kT	agrees	with	the	2.898	×	10–3	m·K	experimental	value	from	Equation	3.70.	Integration	of	the	Planck	function	with	respect	to	wavelength	over	all
possible	directions	results	in	the	total	energy	emitted	per	unit	area	per	unit	time	from	the	surface	of	a	blackbody	(or	absorbed	per	unit	area	per	unit	time	by	a	body	in	a	blackbody	radiation	field).	This	gives	us	back	the	Stefan-Boltzmann	law	(Equation	3.71):	d	E		°	E	L	(	T)		0	2P		k	4	4	T		ST	4	15c	2	h3	(3.78)	which	also	enables	us	to	verify	that	the
constant	σ	is	indeed	5.6704	×	10	−8	W/m2·K4.	Planck,	interestingly,	never	appreciated	how	far	removed	from	classical	physics	his	work	really	was.	He	spent	most	of	his	life	trying	to	reconcile	the	new	ideas	with	classical	thermodynamics.	The	Planck	constant	h	was	a	bit	like	an	“uninvited	guest”	at	a	dinner	table;	no	one	was	comfortable	with	this	new
guest.	But	today	we	know	that	discontinuities	in	the	nanoworld	are	meted	out	in	units	based	on	this	Planck	constant.	This	constant	and	its	particular	magnitude	constitute	one	of	the	great	mysteries	in	nature.	It	is	the	underlying	reason	for	the	perceived	weirdness	of	the	nanoworld,	the	existence	of	a	“least	thing	that	can	happen”	quantity—a	quantum.
The	ubiquitous	occurrence	of	discontinuities	in	the	nanoworld	constantly	upsets	our	commonsense	understanding	of	the	apparent	continuity	of	the	macroscopic	world.	Light	as	a	Stream	of	Particles	Photoelectric	Effect	The	photoelectric	effect,	discovered	by	chance,	by	Heinrich	Hertz	and	his	student	Hallwachs	in	1888,	FIGURE	3.24	Experimental
setup	for	studying	the	photoelectric	effect.	is	a	process	whereby	light	falling	on	negatively	charged	Zn,	in	an	evacuated	vessel,	knocks	electrons	out	of	the	surface	as	illustrated	in	Figure	3.24.	The	details	of	the	photoelectric	effect	were	in	direct	contradiction	to	the	expectations	of	very	welldeveloped	classical	physics	of	light	waves,	and	the	correct
explanation	by	Einstein	in	1905	marked	one	of	the	major	steps	toward	quantum	theory.	Classical	light	wave	theory	predicts	that	the	electrons	in	the	metal	will	absorb	radiation	energy	continuously.	Once	an	electron	has	absorbed	energy	in	excess	of	its	binding	energy,	it	will	be	ejected,	and	one	would	expect	that	a	higher	intensity	would	increase	the
chance	that	electrons	are	ejected.	As	illustrated	in	Figure	3.24,	to	test	this	model	we	introduce	a	metal	collector	plate	that	collects	electrons	and	a	circuit	that	may	be	closed	to	measure	the	current	I.	In	this	setup,	a	retarding	or	stopping	potential,	V0,	may	be	applied	to	determine	the	kinetic	energy	of	the	electrons	(eV0	=	1/2	mv2).	The	classical	wave
model	implies	that	the	stopping	voltage	V0	must	be	proportional	to	the	intensity.	Increasing	frequency	ν	should	not	matter	much,	perhaps	only	causing	a	small	decrease	in	current	I,	as	a	result	of	the	rapid	wave	oscillations	at	high	frequencies.	With	low	intensity	light,	there	should	be	a	time	delay	to	build	up	enough	energy	before	current	starts	to	flow.
The	results	were	unexpected;	no	electrons	were	ejected,	regardless	of	the	intensity	of	the	light,	unless	the	frequency	exceeded	a	certain	threshold	characteristic	of	the	bombarded	metal	(red	light	did	not	cause	the	ejection	of	electrons,	no	matter	what	the	intensity).	The	electrons	were	emitted	98	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques
in	Micro-	and	Nanotechnology	immediately—no	time	lag.	Increasing	the	intensity	of	the	light	increased	the	number	of	photoelectrons	but	not	their	maximum	kinetic	energy	(a	weak	violet	light	would	eject	only	a	few	electrons,	but	their	maximum	kinetic	energies	were	greater	than	those	for	intense	light	of	longer	wavelengths).	The	kinetic	energy	of	the
ejected	electrons	varied	linearly	with	the	frequency	of	the	incident	radiation	but	was	independent	of	the	intensity,	or:	eV0(	=	kinetic	energy	of	the	electrons)	=	hν	−	Φ	(3.79)	where	Φ,	the	photoelectric	work	function,	is	the	energy	lost	by	a	surface	when	an	electron	is	freeing	itself	from	its	environment.	This	cannot	be	explained	by	the	Maxwell
equations.	If	the	charge	of	the	electron	is	known,	a	plot	of	retarding	or	stopping	voltage	versus	frequency	of	incident	light,	shown	for	three	different	metals	in	Figure	3.25,	may	yield	a	value	for	the	Planck	constant	h.	The	electron	charge	was	determined	by	Robert	Millikan	in	1909,	and	with	that	value	and	the	slope	of	the	lines	in	Figure	3.25,	a	value
for	h	of	6.626	×	10−34	J∙s	was	calculated,	identical	to	the	one	derived	from	the	hydrogen	atom	spectrum	and	blackbody	radiation	(see	above).	The	intercept	with	the	frequency	axis	(at	kinetic	energy	zero)	is	the	threshold	frequency,	ν0,	and	the	stop	or	retarding	voltage	axis	intercept	is	the	binding	energy	(–Φ)	of	the	electron.	The	photoelectric
phenomenon	could	not	be	understood	without	the	concept	of	a	light	particle,	eV0	Cs	Li	i.e.,	a	quantum	amount	of	light	energy	for	a	particular	frequency.	Einstein’s	paper	explaining	the	photoelectric	effect	was	one	of	the	earliest	applications	of	quantum	theory	and	a	major	step	in	its	establishment.	The	remarkable	fact	that	the	ejection	energy	was
independent	of	the	total	energy	of	illumination	showed	that	the	interaction	must	be	like	that	of	a	particle	that	gave	all	of	its	energy	to	the	electron!	This	fit	in	well	with	Planck’s	hypothesis	that	light	in	the	blackbody	radiation	experiment	could	exist	only	in	discrete	bundles	with	energy.	In	quantum	theory,	the	frequency,	ν,	of	the	light	determines	the
energy,	E,	of	the	photons	and	E	=	hν,	where	h	is	Planck’s	constant	(h	=	6.626069	×	10	−34	J·s)	(Figure	3.26).	This	assumption	explains	quantitatively	all	the	observations	associated	with	the	photoelectric	effects.	A	photon	hits	an	electron	and	is	absorbed.	The	energy	of	the	emitted	electron	is	given	by	the	energy	of	the	photon	minus	the	energy	needed
to	release	the	electron	from	the	surface.	This	explains	the	observance	of	a	threshold	value	below	which	no	electrons	are	emitted.	Thus,	it	depends	on	the	frequency	of	light	falling	on	the	surface	but	not	on	its	intensity.	It	also	explains	why	there	is	no	time	lag;	a	photon	hits	an	electron,	is	absorbed	by	the	electron,	and	the	electron	leaves.	Higher
intensity	light	contains	more	photons,	and	so	it	will	knock	out	more	electrons.	However,	if	the	frequency	of	the	light	is	such	that	a	single	photon	is	not	energetic	enough	to	release	an	electron	from	the	surface,	then	none	will	be	ejected	no	matter	how	intense	the	light.	Gilbert	N.	Lewis	in	1926	called	Einstein’s	light	particles	photons.	Just	as	the	word
photon	highlights	the	particle	aspect	of	an	electron,	the	word	graviton	emphasizes	Ag	Retarding	potential	Packet	with	energy	E	=	h	Slope	=	h		0	Light	frequency	Intercept	=	–	FIGURE	3.25	A	plot	of	retarding	or	stopping	voltage	versus	frequency	of	incident	light.	Slope	is	the	Planck	constant	h.	The	intercept	with	the	frequency	axis	(at	kinetic	energy
zero)	is	the	threshold	frequency,	ν0,	and	the	stop	voltage	axis	intercept	is	the	binding	energy.	c	FIGURE	3.26	Light	as	energy	packets	with	an	energy	E	=	hν.	Quantum	Mechanics	and	the	Band	Theory	of	Solids	the	particle	aspect	of	gravity,	and	gluon	that	of	the	strong	nuclear	force.	The	young	Einstein,	in	1905,	was	the	first	scientist	to	interpret
Planck’s	work	as	more	than	a	mathematical	trick	and	took	the	quantization	of	light	(E	=	hν)	for	physical	reality.	He	gave	the	uninvited	dinner	guest—the	Planck	constant	h—a	place	at	the	quantum	mechanics	dinner	table.	What	Einstein	proposed	here	was	much	more	audacious	than	the	mathematical	derivations	by	Planck	to	explain	away	the	UV
catastrophe.	For	a	long	time	the	science	of	optics	had	hesitated	between	Newton’s	corpuscular	hypothesis	and	Huygens’	wave	theory.	By	the	beginning	of	the	nineteenth	century	the	wave	theory	had	become	the	dominant	theory,	largely	because	of	the	persistence	of	Augustin	Fresnel	(1788–1827),	who	described	diffraction	mathematically,	and	James
Clerk	Maxwell	(1831–1879),	who	introduced	the	famous	Maxwell	equations	in	1864	(Chapter	5).	No	wonder	Einstein	wrote	at	that	time	to	one	of	his	friends:	“I	have	just	published	a	paper	about	light,	but	I	am	sure	nobody	will	understand	it.”	Einstein	reintroduced	a	modified	form	of	the	old	corpuscular	theory	of	light,	which	had	been	supported	by
Newton	but	which	was	long	abandoned.	The	particle	nature	of	light	was	hard	to	swallow	at	the	time,	and	it	indeed	still	is.	Remember	the	diffraction	of	x-rays	on	a	crystal	described	in	Chapter	2.	Diffraction	is	something	that	happens	with	waves,	not	with	particles.	Einstein’s	light	particles	also	negated	the	issue	of	“ether,”	a	medium	required	for	wave
propagation	as	in	the	case	of	sound	waves	(sound	waves	cannot	propagate	in	a	vacuum);	light	is	perfectly	happy	traveling	in	a	vacuum.	How	can	we	reconcile	this	duality	of	a	photon	as	both	wave-	and	particle-like	in	nature?	We	will	have	to	learn	to	think	of	the	wave	as	the	probability	of	finding	the	particle.	For	example,	if	we	know	the	momentum	of
the	particle	exactly,	we	cannot	say	where	it	is,	only	where	it	is	likely	to	be	[the	Heisenberg	uncertainty	principle	(HUP)].	Compton	Scattering	The	first	strong	support	for	the	quantum	nature	of	light	came	from	monochromatic	x-ray	scattering	on	a	graphite	block.	In	1922,	Arthur	Compton	99	FIGURE	3.27	Arthur	Harry	Compton	(1892–1962).	(Figure
3.27),	at	Washington	University	in	St.	Louis,	saw	that	the	wavelength	of	x-rays	increases	on	scatterings	off	graphite,	depending	on	the	angle	(Figure	3.28).	This	effect	cannot	be	explained	using	wave	theory	of	x-rays.	As	first	explained	by	Compton	in	1923,	a	photon	can	lose	part	of	its	energy	and	momentum	on	scatterings	with	electrons	in	the	graphite,
and	the	resulting	energy	loss	(or	change	in	wavelength,	Δλ)	can	be	calculated	from	the	scattering	angle	θ.	The	result	is	that	some	of	the	scattered	radiation	has	a	smaller	frequency	(longer	wavelength)	than	the	incident	Compton	scattering	–	–	–	–	–	–	–	–	–	Valence	electrons	–	–	+++	+	+	+	–	–	–	–	L	–	M	K	–	–	–	–	–	Incident	photon	(E0)	–	–	Compton
electron	(Ee–)	–	–	–	1		1	<	2	1		Angle	of	deflection	Scattered	photon	(Esc)	FIGURE	3.28	Compton	effect.	An	incoming	photon	(E0)	can	inelastically	scatter	from	an	electron	and	lose	energy,	resulting	in	an	outgoing	scattered	photon	(Esc)	with	lower	energy	(Esc	<	E0).	100	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology	radiation.	This	change	in	wavelength	depends	on	the	angle	through	which	the	radiation	is	scattered,	and	Compton	concluded	that	an	x-ray	photon—or	light	in	general—possesses	momentum	and	thus	behaves	as	a	particle.	Obviously,	this	was	a	big	boost	for	the	theory	of	light	as	composed	of	quanta.	The	three	experiments	that	made
the	quantum	revolution—	blackbody	radiation,	the	photoelectric	effect,	and	the	Compton	effect—all	indicate	that	light	consists	of	particles.	FIGURE	3.29	Democritus.	Quantum	Mechanics	to	the	Rescue	Introduction	Invoking	quantum	mechanics	we	can	solve	the	many	problems	with	classical	theories	we	exposed	in	the	previous	sections.	Central	to
quantum	mechanics	is	Schrödinger’s	equation,	but	before	introducing	Schrödinger’s	equation,	we	must	put	down	some	more	foundations.	We	start	with	Kelvin’s	and	Thomson’s	plum	pudding	atom	model,	then	review	Rutherford’s	and	Bohr’s	improved	orbital	atom	models,	emphasize	the	importance	of	the	Balmer’s	hydrogen	emission	lines	in	the
discovery	of	the	inner	structure	of	an	atom,	and	then	we	get	baffled	by	de	Broglie’s	matter	waves	and	Heisenberg’s	uncertainty	principle	(HUP).	There	are	four	principal	representations	of	quantum	mechanics:	Dirac’s	Hamiltonian	and	quantum	algebra	representation;	the	matrix	representation	of	Born,	Heisenberg,	and	Jordan;	Schrödinger’s	wave
equations;	and	Feynman’s	sum-over-histories	approach;	the	latter	constitutes	a	fundamentally	new	way	of	looking	at	quantum	theory.	With	the	Schrödinger	formalism	of	quantum	mechanics	we	tackle	the	band	model	and	revisit	electrical	and	thermal	conductivity	and	heat	capacity.	Democritus	suggested	that	all	things	are	“composed	of	minute,
invisible	indestructible	particles	of	pure	matter.”	According	to	the	ancient	Greeks,	“atomos”*	or	atoms	were	all	made	of	the	same	basic	material,	but	atoms	of	different	elements	had	different	sizes	and	shapes.	The	sizes,	shapes,	and	arrangements	of	a	material’s	atoms	determined	the	material’s	properties.	For	example,	sour-tasting	substances	were
believed	to	contain	atoms	with	jagged	edges,	whereas	round	atoms	made	substances	oily.	It	was	further	believed	that	there	were	four	elements	that	all	things	were	made	of:	earth,	air,	fire,	and	water.	This	basic	theory	remained	unchanged	until	the	nineteenth	century,	when	it	first	became	possible	to	test	the	theory	with	more	sophisticated
experiments.	Lord	Kelvin	and	J.J.	Thomson	developed	a	“raisin	cake”	model	of	the	atom	(also	called	the	plum	pudding	model,	1897),	which	incorporated	Thomson’s	negatively	charged	electrons	as	the	raisins	in	a	positively	charged	cake	(Figure	3.30).				Bohr’s	and	Rutherford’s	Atom	The	Greek	philosopher	Leucippus	of	Miletus,	who	lived	around	400
BC,	first	proposed	atomic	theory	of	matter.	His	disciple,	Democritus	of	Abdera,	concluded	that	infinite	divisibility	of	a	substance	belongs	only	in	the	imaginary	world	of	mathematics	and	further	developed	his	mentor’s	atomic	theory	(Figure	3.29).							FIGURE	3.30	Kelvin’s	and	Thomson’s	raisin	cake.	*	Atomos	in	Greek	means	“unbreakable.”	101
Quantum	Mechanics	and	the	Band	Theory	of	Solids	Scattered	particles	Beam	of	particles	Source	of	-particles	Most	particles	are	undeflected	Thin	gold	foil	Circular	fluorescent	screen	FIGURE	3.31	The	Rutherford	experiment.	Structure	of	atom	experiments.	To	check	the	Kelvin	and	Thomson	model,	Geiger	and	Marsden,	working	in	Rutherford’s	lab	in
1911,	directed	a	narrow	beam	of	alpha	particles,	doubleionized	helium	atoms,	of	known	energy	onto	a	thin	gold	foil.	A	ZnS	scintillation	screen	was	used	to	record	the	striking	alpha	particles.	Most	particles	went	through	the	gold	film	undeflected,	and	some	were	deflected	at	small	angles;	however,	they	found	that,	once	in	a	while,	for	about	1%	of
particles,	the	α-particles	were	scattered	backward	by	the	target	(Figure	3.31).	For	a	moving	alpha	particle	to	be	scattered	through	a	large	angle,	a	considerable	repulsive	force	must	be	exerted.	To	explain	the	backscattering,	Rutherford	proposed	that	the	positive	charge	in	a	gold	atom	must	be	concentrated	in	a	small	region.	Rutherford	proposed	in
this	way	the	first	realistic	model	of	the	atom:	he	concentrated	99.99%	of	the	mass	of	the	atom	in	the	nucleus,	which	is	only	10−15	m	across	(Figure	3.32).	In	other	words,	the	atom	(and	therefore	matter	in	general)	is	composed	of	99.9999999999999%	empty	space.	The	proportion	of	nucleus	to	total	atom	size	is	obviously	not	drawn	to	scale	in	Figure
3.32.	The	problem	is	that	according	to	classical	models	the	Rutherford	model	cannot	lead	to	stable	atoms.	Rutherford’s	electrons	are	undergoing	a	centripetal	acceleration	and	should	radiate	electromagnetic	waves	of	the	same	frequency,	so-called	bremsstrahlung	or	“braking”	radiation,	leading	to	an	electron	“falling	on	a	nucleus”	in	about	10−12	s!	In
the	real	world	we	have	stable	atoms,	and	atoms	emit	certain	discrete	characteristic	frequencies	of	electromagnetic	radiation.	The	Rutherford	model	is	unable	to	explain	these	phenomena.	It	was	the	analysis	of	light	emitted	or	absorbed	by	atoms	and	molecules	that	led	the	way	to	better	and	better	atom	models.	Cold,	dilute	gases	absorb	light	at
characteristic	and	discrete	wavelengths	(absorption	spectra),	and	hot	gases	emit	light	at	discrete	wavelengths	while	continuous	light	spectra	result	when	hot	solids,	liquids,	very	dense	gases,	or	blackbodies	(see	Figure	3.33)	emit	light	at	all	wavelengths	(emission	spectra).	(A)	(a)	(nm)	400	500	600	700	500	600	700	H	Hg	Ne	(b)	H	(nm)	400	(B)
Continuum	for	free	electrons	4	3	H 	2	H 	H 	Balmer	lines	Ly	Ly	13.6	eV	Ly	Lyman	lines	n=1	Ground	state	=	lowest	energy	level	FIGURE	3.32	Rutherford’s	atom.	Matter	is	mostly	empty	space.	FIGURE	3.33	(Aa)	Emission	lines	for	H,	Hg,	and	Ne;	(Ab)	Spectrum	of	sunlight	with	the	hydrogen	lines	adsorbed	out.	(B)	The	hydrogen	atom	emission	spectra
with	Balmer	and	Lyman	lines	for	hydrogen.	102	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	When	the	light	emitted	from	a	hot	gas	is	analyzed	with	a	spectrometer,	a	series	of	discrete	bright	lines	is	observed.	Each	line	has	a	different	wavelength	and	color.	This	series	of	lines	is	the	emission	spectrum	(Figure
3.33A).	The	absorption	spectrum	consists	of	a	series	of	dark	lines	superimposed	on	the	otherwise	continuous	spectrum.	The	dark	lines	of	the	absorption	spectrum	coincide	with	the	bright	lines	of	the	emission	spectrum.	The	continuous	spectrum	emitted	by	the	sun	passes	through	the	cooler	gases	of	the	sun’s	atmosphere.	The	various	absorption	lines
can	be	used	to	identify	elements	in	the	solar	atmosphere,	and	this	led,	for	example,	to	the	discovery	of	helium.	Atomic	hydrogen	(one	electron	and	one	proton)	in	a	gas	discharge	tube	emits	strongly	at	visible	wavelengths	Hα	,	Hβ	,	and	Hγ.	More	lines	are	found	in	the	ultraviolet	region,	and	the	lines	get	closer	and	closer	until	a	limit	is	reached	(Figure
3.33B).	These	same	lines	are	also	seen	in	stellar	spectra	from	absorption	in	the	outer	layers	of	the	stellar	gas.	There	are	four	bright	lines	in	the	hydrogen	emission	spectrum,	and	in	1885,	a	Swiss	teacher,	Johann	Balmer	(1825–1898),	guessed	the	following	formula	for	the	wavelength	of	these	four	lines:	L		364.5	s	10	7	n2	(m)	n2	4	(3.80)	where	n	=	3,	4,
5,	and	6,	which	are	now	called	the	Balmer	series.	Equation	3.80	may	be	rewritten	as	the	so-called	Balmer	formula	as:	¥	1	1	1´		RH	¦	2	2	µ	L	§n	k	¶	(3.81)	with	positive	n	and	k	integers	and	n	>	k	and	RH	the	Rydberg	constant	for	hydrogen	with	a	measured	value	of	1.096776	×	107	m−1.	With	n	=	1,	we	obtain	the	Lyman	series	in	the	UV;	visible	light	is
emitted	in	the	Balmer	series	(n	=	2),	and	with	n	≥	3	the	infrared	series	are	obtained	(Paschen	with	n	=	3,	Brackett	with	n	=	4,	and	Pfund	with	n	=	5).	The	discrete	emissions	in	Figure	3.33B	suggest	discrete	energy	levels,	and	Balmer’s	formula	suggests	that	the	allowed	energies	are	given	by	(RH/n2)	(in	case	of	hydrogen)	(Figure	3.34).	The	“Great
Dane,”	Niels	Bohr,	explained	the	above	results	for	the	H	emission	spectra	by	introducing	four	quantum	postulates	in	a	model	halfway										FIGURE	3.34	Some	of	the	hydrogen	emission	lines.	between	classical	physics	and	quantum	theory.	He	reasoned	that	if	electrons	orbit	the	nucleus	in	circles	with	radii	restricted	to	certain	values,	then	the	energy
also	can	only	take	on	certain	discrete	values,	i.e.,	if	it	is	quantized	and	there	is	a	lowest	energy	orbit,	and	the	electron	is	not	allowed	to	fall	to	a	lower	energy.	The	allowed	states	are	called	stationary	states.	When	in	these	permitted	orbits,	contrary	to	classical	theory,	the	electrons	do	not	radiate	(Postulate	1).	Bohr	also	assumed	that	classical	mechanics
applies	to	electrons	in	those	stationary	states	(Postulate	2).	He	recognized	that	there	might	be	a	link	between	stable	orbits	and	the	Planck’s	and	Einstein’s	quantum	relation	between	the	quantized	energy	of	a	photon	and	its	frequency,	so	he	proposed	that	radiation	absorption	or	emission	corresponds	to	electrons	moving	from	one	stable	orbit	to
another,	i.e.,	ΔE	=	hν	(where	h	is	the	Planck	constant	=	6.6	×	10−34	J·s)	(Postulate	3).	In	classical	physics,	angular	momentum	(L)	of	an	object	in	circular	motion	is	defined	as	mass	(me)	multiplied	by	velocity	(v),	multiplied	by	the	radius	(r)	of	the	orbit,	i.e.,	L	=	mevr	(or	L	=	pr)	(Figure	3.35).	Bohr	argued	that	allowed	orbits	are	determined	by	the
quantization	of	that	angular	momentum,	L	=	nh/2π.							FIGURE	3.35	Momentum	p	for	circular	motion	is	mevr.	Quantum	Mechanics	and	the	Band	Theory	of	Solids	In	this	expression	n	is	called	the	principal	quantum	number,	and	the	ground	state	corresponds	to	n	=	1.	So	here	Bohr	postulated	that	it	was	not	the	atom	that	determined	the	Planck
constant	h,	but	h	that	determined	the	properties	of	atoms	(Postulate	4)!	Although	this	planetary	kind	of	model	has	been	shown	to	be	mostly	wrong,	it	makes	for	a	very	nice	transition	to	full-fledged	quantum	mechanics.	Bohr’s	theory,	with	slight	modifications,	is	used,	for	example,	to	estimate	the	binding	energies	of	dopant	atoms	in	Chapter	4	and	to
explain	the	energy	of	excitons	in	Chapter	5.	Mathematically	we	can	express	Postulate	4	in	vector	notation	as	|L|	=	|p	×	r|	=	mevr,	with	v	the	tangential	velocity	and	p	the	momentum	of	the	electron	(Figure	3.35).	Bohr	now	combined	his	quantum	model	of	the	atom	with	Newton’s	classical	model	of	planetary	orbits	to	calculate	the	radius	of	the	hydrogen
atom.	The	attractive	force	between	the	electron	and	the	proton	in	a	hydrogen	atom	is	caused	by	the	Coulomb	force	and	is	given	as:	Rutherford	could	not	explain	the	spectral	lines	in	and	Figures	3.33	and	3.34,	but	he	did	set	up	the	energy	balance	for	a	H	atom	correctly:	En	(total	energy)	=	KE	(kinetic	energy)	+	PE	(potential	energy)	E	r		e	2	/4	PE	0	me
v	2	F		e2	me	v	2		r	4	PE	0	r	2	(3.83)	me	v	2	m	v2	me	v	2		–	e	0	2	2	E	r	n=	0	n=5	n=4	–	0.544	eV	–	0.850	eV	n=3	–	1.51	eV	n=2	–	3.40	eV	Excited	state	0	r2	r1	Ground	state	(3.86)	(3.87)	meaning	that,	because	E	<	0,	the	motion	of	the	electron	is	not	free:	it	is	bound	by	the	attractive	force	of	the	nucleus	as	illustrated	in	Figure	3.36.	To	free	the	electron
(and	ionize	the	atom),	the	electron	must	receive	an	amount	of	energy,	called	E	r3	(3.85)	And	substituting	Equation	3.86	in	Equation	3.85	results	in:	(3.82)	Based	on	Newton	(Postulate	2),	we	may	write:	me	v	2	e2	2	4	PE	0	r	The	radial	acceleration	is	a	=	v2/r,	and	with	Newton’s	Law	(F	=	ma)	this	yields	F	=	e2/(4πε0r2)	=	mv2/r,	which,	solving	for	r,
results	in:	E	=		e	4	PE	0r	2	(3.84)	where	the	KE	term	depends	on	the	velocity	v	and	the	PE	term	on	the	system	(e.g.,	positional	or	electrostatic),	or	in	the	current	case:	2	F		103	n=1	FIGURE	3.36	The	electron	is	bound	by	the	attractive	force	of	the	nucleus	E	<	0.	–	13.6	eV	104	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology	ionization	energy,	that	will	bring	its	total	energy	up	to	zero.	Although	this	concept	of	a	negative	energy	is	somewhat	counterintuitive,	it	does	make	sense;	if	we	say	that	an	electron	has	zero	energy	when	far	removed	from	the	nucleus,	then	the	electrons	that	are	attached	to	an	atom	have	a	negative	amount	of	energy.	From	Bohr	model:
n2	Lyman	series	(ultraviolet)	n1	E	=	hv	=	13.6	1	1	–	2	eV	n12	n2	c		=—		n=3	The	Quantum	Numbers	2	2	n	e	e	r	me		2	4	PE	0	me	(n;	/me	rn	)	4PE	0n	2;	2	486.1	nm	blue	green	(3.88)	FIGURE	3.37	The	Bohr	atom	with	permitted	radii.	This	Bohr	model	picture	of	the	orbits	has	some	usefulness	for	visualization,	as	long	as	it	is	realized	that	the	“orbits”	and
the	“orbit	radius”	just	represent	the	most	probable	values	of	a	considerable	range	of	values.	with	any	integer	value	for	n;	by	substituting	the	last	two	expressions	in	Equation	3.85,	we	obtain:	En		rn		2	(3.89)	where	a0	is	the	Bohr	radius,	and	permitted	orbits	have	radii	r1	=	a0,	r2	=	4a0,	r3	=	9a0	…	for	n	=	1,	2,	3,	…	as	shown	in	Figure	3.37.	;	2	4PE	0	,
has	a	value	of	The	Bohr	radius,	a	0		me	e	2	−10	0.53	×	10	m.	We	are	now	also	in	a	position	to	calculate	Bohr	orbit	speeds	vn:	vn		me	e	4	me	e	4	En		32;	2	P	2	E	02n	2	16;	2	P	2	E	02n	2	2	n	;	4PE	0		n	2a	0	me	e	2	n;	;	e2			mrn	nma	0	4Pn;E	0	me	v	2	e2	2	4	PE	0	rn	¨	e2	·	1	e2		me	©	¸	2	4	PE	0	n	2a	0	ª	n;	4PE	0	¹	Solving	this	expression	for	rn	results	in:	2
434.1	nm	violet	n=5	n=4	n=1	Paschen	series	(infrared)	Now	we	recall	Bohr’s	fourth	postulate	about	the	quannh	or	tization	of	angular	momentum,	L	n		me	vrn		2P	also	me	vrn		n;	with	;	=	h/2π.	In	the	latter	expression,	n	=	1,	2,	3,	4…	and	is	called	the	principal	quantum	number;	the	ground	state	corresponds	to	n	=	1.	Thus,	Ln	is	not	only	conserved	but
also	constrained	to	discrete	values	by	the	quantum	number	n.	This	quantization	of	angular	momentum	is	a	crucial	result	and	can	be	used	in	determining	the	Bohr	orbit	radii	and	Bohr	energies.	From	the	expression	for	r	(Equation	3.86),	we	derive:	rn		n=2	656.3	nm	red	First	or	Principal	Quantum	Number	n	for	the	Level	of	Energy	En	2	Balmer	series
(visible)	410.2	nm	violet	(3.90)	With	the	latter	two	expressions,	we	are	able	to	calculate	the	total	energy	of	the	electron,	En,	associated		and	E	0		(3.91)	me	e	4	E		02	32;	2	P	2	E	02n	2	n	e2	me	4	with	a	value	of	13.6		8PE	0a	0	2(;	4	PE	0	)2	eV	=	21.8	×	10	–19	J,	sometimes	called	the	Rydberg	energy.	The	13.6-eV	energy	value	for	an	electron	in	a	hydrogen
atom	(with	n	=	1)	is	the	energy	required	to	remove	an	electron	from	that	atom	(see	also	Figure	3.33).	The	possible	energy	levels	of	the	hydrogen	atom	are	labeled	by	the	values	of	the	quantum	number	n.	The	lowest	energy	level	occurs	for	n	=	1;	this	is	the	most	negative	energy	level	and	the	ground	state.	As	n	progressively	increases,	the	energy
increases	Quantum	Mechanics	and	the	Band	Theory	of	Solids	(becomes	less	negative)	for	the	excited	states	of	the	hydrogen	atoms,	as	is	clear	from	Figure	3.36.	E	Using	the	expression	E	n		02	,	we	can	now	n	invoke	Bohr’s	second	postulate,	which	says	that	the	photon	energy	is	the	difference	in	En	values,	and	we	derive	Balmer’s	formula:	E	n		hN		¨1	hc
1·		E	0	©	2	2	¸	L	n	¹	ªk	¨1	1·	1	E0	¨	1	1·	e2	2¸		2¸		©	©	2	2	hc	ª	n	L	k	¹	k	¹	8PE	0	a	0	hc	ª	n	(3.92)	¨1	1·		RH	©	2	2	¸	k	¹	ªn	It	was	considered	a	big	success	for	the	Bohr	model	that	it	accounted	for	Balmer	and	other	series	and	that	the	calculated	RH	agreed	almost	exactly	(to	within	0.1%)	with	the	phenomenological	value	for	the	Rydberg	constant	for
hydrogen,	i.e.,	1.096776	×	107	m−1.	The	model	also	gives	an	expression	for	the	radius	of	the	atom	that	increases	with	n2,	the	orbit	speed	that	decreases	with	1/n,	and	predicts	the	energy	levels	of	a	hydrogen	atom	that	increase	with	−1/n2,	and	it	can	be	extended	to	“hydrogen-like”	atoms.	Second	Quantum	Number	l	for	Orbital	Angular	Momentum	By
1914,	Bohr	had	combined	the	quantum	models	of	Planck	and	Einstein	with	the	experimental	work	of	Rutherford	to	provide	a	quantum	model	of	the	hydrogen	atom,	which	fully	explained	the	bright	line	spectra	of	hydrogen.	To	explain	the	spectra	of	more	complicated	atoms,	other	quantum	numbers	in	addition	to	the	principal	quantum	number	n,
defined	by	Bohr,	had	to	be	introduced.	More	detailed	analysis	of	light	spectra	again	led	the	way.	Arnold	Sommerfeld’s	(1868–1951)	first	major	contribution	was	to	extend	Bohr’s	model	to	quantize	all	types	of	motion.	He	conceived	elliptical	atomic	orbits	by	analogy	to	Johannes	Kepler’s	elliptical	planetary	orbits	and	described	mathematically	orbits	with
different	elliptical	shapes	but	the	same	value	of	the	principal	quantum	number	n.	This	gave	a	number	of	different	stationary	states,	some	with	slightly	smaller	and	some	with	slightly	larger	energies—and	105	hence	multiple	spectral	lines—just	as	observed.	The	orbital	angular	momentum	for	an	atomic	electron	can	be	visualized	in	terms	of	a	vector
model	where	the	angular	momentum	vector	is	seen	as	precessing	about	a	direction	in	space.	Whereas	the	angular	momentum	vector	has	the	magnitude	shown	in	Figure	3.38,	only	a	maximum	of	l	units	of	=	can	be	measured	along	a	given	direction,	where	l	is	the	orbital	quantum	number.	One	of	Sommerfeld’s	other	important	contributions	was	to	link
quantum	theory	to	relativity.	If	one	calculates	the	speed	of	an	electron	moving	around	the	nucleus	of	an	atom	a	value	of	the	order	of	1000	km/s	is	found.	This	is	small	compared	with	the	velocity	of	light	but	large	enough	to	have	to	use	relativistic	mechanics	(see	Chapter	5).	Using	this	approach	Sommerfeld	was	able	to	work	out	the	fine	structure	of	the
hydrogen	spectrum—a	result	that	was	regarded	as	a	triumph	both	for	relativity	and	quantum	theory.	Third	Quantum	Number	m,	the	Magnetic	Number	In	the	1890s,	Pieter	Zeeman	(1865–1943)	had	noticed	that	if	a	magnetic	field	B	was	applied	to	a	hot	gas,	the	emission	lines	were	further	split	into	yet	a	finer	structure.	Sommerfeld,	in	1916,	showed
that	this	was	because	of	the	direction	(i.e.,	the	orientation)	of	the	orbiting	of	the	electron	with	respect	to	the	magnetic	field.	Sommerfeld	was	able	to	account	for	this	orientation	effect	with	the	addition	of	a	magnetic	quantum	number,	m,	which	was	an	integer	(Figure	3.39).	Although	called	a	“vector,”	the													FIGURE	3.38	The	Bohr-Sommerfeld
atom.	Sommerfeld	introduced	a	second	quantum	number,	l	for	elliptical	orbitals.	Spin-up	and	spin-down.	Pauli’s	fourth	quantum	number:	the	electron	spin	s	(see	text	later	this	chapter	and	Figure	3.39).	106	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology											FIGURE	3.39	The	quantum	number	m	describes	how
the	direction	of	the	angular	momentum	is	quantized	with	respect	to	the	direction	of	the	magnetic	field.	orbital	angular	momentum	in	quantum	mechanics	is	a	special	kind	of	vector	because	its	projection	along	a	direction	in	space	is	quantized	to	values	one	unit	of	angular	momentum	(=)	apart.	In	Figure	3.39	we	show	that	the	possible	values	that	the
“magnetic	quantum	number,”	ml	(for	l	=	2),	can	take	are	the	values	m	=	–2,	–1,	0,	+1,	+2.	Fourth	Quantum	Number	s	for	Electron	Spin	More	detailed	measurements	of	the	effects	of	a	magnetic	field	on	spectral	line	splitting	showed	yet	further	fine	double	splitting	of	the	spectral	lines.	Wolfgang	Pauli	(1900–1958)	explained	this	a	little	later,	in	1921,	by
introducing	yet	another	quantum	number.	While	still	a	student,	he	proposed	a	fourth	quantum	number	that	he	took	to	represent	the	electron	spinning,	not	just	in	its	orbit,	but	around	its	own	axis.	Because	there	are	only	two	directions	of	spin,	clockwise	or	spin-up	and	counterclockwise	or	spin-down,	there	are	only	two	values	for	Pauli’s	electron	spin
quantum	number.	No	two	electrons	in	an	atom	can	have	identical	quantum	numbers.	This	is	an	example	of	a	general	principle	that	applies	not	only	to	electrons	but	also	to	other	particles	of	halfinteger	spin	(fermions).	It	does	not	apply	to	particles	of	integer	spin	(bosons).	The	two	lowest-energy	electron	shells	have	an	almost	identical	shape.	Of	the	two,
one	shell	is	occupied	or	“filled”	first	with	an	electron	that	has	an	intrinsic	magnetic	direction	that	is	opposite	to	the	intrinsic	magnetic	field	caused	by	the	nucleus.	The	next	shell	has	an	electron	with	the	opposite	magnetic	direction.	The	Dutch-American	physicists	Samuel	Goudsmit	and	George	Uhlenbeck	discovered	the	intrinsic	“spin”	magnetism	of
the	electron	in	the	1920s.	It	had	been	discovered	years	earlier	that	in	a	magnetic	field,	a	beam	of	electrons	splits	into	two	beams	(Stern-Gerlach	experiment).	This	fourth	quantum	number	explains	this	phenomenon.	It	is	believed	to	be	caused	by	some	internal	circulation	of	the	electron	matter,	in	addition	to	its	wave	flow	around	the	equator	of	the	shell.
The	wave	flow	around	the	equator	of	the	atom	also	produces	atomic	orbital	magnetic	effects.	Some	shells	have	no	net	orbital	circulation,	which	is	explained	as	the	result	of	two	equal	and	opposite	counter-rotating	orbital	waves.	The	magnetism	of	the	nucleus	itself	is	the	result	of	the	fundamental	internal	spin	of	the	proton.	Surprisingly,	it	turned	out
that	the	fourth	quantum	number,	spin,	s,	had	only	half	of	the	usual	quantization	value	of	h/2π,	i.e.,	s	=	±1/2	h/2π.	Each	quantum	state,	characterized	by	n,	l,	and	m,	is	restricted	to	one	electron	of	s	=	+1/2	and	one	electron	of	s	=	–1/2.	Here	classical	analogies	break	down	completely—a	spin	of	a	half	implies	the	electron	has	to	turn	round	twice	to	get
back	to	where	it	started!	The	implications	of	Pauli’s	exclusion	principle	are	extremely	profound.	It	is	the	restrictions	imposed	by	Pauli’s	exclusion	principle—i.e.,	the	fact	no	two	electrons	can	be	in	the	same	quantum	state—that	prevents	all	the	electrons	from	piling	up	into	the	lowest	(n	=	1)	energy	state,	and	hence	stops	all	matter	from	collapsing!
Pauli’s	exclusion	principle	also	implies	that	there	is	some	sort	of	connectivity	between	the	electron	states	in	an	atom:	one	electron	must	“know”	which	states	all	the	other	electrons	are	occupying	to	choose	its	own	state!	It	is	part	of	one	of	our	most	basic	observations	of	nature:	particles	of	half-integer	spin	must	have	antisymmetric	wave	functions,	and
particles	of	integer	spin	must	have	symmetric	wave	functions.	In	Table	3.5	the	different	quantum	numbers	with	their	properties	are	summarized.	The	quantum	numbers	associated	with	the	atomic	electrons	along	with	Pauli’s	exclusion	principle	provide	insight	into	the	building	up	of	atomic	structures	and	the	periodic	properties	observed.	For	a	given
principal	number	n,	there	are	2n2	different	possible	states.	Quantum	Mechanics	and	the	Band	Theory	of	Solids	107	TABLE	3.5	Quantum	Numbers	and	Their	Properties	The	principal	quantum	number:	n	The	principal	quantum	number.	Quantization	of	angular	momentum:	must	be	a	positive	integer	(1,	2,	3,	4	…	etc.).	The	angular	momentum	quantum
number:	l	Related	to	the	ellipticity	of	the	orbit:	must	again	be	an	integer	but	for	a	particular	orbit	can	be	no	bigger	than	n	(l	=	0,	1,	2,	3	…	n	−	1).	The	magnetic	quantum	number:	m	Quantization	of	the	orientation	of	the	orbit	with	respect	to	a	magnetic	field:	can	be	a	positive	or	negative	integer	(m	=	−l,	−l	+	1,	0,	1,	2,	…	l)	but	must	be	no	larger	than	–l
≤	ml	≤	1.	The	spin	quantum	number:	s	The	electron	spin	quantum	number:	must	be	+1/2	or	−1/2.	n	Possible	l	Possible	m	Possible	s	Spectroscopic	Notation	Total	States	1	0	0	±1/2	1s	2	K	or	1st/2	2	0	1	0	−1,0,+1	±1/2	±1/2	2s	2p	2	6	L	or	2nd/8	3	0	1	2	0	−1,	0,	+1	−2,	−1,	0,	+1,	+2	±1/2	±1/2	±1/2	3s	3p	3d	2	6	10	M	or	3rd/10	4	0	1	2	3	0	−1,	0,	+1	−2,
−1,	0,	+1,	+2	−3,	−2,	−1,	0,	+1,	+2,	+3	±1/2	±1/2	±1/2	±1/2	4s	4p	4d	4f	2	6	10	14	N	or	4th/32	The	Periodic	Table	of	Dmitri	Mendeleev	(1834–1907)	Most	of	the	qualities	of	an	atom	are	derived	from	the	structure	of	its	electron	cloud	with	the	nucleus	in	the	hinterland.	This	includes	most	chemical,	material,	optical,	and	electronic	properties.	Not	only
did	the	quantum	model	of	the	atom	proposed	by	Bohr,	Sommerfeld,	and	Pauli	explain	atomic	spectra,	it	also	explained	the	periodic	table	itself	(inside	front	cover	plate)!	Dmitri	Mendeleev	(1834–1907)	had	devised	the	periodic	table	by	grouping	together	elements	with	similar	chemical	properties.	The	order	of	filling	of	electron	energy	states	in	an	atom
is	dictated	by	energy,	with	the	lowest	available	state	consistent	with	Pauli’s	principle	being	the	next	to	be	filled.	The	labeling	of	the	levels	follows	the	scheme	of	the	spectroscopic	notation.	For	each	value	of	principal	quantum	number,	one	refers	to	a	different	shell:	n	=	1	for	the	K	shell,	n	=	2	for	the	L	shell,	n	=	3	for	the	M	shell,	and	n	=	4	for	the	N
shell.	Different	values	of	l	correspond	to	different	subshells.	For	example,	for	n	=	2	(K	shell)	we	have	two	subshells,	namely,	2s	and	2p.	For	historical	reasons,	Shell/Maximum	Number	of	Electrons	the	orbital	quantum	numbers	l	were	given	names	associated	with	their	appearance	in	spectroscopic	emission	and	absorption	patterns:	l	=	0	is	given	the
letter	s	(for	sharp),	l	=	1	is	given	the	letter	p	(for	principal),	l	=	2	is	given	the	letter	d	(for	diffuse),	and	l	=	3	is	given	the	letter	f	(for	fundamental).	Therefore,	we	can	write	the	electronic	occupation	of	an	atom’s	shell	as	nle,	where	n	is	the	principal	quantum	number,	l	is	the	appropriate	letter,	and	e	is	the	number	of	electrons	in	the	orbit.	So,	for
example,	nitrogen	(N)	with	seven	electrons	has	the	configuration:	1s22s22p3.	In	chemistry,	this	is	called	the	Aufbau	(build-up)	principle,	from	the	German	word	for	structure.	As	the	periodic	table	of	the	elements	is	built	up	by	adding	the	necessary	electrons	to	match	the	atomic	number,	the	electrons	will	take	the	lowest	energy	consistent	with	Pauli’s
exclusion	principle.	The	maximum	population	of	each	shell	is	determined	by	the	quantum	numbers,	and	the	diagram	in	Figure	3.40	is	a	convenient	way	to	illustrate	the	order	of	filling	of	the	electron	energy	states.	For	a	single	electron,	the	energy	is	determined	by	the	principal	quantum	number	n,	and	that	quantum	108	Solid-State	Physics,	Fluidics,
and	Analytical	Techniques	in	Micro-	and	Nanotechnology	n=7	n=6	n=5	n=4	n=3	n=2	n=1	In	the	simplest	picture,	a	metal	has	core	electrons	that	are	bound	to	the	nuclei	and	valence	electrons	that	can	move	through	the	metal.	Insulators	are	formed	from	atoms	with	closed	(totally	filled)	shells,	e.g.,	inert	gases:	7s	6s	6s	6s	5s	5s	5s	5s	4s	4s	4s	4s	3s	3s
3s	2s	2s	1s	l=0	l=1	l=2	l=3	FIGURE	3.40	The	periodic	table	of	the	elements	is	built	up	by	adding	the	necessary	electrons	to	match	the	atomic	number.	number	is	used	to	indicate	the	“shell”	in	which	the	electrons	reside.	For	a	given	shell	in	multielectron	atoms,	those	electrons	with	lower	orbital	quantum	number	l	will	be	lower	in	energy	because	of
greater	penetration	of	the	shielding	cloud	of	electrons	in	inner	shells.	These	energy	levels	are	specified	by	the	principal	and	orbital	quantum	numbers	using	the	spectroscopic	notation.	When	you	reach	the	4s	level,	the	dependence	on	orbital	quantum	number	is	so	large	that	the	4s	is	lower	than	the	3d.	Although	there	are	minor	exceptions,	the	level
crossing	follows	the	scheme	indicated	in	the	diagram,	with	the	arrows	indicating	the	points	at	which	one	moves	to	the	next	shell	rather	than	proceeding	to	a	higher	orbital	quantum	number	in	the	same	shell.	The	quantum	scheme	gives	a	firm	scientific	basis	for	Mendeleev’s	grouping:	the	chemical	properties	of	the	elements	are	defined	by	how	nearly
full	or	nearly	empty	a	shell	is.	For	example,	full	shells	are	associated	with	chemical	stability	(e.g.,	helium,	neon,	argon).	Shells	with	a	single	electron	or	with	one	electron	short	of	a	filled	shell	are	associated	with	chemical	activity	(e.g.,	sodium,	potassium,	chlorine,	bromine).	Most	metals	are	formed	from	atoms	with	partially	filled	atomic	orbitals,	e.g.,
Na	and	Cu,	which	have	the	electronic	structure:	Na	1s	2	2	s	2	2p6	3s1	Cu	1s	2	2	s	2	2p6	3s	2	3d10	4	s1	He	1s	2	Ne	1s	2	2	s	2	2p6	or	they	form	closed	shells	by	covalent	bonding	as	in	the	case	of	diamond.	With	principal	quantum	number	n	=	4,	the	4f	orbitals	make	their	capricious	appearance.	Because	electrons	in	these	orbitals	are	less	strongly	held
by	the	nucleus,	it	is	easier	to	excite	them,	and	they	can	exhibit	a	myriad	of	distinct	energy	states.	This	gives	rise	to	the	unusual	optical	and	magnetic	properties	of	the	rare-earth	elements.	Most	atoms	with	odd	atomic	numbers	(1,	3,	5…)	have	a	very	slight	overall	atomic	magnetism	because	of	the	one	electron	spin	(and	some	orbital	magnetism	in	some
elements),	whereas	most	even	atomic	number	(2,	4,	6…)	atoms	have	no	net	electron	spin	magnetism,	and	thus	approximately	zero	resulting	atomic	magnetism.	Bohr’s	Correspondence	Principle	Classical	physics	works	for	large	systems;	it	is	only	at	the	atomic	level	that	it	fails.	In	1923,	Bohr	proposed	that	any	satisfactory	quantum	theory,	then	still
being	sought,	should	be	in	agreement	with	classical	physics	when	the	energy	differences	between	quantized	levels	are	very	small	or	the	quantum	numbers	are	very	large.	This	is	the	so-called	Bohr	correspondence	principle.	Let	us	consider	the	two	main	differences	between	the	quantum	theory	and	classical	physics.	The	first	difference	is	that	whereas
classical	theory	deals	with	continuously	varying	quantities,	quantum	theory	deals	with	discontinuous	or	indivisible	processes	(e.g.,	the	unit	of	energy	packed	in	a	quantum).	The	second	difference	is	that	whereas	classical	theory	completely	determines	the	relationship	between	variables	at	an	earlier	time	and	those	at	a	later	time,	quantum	laws
determine	only	probabilities	of	future	events	in	terms	of	given	conditions	in	the	past.	The	Bohr	correspondence	principle	states	that	the	laws	of	quantum	physics	must	be	so	chosen	that	in	the	classical	limit,	where	many	quanta	Quantum	Mechanics	and	the	Band	Theory	of	Solids	109	are	involved	(e.g.,	n	is	a	large	integer	in	E	=	nh),	the	quantum	laws
lead	to	the	classical	equations	as	an	average.	This	requirement	combined	with	indivisibility	and	incomplete	determinism	defines	the	quantum	theory	in	an	almost	unique	manner.	In	this	chapter	we	will	on	a	few	occasions	show	how	classical	theory	can	be	derived	from	an	extension	of	quantum	mechanics.	An	example	of	this	principle	that	we	may
appreciate	already	is	that	of	Newtonian	mechanics	as	a	special	case	of	relativistic	mechanics	when	the	speed	is	much	less	than	the	speed	of	light	(v	Eg	(for	GaAs,	Eg	=	1.5	eV),	making	it	an	excellent	optoelectronic	material.	The	Fermi	surface	for	Cu,	shown	in	Figure	3.117,	is	a	sphere	entirely	contained	within	the	first	Brillouin	zone.	Even	if	the	free
electron	Fermi	sphere	does	not	intersect	a	BZ	boundary,	its	shape	can	still	be	affected	at	points	close	to	the	boundary	where	the	energy	bands	begin	to	deviate	from	the	free	electron	parabolic	shape.	This	is	the	case	with	Cu,	where	in	the	directions,	contact	is	made	with	the	hexagonal	Brillouin	zone	faces.	Eight	short	“necks”	reach	out	to	touch	the
eight	hexagonal	zone	faces.	The	Fermi	surface	shown	in	Figure	3.117	can	extend	throughout	many	unit	cells	if	the	necks	in	the	directions	are	joined	together	with	similar	surfaces	in	adjacent	cells.	A	section	of	such	a	continuous	zone	structure	is	shown	in	Figure	3.118.	A	magnetic	field	may	close	off	these	necks,	a	phenomenon	that	may	be	studied
using	cyclotron	resonance.	These	necks	are	clearly	evident	from	de	Haas-van	Alphen	oscillations	(	deHaas.htm	and	Suzuki/pdffiles/Note_dHvA.pdf)	for	magnetic	fields	in	the	directions,	which	contain	two	periods,	determined	by	the	extremal	“belly”	(maximum)	and	“neck”	(minimum)	orbits.	The	de	Haas-van	Alphen	FIGURE	3.117	Brillouin	zone	for	Cu
with	free	electron	sphere	bulging	out	in	the	directions	to	make	contact	with	the	hexagonal	zone	faces.	Quantum	Mechanics	and	the	Band	Theory	of	Solids	169	1/	2	¥	2m*e	E	´	derived	earlier	as	k		¦	2	µ	(Equation	3.150).	§	;	¶	For	every	k-state	there	is	a	corresponding	energy	state.	Differentiating	the	latter	expression	with	respect	to	energy	leads	to:
FIGURE	3.118	Continuous	Fermi	surfaces	extending	through	adjacent	unit	cells	in	gold	structures.	effect	has	its	origin	in	the	Bohr-Sommerfeld	quantization	of	the	orbits	of	conduction	electrons	under	the	influence	of	a	magnetic	field.	A	measurement	of	the	temperature	dependence	of	the	oscillation	amplitude	permits	a	determination	of	the	cyclotron
frequency	or,	equivalently,	the	electron	mass.	Density	of	States	for	Bulk	Materials	The	DOS	function	G(E)	is	a	property	that	quantifies	how	closely	packed	energy	levels	are	in	some	physical	system.	It	is	usually	expressed	as	a	function	of	internal	energy	E,	[G(E)],	or	as	a	function	of	the	wave	vector	k,	[G(k)].	The	density	of	k-states,	G(k),	in	the	Fermi
sphere	drawn	in	Figure	3.111	is	the	number	of	allowed	states	between	k	and	k	+	dk,	i.e.,	the	number	of	states	between	a	sphere	of	radius	k	and	a	sphere	of	radius	k	+	dk	(analogous	to	the	calculation	of	the	density	of	states	for	gas	molecules	illustrated	in	Figure	3.7).	In	three	dimensions	the	volume	between	the	two	shells,	V	is	given	by:	Vdk		4Pk	2dk
(3.225)	The	density	of	states	G(k)3D	is	then	derived	by	dividing	this	volume	by	the	volume	of	a	single	energy	state.	From	Figure	3.66b	we	recognize	that	each	value	of	k	occupies	a	volume	V	=	(2π/L)3,	so	that	the	number	of	states	per	unit	volume	of	k-space	is	1/V	or	(L/2π)3.	We	also	introduce	a	factor	of	two	here	from	Pauli’s	exclusion	principle:	each
energy	state	can	accommodate	two	electrons,	or:	G(k)3D	dk		2	4	Pk	2dk	¥	2P	´	¦§	L	µ¶	3		L3k	2	dk	P2	(3.226)	To	obtain	the	density	of	states	in	terms	of	the	energy	[G(E)3D],	we	use	the	relation	between	E	and	k,	¥	2m*	E	´	dk		¦	2e	µ	§	;	¶	–	1	2	m*e	dE	;2	(3.227)	The	density	of	energy	states	G(E)3D,	the	number	of	allowed	states	between	E	and	E	+	dE,	is
then	obtained	using	the	chain	rule	and	dividing	by	L	3	(=V)	because	we	want	an	expression	per	unit	energy	and	unit	volume:	G(E)3D		G(k)3D	dk	k	2	dk		dE	P	2	dE	(3.228)	Thus,	we	calculate	the	density	of	states	for	a	parabolic	band	in	a	bulk	material	(three	degrees	of	freedom)	as:	3	1	¥	2m*	´	2	1	G(E)3D	dE		2	¦	2	e	µ	E	2	dE	2P	§	;	¶	(3.229)	for	E	≥	0.
There	are	no	available	states	at	E	=	0,	and	the	effective	mass	of	the	electron	takes	into	account	the	effect	of	the	periodic	potential	on	the	electron.	The	minimum	energy	of	the	electron	is	the	energy	at	the	bottom	of	the	conduction	band	(CB),	Ec.	For	the	valence	band	(VB),	similar	results	hold.	In	the	case	that	the	origin	of	the	energies	is	not	chosen	to
be	the	bottom	of	the	band	(i.e.,	Ec	≠	0),	for	the	conduction	band	Equation	3.229	comes	with	an	energy	term	(E	–	Ec)1/2,	and	in	the	case	of	the	valence	band	the	energy	term	is	given	as	(Ev	–	E)1/2.	Here	the	contributions	from	the	light-	and	heavy-hole	bands	add	to	give	the	total	DOS.	Note	that,	just	like	the	DOS	in	a	3D	ideal	gas	(Equation	3.19),	we
obtain	a	square	root	dependence	in	energy	E.	This	function	is	illustrated	in	Figure	3.119	(full	line).	Thus,	in	the	case	of	free	3D	motion,	the	electronic	DOS	has	a	smooth	square	root	dependence	on	energy	E	with	three	continuously	varying	wave	vectors	k	x	,	ky,	and	k	z.	This	holds	for	materials	that	are	large	compared	with	the	de	Broglie	wavelength



(L1,	L2,	L3	>	λDB).	An	important	feature	of	nanostructure	devices	is	that	their	DOS	is	very	different	from	this	expression,	and	170	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	G(E)dE	=	1	×	[the	number	of	states	in	the	energy	range	from	E	to	E	+	dE]	V	G(E)f(E)dE	=	1	×	[the	number	of	filled	states	in	the
energy	range	from	E	to	E	+	dE]	V	Density	of	states	G(E)	kBT	1	Density	of	filled	states	G(E)f	(E,T)	EF		Shaded	area–filled	states	at	T=0	2	EF	E	FIGURE	3.119	Density	of	states	(DOS)	(full	line)	and	occupied	states	(shaded	area	filled	at	T	=	0	K)	around	the	Fermi	energy	[G(E)3D].	The	density	of	filled	states	is	marked	with	a	broken	line.	As	the
temperature	increases	above	T	=	0	K,	electrons	from	region	1	are	excited	into	region	2.	this	will	turn	out	to	have	important	consequences	for	their	electrical	and	optical	properties.	Equation	3.229	gives	us	the	number	of	possible	electronic	states	of	a	large	3D	device	(L1,	L2,	L3	>	λDB).	To	deduce	how	these	states	are	occupied	with	electrons,	we	need
to	multiply	the	density	of	state	function	[G(E)3D]	with	the	Fermi-Dirac	distribution	function,	fFD(E,	T),	which	gives	the	probability	that	a	state	of	energy	E	is	occupied	by	an	electron.	The	number	of	electrons	with	energies	between	E	and	E	+	dE	is	then	written	as:	n(E)3D	dE		G(E)f	FD	(E)dE	(3.230)	where	G(E)3DdE	is	the	number	of	states	between	E
and	E	+	dE.	This	function	is	shown	as	a	broken	line	in	Figure	3.119.	The	integral	of	n(E)3DdE	over	all	energies	gives	the	total	number	of	electrons	n3D	per	unit	volume	(=n3D/V).	From	Equation	3.230,	with	f(E)	=	1	(T	=	0	K),	the	number	density	of	filled	states	n3D	is:	d	EF	n	3D		°	n(E)3DdE	=	°	G(E)3D	f(E)dE	or	0	0	3	EF	n	3D		°	0	3	1	¥	2m*e	´	2	12	E
dE		2P	2	¦§	;	2	µ¶	¥	2m*e	E	F	´	2	¦§	;	2	µ¶	3P	2	Note	that	at	T	=	0,	n(E)3D	is	zero	for	E	>	EF,	so	we	only	have	to	integrate	from	E	=	0	to	E	=	EF.	In	Figure	3.119	this	integral	corresponds	to	the	shaded	area.	For	a	metal	with	a	total	number	n3D	of	valence	electrons	per	unit	volume,	we	can	now	calculate	the	maximum	energy	(EF)	and	the	maximum	k
value	(k	F).	The	maximum	energy	(the	energy	at	the	surface	of	the	sphere)	at	T	=	0	K	is	obtained	by	solving	for	EF:	(3.231)	;2	3P	2n	3D	2m*e		2	3	2		(0.365	eV	nm2	)(n	3D	)	3	(3.232)	This	Fermi	level	is	the	top	of	the	collection	of	electron	energy	levels	at	absolute	zero	temperature,	and	it	depends	on	the	number	of	electrons	per	unit	volume	(n3D).
Example	numbers	for	Fermi	energies	for	different	metals	can	be	found	in	Table	3.13.	Because	fermions	cannot	exist	in	identical	energy	states	(see	the	exclusion	principle),	at	absolute	zero,	electrons	pack	into	the	lowest	available	energy	states	and	build	up	a	“Fermi	sea”	of	electron	energy	states.	In	this	state	(0	K),	the	average	energy	per	electron	in	a
3D	electron	gas	is	calculated	as:	EF	Total	Energy	E	av			Number	of	Electrons	°	EG(E)	dE	°	G(E)	dE	3D	0	EF	3D	0	1		n	3D	(3.233)	EF	3	°0	EG(E)3DdE		5	E	F	For	Cu,	for	example,	this	average	energy	is	4	eV,	huge	compared	with	typical	thermal	energies	of	0.025	eV	(kT	at	300	K).	Contrast	this	result	with	that	of	a	gas	of	molecules	where	a	Boltzmann
distribution	leads	to	an	energy	E	of	zero	at	0	K	and	of	the	order	of	kT	at	a	temperature	T!	The	total	number	N	of	k-states	within	the	Fermi	sphere	can	be	calculated	as:	4	3	Pk	F	k	3F	v	N	3		3	6P	2	¥	2P	´	¦§	L	µ¶	(3.234)	because	each	k-state	occupies	(2π/L)3	and	the	total	4	volume	of	the	Fermi	sphere	equals	Pk	3F.	The	ratio	of	3	171	Quantum	Mechanics
and	the	Band	Theory	of	Solids	these	two	gives	the	total	number	of	states	N,	each	of	which	accommodates	two	electrons;	in	other	words,	the	density	of	states	n3D(=N/V)	at	the	Fermi	level	is:	n	3D		2N	k	3F		2		V	3P	¥	2m*e	E	F	´	¦§	;	2	µ¶	3	2	(3.235)	3P	2	giving	us	back	Equation	3.231.	Thus,	the	density	of	single-particle	states	available	per	unit	volume
per	unit	energy	of	states	at	the	Fermi	level	in	an	unrestricted	(3D)	electronic	device	is	derived	as:	From	Equation	3.235,	k	F	is	given	by:	1	k	F		(3nP	2	)	3	which	depends	only	on	particle	concentration	n.	We	can	now	also	ask,	what	is	the	speed	in	the	highest	occupied	state	EF?	From	k	F,	the	Fermi	wave	vector,	we	calculate	the	velocity	vF	of	the
electrons	on	the	Fermi	surface,	i.e.,	the	Fermi	velocity	(see	Equation	3.203,	with	group	velocity	vg	=	vF)	as:	vF		3	dn	3D	G(E)3D	(E		E	F	)		dE	E=E	F	1		2P	2	¥	2m*e	´	2	12	¦§	;	2	µ¶	E	F	(3.236)	This	is	a	very	important	quantity	as	the	rates	of	many	processes	are	proportional	to	G(E).	Increasing	n3D,	the	density	of	electrons	in	3D	increases	both	EF
(Equation	3.232)	and	G(E)3D	(Equation	3.236).	This	is	of	course	the	same	outcome	as	obtained	in	Equation	3.229,	the	only	difference	being	that	we	replaced	E	with	EF	here.	The	result	in	Equation	3.236	can	be	simplified	by	comparing	it	with	Equation	3.235	to	obtain:	G(E)3D	(E		E	F	)		dn	3D	dE	E			E	F		3n	3D	2E	F	(3.237)	What	this	means	is	that	the
density	of	single-particle	states	available	per	unit	volume	and	per	unit	energy	of	states	at	the	Fermi	level	in	3D	is	1.5	times	the	density	of	conduction	electrons	divided	by	the	Fermi	energy.	Example	3.7:	Calculate	the	Fermi	energy	EF	of	Na.	Na	has	an	atomic	density	of	2.53	×	1028	atoms/m3.	We	are	assuming	me	=	me*,	i.e.,	h2	/2me=	1.505	eV.nm2.
Answer:	Sodium	has	one	valence	electron	(3s)	per	atom,	so	the	electron	density	is	n	=	2.53	×	1028/m3.	Using	Equation	3.232	we	obtain:	EF		1	h2	3P	2ne	4	P	2	2me		pF	;k	F			me	me	2E	F	m*e	(3.239)	The	Fermi	velocity	is	the	average	velocity	of	an	electron	in	an	atom	at	absolute	zero.	This	average	velocity	corresponds	to	the	average	energy	given
above	(Equation	3.233).	In	Equation	3.239,	pF	is	the	Fermi	momentum,	i.e.,	the	momentum	of	fermions	at	the	Fermi	surface,	and	with	the	expression	for	k	F	in	Equation	3.238	we	obtain:	vF		;	3P	2n	3D	m		1	3	(3.240)	We	see	that	in	3D,	the	higher	the	electron	density,	the	faster	the	electrons	are	moving.	In	the	presence	of	an	electrical	field,	all	the
electrons	in	a	conductor	move	together,	so	the	exclusion	principle	does	not	prevent	the	free	electrons	in	filled	states	from	contributing	to	the	conduction.	This	is	illustrated	in	Figure	3.120,	where	we	show	the	Fermi	function	in	one	dimension	versus	velocity	at	an	ordinary	temperature.	Over	a	wide	range	of	velocities,	the	Fermi	function	equals	1,	and
speeds	vF	marked	in	this	figure	are	given	by	Equations	3.239	and	3.240.	The	dashed	curve	represents	the	Fermi	function	after	the	electric	field	has	been	applied	for	a	period	t.	f(E)	No	electric	field	With	electric	field	2	3	1		1.505	eV	–	nm2	3P	2	s	25.3	nm	3	4P2		(3.238)		2	3	–vF		3.31	eV	Obviously	electrons	in	a	metal	have	a	very	large	kinetic	energy,
even	at	T	=	0!	+vF	vx	FIGURE	3.120	The	Fermi	function	versus	velocity	in	one	dimension	for	a	conductor	with	(solid)	and	without	(broken	line)	electrical	field	in	the	+x-direction.	The	effect	is	greatly	exaggerated	(see	text).	172	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	3.12	Fermi	Quantities*	Fermi
Quantity	Fermi	wave	vector	Equation	3D	k	F		(3P	2n)	Typical	Value	1	3	2	~108	cm−1	2	3	;	(3P	2n)	~1–10	eV	2m*e	Fermi	energy	EF		Fermi	wavelength	λF	=	2π/kF	Fermi	temperature	TF	=	EF/kB	Fermi	momentum	p	=	=kF	;k	p	vF		*		*F	Fermi	velocity	me	me	Few	nanometers	for	metals,	several	tens	of	nanometers	for	semiconductors	~104–105	K
~108	cm/s	*All	values	at	T	=	0	K.	All	the	electrons	have	been	shifted	to	higher	velocities,	but	the	net	effect	is	equivalent	to	shifting	electrons	near	the	Fermi	level	only.	A	typical	value	for	the	Fermi	velocity	at	0	K	is	∼106	m/s	or	1000	km/s;	as	pointed	out	before,	this	is	a	surprising	result	because	for	a	classical	gas	at	300	K	8k	B	T	the	thermal	velocity	v
rms		=	105	m/s	(see	Pm	Equation	3.21)	with	a	velocity	that	goes	to	zero	at	T	=	0	K!	The	Fermi	wavelength	λF	is	given	as	2π/kF;	it	represents	the	de	Broglie	wavelength	associated	with	the	Fermi	wave	vector	kF.	The	Fermi	temperature	is	the	temperature	TF	at	which	kBTF	=	EF.	Thus,	it	is	the	energy	of	the	Fermi	level	of	an	assembly	of	fermions
divided	by	Boltzmann’s	constant.	The	quantity	TF	is	not	to	be	confused	with	the	temperature	of	the	electron	gas.	Below	the	Fermi	temperature,	a	substance	gradually	expresses	more	and	more	quantum	effects	of	cooling.	For	temperatures	much	lower	than	the	Fermi	temperature,	the	average	energy	of	the	phonons	of	the	lattice	will	be	much	less	than
the	Fermi	energy,	and	the	electron	energy	distribution	will	not	differ	greatly	from	that	at	T	=	0.	We	also	recognize	here	that	photons	travel	much	faster	than	electrons!	Photons	travel	at	c	=	3.0	×	108	m/s	(in	vacuum)	versus	electrons	that	travel	at	vF	(Fermi	speed)	=	1.57	×	106	m/s	(copper	wire).	The	Fermi	quantities	we	introduced	in	this	section	are
summarized	in	Table	3.12,	and	in	Table	3.13	we	list	calculated	free	electron	Fermi	surface	parameters	for	some	metals	at	room	temperature.	Electronic	Conductivity	for	Bulk	Materials	Drude,	at	the	end	of	the	nineteenth	century,	could	not	have	known	about	the	Fermi-Dirac	distribution.	Electrons,	being	fermions,	follow	this	distribution,	and	at	room
temperature	it	is	almost	the	same	as	at	absolute	zero	temperature,	resulting	in	a	velocity	distribution	for	fermions	very	different	from	the	one	predicted	by	Maxwell-Boltzmann	statistics.	Only	electrons	near	the	Fermi	level	contribute	to	electrical	conductivity,	and	as	a	result	of	the	wave	nature	of	the	electrons,	they	can	pass	through	a	perfect	crystal
without	suffering	any	resistance	at	all.	This	means	that	the	mean	free	path	of	an	electron	passing	through	a	perfect	crystal	with	all	nuclei	at	rest	is	infinity	rather	than	the	interatomic	spacing	of	the	order	of	1	nm	assumed	by	Drude.	In	such	an	ideal	crystal,	a	Bloch	function	ψk	evolves	into	Y	k	$k	x	,	and	TABLE	3.13	Calculated	Free	Electron	Fermi
Surface	Parameters	for	Metals	at	Room	Temperature	Metal/Valency	Cu(1)	Ag(1)	Au(1)	Be(2)	Mg(2)	Zn(2)	Al(3)	Ga(3)	In(3)	Pb(4)	Sn(4)	Electron	Concentration	n	(cm−3)	Fermi	Wave	Vector	(cm−1)	Fermi	Velocity	(cm	s−1)	Fermi	Energy	EF	(eV)	Fermi	Temperature	TF	=	EF	/kB	(in	K)	8.45	×	1022	5.85	5.90	24.2	8.60	13.10	18.06	15.30	11.49	13.20
14.48	1.36	×	108	1.20	1.20	1.93	1.37	1.57	1.75	1.65	1.50	1.57	1.62	1.57	×	108	1.39	1.39	2.23	1.58	1.82	2.02	1.91	1.74	1.82	1.88	7.00	5.48	5.51	14.14	7.13	9.39	11.63	10.35	8.60	9.37	10.03	8.12	×	104	6.36	6.39	16.41	8.27	10.90	13.49	12.01	9.98	10.87	11.64	173	Quantum	Mechanics	and	the	Band	Theory	of	Solids	ky	F	kx	kavg	FIGURE	3.121
Displacement	of	the	Fermi	surface	with	an	applied	electrical	field.	Collisions	with	thermal	vibrations	and	defects	(not	stationary	ions	or	other	electrons,	as	Drude	envisaged)	stop	the	Bloch	oscillations	and	cause	electrons	to	settle	to	a	drift	velocity.	See	also	Figure	3.71,	where	the	Fermi	factor	in	one	dimension	for	a	conductor	with	(solid)	and	without
(broken	line)	electrical	field	in	the	+	x-direction	is	shown.	when	this	electron	state	reaches	the	Brillouin	zone	at	k	=	+π/a,	it	re-enters	the	crystal	at	–π/a	or	we	get	resistance-less	Bloch	oscillations.	In	the	absence	of	an	electric	field,	the	same	number	of	electrons	is	moving	in	the	±x-,	±y-,	and	±z-directions,	so	the	net	current	is	zero.	But	when	a	field	E
is	applied,	e.g.,	along	the	x-direction,	the	Fermi	sphere	in	Figure	3.121,	in	the	absence	of	collisions,	is	displaced	at	a	uniform	rate	by	an	amount	related	to	the	net	change	in	momentum,	Δp	x	,	of	the	free	electron	gas	(FEG)	as	a	whole.	The	equation	of	motion	(Newton’s	law)	describes	this	situation	as	(see	Equation	3.208):	¥	dk	´	dv	x	m		;	¦	x	µ		E	x	e		F
dt	§	dt	¶	*	e	eE	x	t	;	k	avg		k	BZ	z	The	shift	in	Fermi	sphere	creates	a	net	current	flow	because	more	electrons	move	in	the	+	x-direction	than	the	–x-direction.	According	to	this	model,	the	Fermi	sphere	moves	with	constant	velocity	in	k-space.	This	means	that	the	electron	velocity	increases	indefinitely.	This	is	of	course	not	possible,	and	it	is	evident	that
scattering	processes	must	limit	the	electron	velocity	and	hence	the	finite	electrical	conductivity	of	metals.	A	viscous	term	must	be	introduced	in	the	equation	of	motion.	In	a	real	crystal,	(3.243)	2P	2P	z	z	2	s	1010	m	1	10	a	3.00	s	10	m	The	effect	of	the	Fermi	shift	in	Figure	3.121	are	greatly	exaggerated.	If	at	t	=	0	an	electrical	field	is	applied	to	a	Fermi
sphere	centered	at	the	origin	of	k-space,	the	sphere	will	move	to	a	new	position	in	a	characteristic	time	between	scattering	events	given	by:	(3.241)	(3.242)	eE	x	T	;	The	wave	vector	changes	calculated	from	Equation	3.243	are	very	small	changes;	for	example,	with	an	electric	field	E	of	1	V/m	and	with	a	value	for	the	scattering	time	τ	of	~10−14	s	we
calculate	a	value	for	|k	avg|	of	~15	m−1,	a	quantity	very	small	compared	with	a	BZ	dimension,	which	we	calculate	as:	T	The	quantity	=	k	is	the	crystal	momentum,	and	thus	one	can	say	that	the	force	caused	by	the	electric	field	is	equal	to	the	time	derivative	of	the	crystal	momentum.	Integrating	the	previous	expression	we	obtain:	k	x	(t)	k	x	(0)	
scattering	events	with	a	scattering	time	τ,	involving	collisions	of	electrons	near	the	Fermi	surface	(these	are	the	only	ones	that	can	move	into	empty	states),	prevent	the	observation	of	the	ideal	Bloch	oscillations	and	oppose	the	electrical	field	effect	so	that	the	Fermi	sphere	reaches	a	steady	state	when	the	new	center	is	displaced	in	the	x-direction	by
an	average	wave	vector:	L	v	avg	(3.244)	From	Equation	3.243	the	average	velocity	of	the	Fermi	sphere	is	given	by:	v	avg		;k	avg	*	e	m		eE	x	T	m*e	(3.245)	At	the	steady	state	the	current	density	is	then	given	as:	¥	ne	2E	x	T	´	J		nev	avg		¦		SE	§	m*e	µ¶	[3.3][3.6]	where	n	is	the	electron	density	and:	S	ne	2	T	m*e	(3.7)	These	are	the	same	expressions	as
derived	in	Drude’s	L	(Equation	model,	but	with	τ	given	now	as	T		v	avg	*	3.244)	and	me	replacing	me.	The	average	velocity,	174	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	derived	as	v		8k	B	T	(Equation	3.21)	from	the	Pm	Boltzmann	distribution	of	speeds	in	Drude’s	model,	;k	avg	eE	T		x*	(Equation	is
replaced	here	by	v	avg		*	me	me	3.245).	In	Drude’s	model	the	mean	free	time	between	collisions	of	electrons	with	lattice	ions,	τ,	is	related	eE	T	to	the	average	velocity	in	v		v	dx		x	(Equation	me	3.6)	as:	T	L	a	z	vx	vx	(3.246)	Drude	assumed	the	electron	mean	free	path,	λ,	to	be	equal	to	the	lattice	constant,	a,	which	is	of	the	order	of	1	nm,	in	which	case
this	equation	yields	a	typical	value	for	τ	of	about	10	−14	s.	Based	on	Equations	3.7,	3.21,	and	3.246,	Drude	then	derived	the	following	relationship	for	the	resistivity:	R	1	me	v	d	m			2e	2	S	ne	L	ne	a	8kT	Pme	(3.22)	Using	the	lattice	constant,	a,	for	the	mean	free	path,	this	equation	leads	to	values	for	the	conductivity	of	a	metal	that	are	six	times	too
small.	Moreover,	from	Equation	3.22	the	temperature	dependence	of	the	resistivity	is	determined	by	vdx	,	which	in	this	model	is	proportional	to	T	,	whereas	in	practice	the	temperature	dependence	of	the	resistivity	is	represented	by	the	empirical	relationship:	R		R0	AT	(3.23)	where	ρ0	is	the	resistivity	at	a	reference	temperature,	usually	room
temperature,	and	α	is	the	temperature	coefficient.	If	the	Boltzmann	distribution	function	is	applied	to	the	electron	gas,	one	thus	immediately	finds	the	velocity	of	the	electron	to	change	as	T	.	According	to	Drude’s	model,	the	mean	free	path	is	obviously	temperature-independent	because	it	is	calculated	from	the	scattering	cross-section	of	rigid	ions
(with	lattice	constant	a).	This	results	in	a	resistivity	proportional	to	T	,	provided	that	the	number	of	electrons	per	unit	volume	n	is	temperature-independent	(Equation	3.22).	However,	people	at	that	time	had	been	well	aware	that	the	resistivity	of	typical	metals	increases	linearly	with	increasing	temperature	well	above	room	temperature	(Equation
3.23).	To	be	consistent	with	the	Maxwell–Boltzmann	distribution	law,	one	then	had	to	assume	n	to	change	as	1	in	metals.	This	was	not	physically	accepted,	and	T	the	application	of	the	Maxwell–Boltzmann	distribution	to	the	electron	system	was	apparently	the	source	of	the	problem.	In	the	quantum	mechanical	model,	only	a	few	electrons,	all	moving	at
the	temperature-independent	very	high	Fermi	velocity	v	F	~108	cm/s	(Equation	3.239),	carry	the	current,	instead	of	all	electrons	moving	at	the	average	drift	velocity	vd	(~0.1	cm/s)	in	Drude’s	model	(see	p.	82	“Drude	Fails”).	Only	electrons	near	the	surface	of	the	Fermi	sphere	find	empty	orbitals	in	which	they	can	scatter.	Electrons	in	the	inner	part	of
the	Fermi	sphere	find	no	empty	states	with	similar	energy	as	those	electrons	near	the	Fermi	sphere.	Therefore,	inner	electrons	cannot	scatter,	and	those	electrons	do	not	contribute	to	the	current	transport	process.	Replacing	vth	with	v	F	in	Equation	3.8,	one	obtains	a	value	for	the	resistivity	that	is	100	times	larger	than	the	experimental	numbers—
understandable	because	v	F	is	16	times	larger	than	vth,	and	we	know	that	the	numbers	obtained	with	vth	were	already	six	times	too	large.	The	resolution	lies	in	the	calculation	of	the	mean	free	path	λ;	in	a	perfectly	ordered	crystal	λ	=	∞;	in	a	real	crystal,	λ	is	determined	by	scattering	phenomena.	We	need	to	replace	the	inner	atomic	distance	a	in
Equation	3.22	with	the	quantum	mechanics	value	for	λ,	the	mean	free	path	of	the	conduction	electrons.	Experiments	have	shown	that	the	electrons	can	move	surprisingly	far	without	any	interaction;	the	mean	free	electron	pass	can	be	up	to	10	8	atom	distances	at	low	temperatures.	Electrons	are	not	scattered	by	the	regular	building	blocks	of	the
lattice	because	of	the	wave	character	of	the	electrons.	Scattering	mechanisms	instead	are:	1.	Lattice	defects	(foreign	atoms,	vacancies,	interstitial	positions,	grain	boundaries,	dislocations,	stacking	disorders),	and	2.	Thermal	vibration	of	the	lattice	(phonons).	Item	1	is	more	or	less	independent	of	temperature,	whereas	item	2	is	independent	of	lattice
defects	but	dependent	on	temperature.	The	mean	free	path	Quantum	Mechanics	and	the	Band	Theory	of	Solids	now	does	not	depend	on	the	radius	of	the	ions	but	rather	on	deviations	of	the	ions	from	a	perfectly	ordered	array	such	as	seen	from	lattice	thermal	vibrations	and	the	presence	of	impurities.	The	ion	vibrations	lead	to	an	effective	area	A	that
results	in	an	electron	mean	free	path	given	as	λ	=	1/nion	A.	Lattice	ions	are	basically	points	only,	but	their	thermal	vibration	has	them	occupy	an	electron	scattering	area	A	=	πr2,	where	r	is	the	amplitude	of	the	thermal	vibrations.	The	energy	of	thermal	vibration	in	a	simple	harmonic	oscillator	is	proportional	to	the	square	of	the	amplitude	of	the
vibration	(r2).	In	other	words,	the	area	A	is	proportional	to	the	energy	of	the	vibrating	lattice	ions.	From	the	equipartition	theory	we	know	that	the	average	vibration	energy	is	proportional	to	kT,	so	it	follows	that	A	is	proportional	to	T	and	λ	is	proportional	to	1/T.	Because	the	mean	free	path	is	inversely	proportional	to	tem1	perature	at	high
temperatures,	it	follows	that	S	t	,	T	in	agreement	with	the	experimental	evidence	(Equation	3.23).	This	solves	the	issue	of	the	wrong	temperature	dependence	of	the	resistivity.	We	need	to	also	calculate	a	correct	absolute	value	for	the	resistance	using	the	quantum	mechanical	mean	free	path.	The	quantum	mechanical	mean	free	path	of	the	conduction
electrons,	say	in	Cu,	is	defined	as:	L		vFT	(3.247)	where	vF	is	the	velocity	at	the	Fermi	surface,	because	all	collisions	involve	only	electrons	near	the	Fermi	surface.	With	Fermi	velocities	vF	of	typically	108	cm/s	(see	Table	3.13)	and	with	room-temperature	resistivities	for	many	metals	of	ρ	~	1–10	μΩ·cm,	the	corresponding	relaxation	time	is	~10	−14	s
and	the	resulting	averaged	free	electron	path	at	room	temperature	is	about	100	Å.	So	it	is	of	the	order	of	a	few	10s	to	100s	of	interatomic	distances.	At	low	temperatures	for	very	pure	metals	the	mean	free	path	can	actually	be	made	as	high	as	a	few	centimeters	(τ	≈	2	×	10−9	s	at	4	K	for	very	pure	Cu).	Compared	with	using	the	lattice	constant,	a,	for
the	mean	free	path,	this	equation	leads	obviously	to	values	for	the	conductivity	that	are	100	times	higher—in	agreement	with	experimental	data.	For	a	current	J	of	1	A/mm	2	in	a	conductor	with	an	electron	density	of	n	=	1022	cm−3,	we	175	calculate	an	average	speed	vavg	of	the	Fermi	sphere	of	J/ne	∼	0.1	cm/s	(see	Equation	3.3),	which	is	much	less
than	the	Fermi	velocity	v	F	~	108	cm/s.	In	a	conductor,	charges	are	always	moving	at	the	Fermi	velocity,	but	the	Fermi	sphere	moves	much	slower	because	electrons	travel	at	fast	Fermi	velocities	for	a	short	average	time,	τ,	and	then	“scatter”	because	of	collisions	with	atom	vibrations,	grain	boundaries,	impurities,	or	material	surfaces	(especially	in
very	thin	films).	The	value	for	n(E)3D	in	J	=	−	n(E)3Devavg	(Equation	3.3)	at	T	>	0	is	obtained	from	Equation	3.230:	n(E)3D	dE		G(E)3D	f	FD	(E)dE	3	8P	2me	2	12		E	h3	1	e	E	EF	kT	dE	(3.248)	1	For	a	large	semiconductor,	Equation	3.248	was	illustrated	in	Figure	3.119	with	a	broken	line.	We	will	see	below	that	G(E)	depends	strongly	on	dimensionality,
so	we	also	expect	the	current	density	to	vary	strongly	with	dimensionality.	Quantum	Wells:	L1,2	>	λ	DB	>	L	3	Quantization	As	we	saw	earlier,	devices	that	come	with	a	length	L	that	in	one	direction	is	comparable	with	the	size	of	the	electron	de	Broglie	wavelength	are	known	as	quantum	wells	(1D	confinement).	A	planar	quantum	well	structure	may	be
made	from	a	thin	region	of	a	narrow	gap	semiconductor	sandwiched	between	two	layers	of	a	wide	bandgap	semiconductor.	We	use	for	an	example	of	such	1D	confinement	a	quantum	well	made	by	sandwiching	a	layer	of	GaAs	between	two	layers	of	Al	xGa1-x	As,	as	shown	first	in	Figure	3.59	and,	simplified,	reproduced	in	Figure	3.122.	Growing	two
different	semiconductors	on	top	of	each	other,	as	illustrated,	y	x	z	z	L	FIGURE	3.122	A	quantum	well	can	be	made,	for	example,	by	sandwiching	a	layer	of	GaAs	between	two	macroscopic	layers	of	AlxGa1-xAs.	This	creates	a	layer	in	which	the	electrons	(and	holes)	behave	in	a	2D	way	(see	also	Figure	3.59).	176	Solid-State	Physics,	Fluidics,	and
Analytical	Techniques	in	Micro-	and	Nanotechnology	forms	heterojunctions.	The	narrower	bandgap	GaAs	material	is	enclosed	by	a	material	with	a	considerably	larger	bandgap	to	establish	a	potential	barrier	at	the	surface	of	the	confined	material.	Because	of	the	potential	barrier,	the	motion	of	electrons	and	holes	is	restricted	in	one	dimension
(thickness	L	in	the	z-direction	in	this	case)	and	is	forced	to	occupy	discrete	states	of	energy	instead	of	staying	arbitrarily	within	an	energy	continuum.	Hence	quantization	of	the	system	occurs	by	shrinking	the	thickness	of	the	GaAs	layer.	A	2D	electron	gas	in	the	laboratory	is	really	a	3D	electron	system	in	which	the	electron	motion	is	strongly	confined
in	one	spatial	direction	but	in	which	free	motion	is	still	allowed	in	the	other	two	directions.	At	the	interface	of	the	semiconductors	GaAs	and	Al	xGa1-x	As	a	potential	well	is	formed.	The	potential	well	is	a	result	of	charge	transfer	between	the	two	materials	and	their	conduction	band	offset	(Ec),	confining	the	electrons,	and	the	motion	of	electrons
perpendicular	to	the	plane	of	the	heterointerface	(z-axis	in	Figure	3.122)	is	quantized.	The	composition	x	of	the	ternary	semiconductor	AlxGa1-x	As	can	be	varied	to	control	the	electron	barrier	height.	A	good	lattice	match	between	GaAs	and	AlxGa1-x	As	over	a	wide	range	of	x	values	minimizes	lattice	strain	at	the	interfaces.	When	the	electron	and
holes	are	confined	in	the	same	layer,	one	talks	about	a	type	I	quantum	well;	with	electron	and	holes	confined	in	different	layers,	one	defines	a	type	II	quantum	well.	For	the	quantum	well	considered	here,	the	Al	xGa1-x	As	layers	are	thick	enough	so	that	tunneling	through	these	layers	remains	very	limited.	For	an	energy	E	smaller	than	the	potential
barrier	V,	the	energy	of	an	electron	in	the	conduction	band	of	a	quantum	well	is	given	as:	represents	the	quantized	energy	in	the	z-direction	(the	thickness	direction	L	of	the	GaAs	film).	This	is	the	same	expression	we	derived	in	Equation	3.156	for	a	finite-sized	1D	box	with	infinitely	high	potential	walls.	For	quantization	to	be	important,	the	difference
between	the	electron	energy	levels	should	be	much	larger	than	the	thermal	energy	kBT,	that	is,	n	2h2	E	n		z	*	2		k	B	T,	where	n	z	=	1,	2,	3	are	the	quan8me	L	z	tum	numbers	labeling.the	energy	levels.	E	0c	is	the	energy	corresponding	to	the	bottom	of	the	conduction	band.	Strictly	speaking,	the	above	expressions	apply	only	to	an	infinitely	deep
potential	well.	However,	we	can	use	the	same	equations	as	long	as	En	is	well	below	the	bottom	of	the	conduction	band	of	the	wide	band	material.	Using	this	condition,	we	find,	for	example,	that	in	GaAs	where	m*e	/me	=	0.067,	the	levels	are	quantized	at	room	temperature	when	L	z	=	150	Å.	The	third	term	on	the	right	side	of	Equation	3.249
represents	the	kinetic	energy	of	the	electrons	in	the	x-y	plane	where	they	are	free	to	move.	The	k	z-component	is	absent	in	the	last	term	of	Equation	3.249	because	the	motion	in	this	direction	is	quantized.	Equation	3.249	reveals	that	for	each	value	of	the	quantum	number	n,	the	values	of	wave	vector	components	k	x	and	ky	form	a	2D	band	structure.
The	wave	vector	k	z	in	the	z-direction,	on	the	other	hand,	can	only	take	on	discrete	values,	k	z	=	n	zπ/L	z.	For	each	value	of	n	there	is	a	sub-band	with	n	the	sub-band	index	as	illustrated	in	Figure	3.123.	In	this	figure	we	show	energy	levels	(bottoms	of	E	E	nz	=	3	h	2	(k	2x	+	k	2y	)	n	2h2	E	n	(k	x	,	k	y	)		E	0c	z	*	2	,	n		0,1,2,	8m*e	8me	L	z	(3.249)	E1D	(n	z
)	E1D	(k	x	,k	y	)	Subbands	nz	=	2	m*/πħ2	nz	=	1	G(E)	(in	x-y	plane)	k	with	the	wave	function:	Y	n	(x,	y,	z)		Y	n	(z)e	ik	x	x	e	(a)	ik	y	y	(3.250)	There	is	one	quantized	component	in	the	z-direction	and	a	“free”	electron	component	in	the	x-y	plane.	The	second	term	on	the	right	side	of	Equation	3.249	(b)	(c)	FIGURE	3.123	(a)	Energy	levels	(bottoms	of	sub-
bands)	for	a	quantum	well	made	by	sandwiching	a	layer	of	GaAs	between	two	macroscopic	layers	of	AlxGa1-x	As	(Lz	is	150	Å).	(b)	Energy	versus	k		(k	2x	k	2y	)1	2	for	2D	electron	gas	in	GaAs	quantum	well.	(c)	Density	of	states	for	quantum	well	structure	(Harris,	2006.4)	Quantum	Mechanics	and	the	Band	Theory	of	Solids	sub-bands),	density	of	states
for	a	quantum	well	structure,	and	energy	versus	k		(k	2x	k	2y	)1	2	for	the	2D	electron	gas	in	the	GaAs	quantum	well.	We	can	carry	out	an	analogous	argument	for	the	holes	in	the	valence	band	with	the	difference	that	their	quantized	energy	is	inverted	and	that	we	need	to	invoke	m*h	for	the	effective	mass	of	the	hole.	For	a	quantum	well,	the	lowest-
energy	band-to-band	(interband)	transition	is	now	different	from	the	bandgap	(Eg)	transition	of	the	bulk	semiconductor.	It	will	occur	at	a	higher	energy	level	(shorter	wavelength)	between	the	lowest	energy	state	for	electrons	in	the	conduction	band	(n	=	1)	and	the	corresponding	state	for	holes	in	the	valence	band.	This	defines	the	effective	bandgap
for	a	quantum	well	as:	E*g		E	0c	E	0v	1	´	h2	¥	1	*µ	2	¦	*	8L	§	me	m	h	¶	(3.251)	The	shift	to	higher	wavelengths	is	referred	to	as	a	“blue	shift,”	caused	by	quantization.	Fermi	Surfaces	and	Brillouin	Zone	for	Quantum	Wells	In	the	case	of	a	free	3D	electron	gas	we	appreciate	that	the	surface	of	the	Fermi	sea	is	a	sphere	of	radius	k	F	connecting	points	of
equal	energy	in	k-space	(see	Figure	3.111).	In	2D	this	becomes	a	circle	connecting	points	of	equal	energy	in	2D	k-space.	In	Figure	3.124	we	show	the	Fermi	circles	corresponding	to	2D	crystals	with	one,	two,	three,	and	four	valence	electrons	per	atom.	In	this	figure	we	also	show	the	2D	Brillouin	zone	(see	square	in	dashed	line),	and	we	see	how	the
free	electron	circle	of	a	three-valent	metal	(red	circle)	cuts	the	Bragg	planes	k	located	at	π/a.	The	square	shown	in	Figure	3.124	corresponds	to	the	first	Brillouin	zone	of	a	2D	square	lattice	(Figure	3.112b).	Density	of	States	for	Quantum	Wells	The	density	of	states	for	each	sub-band	of	a	quantum	well	(Figure	3.123c)	can	be	found	using	an	approach
similar	to	the	one	we	used	above	for	a	3D	density	of	states	function,	that	is,	by	counting	the	number	of	states	with	wave	vectors	k	between	k	and	dk.	In	the	case	of	1D	confinement	of	electrons	we	must	find	the	number	of	k-states	enclosed	in	an	annulus	of	radius	k	+	dk	(see	Figure	3.125).	Each	state	occupies	an	area	A	of	2	¥	2P	´	¦§	L	µ¶	.	The	area	of
the	annulus,	A,	is	given	by:	Adk		2Pkdk	(3.252)	Dividing	the	area	of	the	annulus	by	the	area	occupied	by	a	k-state,	and	remembering	again	to	multiply	by	2	for	the	electron	spin	states,	we	get	for	the	number	of	states	per	unit	area:	G(k)2D	dk		2	2Pkdk	¥	2P	´	¦§	L	µ¶	k				2		L2	k	dk	P	(3.253)	Or,	in	terms	of	energy	per	unit	area	at	an	energy	E	(dividing	by
L2),	the	density	of	states	for	each	subband	is	given	as:	kdk	G(E)2DdE			P		2m*e	E	¥	2m*e	E	´	;	2	¦§	;	2	µ¶	–	1	2	m*e	dE	P;	2	m*e	dE	P;	2	(3.254)	k	k			177	k	k	k	k		FIGURE	3.124	Free	electron	circles	for	1,	2,	3,	and	4	valence	electrons.	The	free	electron	circle	of	a	three-valent	metal	(red	circle)	cuts	the	Bragg	planes	located	at	π/a.	FIGURE	3.125	Density
of	states,	G(k)2D,	is	the	number	of	allowed	states	between	k	and	k	+	dk,	i.e.,	the	number	of	states	between	a	sphere	of	radius	k	and	a	sphere	of	radius	k	+	dk.	178	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology																						*	FIGURE	3.126	Filling	of	the	first	two	sub-bands	in	a	2D	structure.	The	first	sub-band
has	a	constant	energy	at	me	(a),	*	P;	2	and	the	second	has	a	constant	energy	at	2me	(b).4	P;	2	For	this	derivation	we	used	Equation	3.227,	which	holds	true	for	any	dimensionality	D	of	the	problem.	Importantly,	in	an	ideal	2D	system,	the	density	of	states	is	constant	and	does	not	depend	on	energy.	The	density	of	states	in	a	2D	electron	gas,	in	which
only	the	lowest	energy	sub-band	(n	=	1	level	Ez1)	is	occupied,	is	illustrated	in	Figure	3.126a,	where	we	assume	that	the	confinement	is	in	the	z-direction.	For	all	electron	energies	up	to	Ez1	the	density	of	states	is	zero	because	electrons	cannot	exist	in	the	well	at	lower	energies	than	this.	Because	of	the	freedom	of	motion	in	the	plane	of	the	hetero
interface	(with	continuously	varying	wave	vectors	k	x	and	ky	in	the	x-y	plane),	the	energy	levels	that	form	in	the	potential	well	are	highly	degenerate.	If	the	electron	density	is	sufficiently	low,	then	all	electrons	can	be	accommodated	in	the	lowest	level	of	the	well,	and	the	freedom	of	motion	in	the	transverse	direction	is	frozen	out	and	the	electron
system	effectively	behaves	as	the	ideal	2D	one	as	described	by	Equation	3.254	with	a	single	step	in	m*	energy	only	with	a	constant	value	e2	.	In	the	regime	P;	where	only	the	lowest	sub-band	is	occupied,	increasing	energy	corresponds	to	increasing	electron	motion	in	the	x-y	plane	(kinetic	energy).	As	the	electron	filling	of	the	quantum	well	is
increased,	eventually	electrons	begin	to	fill	the	next	transverse	level	of	the	potential	well	(Figure	3.126b).	At	this	point	we	have	two	so-called	2D	sub-bands	occupied	in	the	quantum	well.	To	a	good	approximation,	electrons	in	the	two	sub-bands	may	be	viewed	as	forming	two	independent	2D	electron	gas	systems.	Thus,	the	density	of	states	is	double
that	which	we	would	expect	in	the	case	where	just	a	single	sub-band	is	occupied.	For	each	quantum	state	in	the	quantum	well,	there	will	be	a	step	in	the	density	of	states.	The	overall	density	of	states	is	discontinuous,	with	a	stepwise	structure	that	is	characteristic	of	quantum	wells.	Because	of	the	summing	over	the	different	sub-bands,	a	more	general
description	of	a	2D	system	has	Equation	3.254	modified	as:	G(E)2D		m*e	¤	H(E	–	En	)	P;	2	n	(3.255)	where	H(E	−	Ec)	is	the	Heaviside	step	function.*	It	takes	the	value	of	zero	when	E	is	less	than	En	and	1	when	E	is	equal	to	or	greater	than	En.	En	is	the	nth	energy	level	within	the	quantum	well.	In	Figure	3.127	we	summarize	the	characteristics	of	a	2D
density	of	states	function	G(E)2D.	The	energy	spacing	shown	here	increases	with	decreasing	L;	the	thinner	the	2D	film,	the	more	it	approximates	an	ideal	2D	gas	with	only	one	sub-band.	The	step-like	behavior	of	a	2D	density	of	states	function	G(E)2D	implies	that	the	density	of	states	in	the	vicinity	of	the	bandgap	is	much	larger	than	in	the	case	of	a
bulk	semiconductor,	where	the	value	of	G(E)3D	goes	to	zero	(E1	versus	Eg).	This	makes	for	stronger	optical	transitions	because	a	major	factor	G2D(E)	E2	E1	Eg	E	Eg	z	E	E1	E2	FIGURE	3.127	The	density	of	states	function	for	a	quantum	well.	The	solid	black	curve	is	that	of	a	free	electron.	The	bottom	of	the	quantum	well	is	at	energy	Eg.	*	The
Heaviside	step	function,	H,	also	called	the	unit	step	function,	is	a	discontinuous	function	whose	value	is	zero	for	negative	argument	and	one	for	positive	argument.	Quantum	Mechanics	and	the	Band	Theory	of	Solids	2	(transition	matrix	element	H	v,c	a	).	The	enhanced	oscillator	strength	of	quantum-confined	structures	is	put	to	good	use	in	the
fabrication	of	laser	media	for	highly	efficient	and	compact	solid-state	lasers	(see	Chapter	5).	In	Figure	3.128	we	illustrate	the	bound-state	energies	for	electrons	in	the	conduction	band	and	for	holes	in	the	valence	band	for	a	GaAs/Al	xGa1-x	As	heterojunction.	If	the	GaAs	layer	is	thin	enough,	bound	states	form	as	indicated	here	by	dashed	lines.	For	a
perfect	2D	electron	gas,	each	bound	state	corresponds	to	a	discontinuous	jump	in	the	electronic	density	of	states	function.	The	density	of	states	function	(DOS)	can	be	investigated	by	measuring	the	absorption	α	of	electromagnetic	radiation	associated	with	the	excitation	of	an	electron	from	the	valence	band	to	the	conduction	band.	Because	the
wavelength	of	the	radiation	is	long	compared	with	the	width	of	the	well,	transitions	only	occur	between	states	for	which	the	spatial	variation	of	the	wave	function	is	similar;	this	leads	to	the	selection	rule	Δn	=	0	for	the	adsorption.	Therefore,	the	allowed	transitions	are	those	indicated	by	the	arrows	AlxGa1-xAs	GaAs	Electron	bound	states	AlxGa1-xAs
n=3	Conduction	band	edge	n=2	n=1	Possible	photon	absorption	transitions	Hole	bound	states	(a)	n=1	n=2	n=3	Valence	band	edge	in	Figure	3.128a.	The	frequency	dependence	of	the	absorption	should	reflect	the	steps	in	the	DOS	with	the	steps	in	the	absorption	expected	to	occur	at	frequencies	ωn	given	by:	;W	n		E	Cn	E	Vn	(3.256)	where	ECn	−	EVn
is	the	energy	difference	between	the	nth	bound	states	in	the	conduction	and	valence	bands.	The	measured	adsorption	spectra	for	GaAs	layers	of	thickness	140,	210,	and	4000	Å	are	shown	in	Figure	3.128b,	and	the	expected	step	structure	is	clearly	visible	for	the	two	thinner	layers,	with	arrows	indicating	the	frequencies	at	which	steps	are	expected.
Peaks	at	energies	just	a	little	below	the	predicted	values	mark	the	absorption.	These	results	from	the	creation	of	an	exciton,	an	electron-hole	bound	state	that	is	created	when	a	photon	is	absorbed	(see	below	for	details).	Because	there	is	an	attraction	between	the	electron	and	the	hole	in	an	exciton,	the	photon	energy	required	to	create	an	exciton	is
lower	than	the	predicted	values	that	ignore	such	interactions.	Thus,	the	difference	in	energy	of	the	peak	and	the	predicted	absorption	edge	is	a	measure	of	the	binding	energy	of	the	electron-hole	pair.	An	exciton,	with	an	energy	just	below	the	bandgap,	is	clearly	seen	in	the	absorption	curve	for	the	4000-Å	layers,	but	the	step-like	structure	has
disappeared,	indicating	that	the	DOS	is	a	smooth	curve	as	one	expects	for	3D	behavior.	Electronic	Conductivity	of	Quantum	Wells	The	circles	shown	in	Figure	3.124	are	the	Fermi	circles	corresponding	to	2D	crystals	with	one,	two,	three,	and	Lz	Absorption	intensity	in	the	expression	for	the	probability	of	optical	transitions	is	the	density	of	states.	The
strength	of	an	optical	transition	is	often	defined	as	the	oscillator	strength,	and	the	oscillator	strength	of	a	quantum	well	in	the	vicinity	of	the	bandgap	is	considerably	enhanced	compared	with	a	bulk	semiconductor.	Below	we	will	show	how	Fermi’s	golden	rule	for	absorption	describes	transition	rates	between	levels	in	terms	of	the	availability	of	states
[density	of	states:	G(E)],	the	availability	of	photons	(intensity	E0),	and	a	“coupling	strength”	between	the	levels	179	(b)	n=4	n=2	n=3	4000	Å	210	Å	n=3	n=2	1.515	1.550	140	Å	1.600	1.650	1.700	Energy	(ev)	FIGURE	3.128	(a)	Heterojunction	of	GaAs	and	AlxGa1-x	As.	If	the	GaAs	layer	is	thin	enough,	bound	states	(dashed	lines)	form.	When	photons	are
absorbed,	electrons	are	excited	between	these	bound	states.	(b)	The	adsorption	of	light,	measured	as	a	function	of	photon	energy	for	GaAs	layers	of	thickness	4000,	210,	and	140	Å.	The	arrows	indicate	the	energies	at	which	the	onset	of	adsorption	is	expected	to	occur	for	transitions	involving	the	nth	bound	state.					Solid-State	Physics,	Fluidics,	and
Analytical	Techniques	in	Micro-	and	Nanotechnology									Carrier	distribution	180	Quantum	wells	(QWs)	G(E)	f(E)	n(E)	Energy	FIGURE	3.129	Deformation	of	the	free	electron	circle	near	Bragg	planes,	V(x)	≠	0.	four	valence	electrons	per	atom.	The	circles	represent	surfaces	of	constant	energy	for	free	electrons	[V(x)	=	0],	i.e.,	the	Fermi	surface	for
some	particular	value	of	the	electron	concentration.	The	total	area	of	the	filled	region	in	k-space	depends	only	on	the	electron	concentration	and	is	independent	of	any	interaction	of	electrons	with	a	lattice.	In	a	solid	more	realistic	shape	of	the	Fermi	surface	depends	on	the	lattice	interaction	of	the	electrons	and	will	usually	not	be	an	exact	circle	in	a
lattice.	There	is	a	discontinuity	introduced	into	a	free	electron	Fermi	circle	any	time	it	approaches	a	2D	Brillouin	zone	boundary.	In	Figure	3.129	we	see	how	the	shape	of	the	Fermi	circle	is	distorted	near	the	surface	if	V(x)	is	not	zero.	Energy	gaps	appear	at	zone	boundaries,	and	the	Fermi	surface	intersects	zone	boundaries	almost	always
perpendicularly.	The	crystal	potential	causes	rounding	of	sharp	corners	on	a	Fermi	surface.	The	volume	enclosed	by	a	Fermi	surface	only	depends	on	electron	density	and	not	on	details	of	the	lattice	interaction.	In	other	words,	the	volume	enclosed	by	a	Fermi	surface	remains	unchanged	under	the	“deformations”	just	mentioned.	The	number	of
occupied	states	per	unit	volume	in	the	energy	range	E	to	E	+	dE	and	with	f(E)	=	1	(T	=	0)	is	calculated	as:	EF	d	n	2D		°	n(E)2DdE		°	G(E)2D	[f(E)		1]dE	0	0	(3.257)	or	EF	n	2D		m*e	°	P;	0	2	dE		m*e	E	F	P;	2	To	calculate	the	current	density	for	a	2D	gas	at	a	particular	temperature	we	substitute	the	value	for	n(E)2D	at	T	>	0	[and	thus	f(T)	can	then	be
different	FIGURE	3.130	Quantum	wells	(QWs).	Density	of	states	(DOS)	(blue)	and	occupied	states	(red)	around	the	Fermi	energy	for	a	quantum	well.	The	Fermi-Dirac	function	is	f(E),	and	the	product	of	f(E)G(E)2D	=	n(E)2D	at	T	>	0.	from	1]	in	J	=	−n(E)2Devavg	(Equation	3.3).	The	function	n(E)2D	for	a	given	temperature	T	(>0)	is	shown	as	a	red	line
in	Figure	3.130.	In	the	same	graph	we	also	show	the	Fermi-Dirac	function	and	the	DOS	function	(blue).	The	form	of	the	density	of	states	function	of	a	2D	gas	can	also	be	dramatically	modified	by	a	magnetic	field,	giving	rise	to	very	pronounced	behavior	in	the	conductance	with	the	appearance	of	the	so-called	Landau	levels.	Quantum	Wires:	L1	>	λ	DB
>	L	2,	3	Quantization	We	saw	earlier	that	when	L	becomes	very	small	along	two	directions	(2D	confinement)—of	the	order	of	the	de	Broglie	wavelength	of	an	electron—one	obtains	a	quantum	wire	where	electrons	can	only	move	freely	in	one	direction,	i.e.,	along	the	length	of	the	quantum	wire	as	shown	first	in	Figure	3.63	and,	simplified,	reproduced
in	Figure	3.131.	These	1D	electronic	structures	with	2D	quantum	confinement	comprise	nanowires,	quantum	wires,	nanorods,	and	nanotubes.	The	starting	point	for	the	fabrication	of	one	type	of	quantum	wire	is	a	2D	electron	gas	confined	in	one	direction	as	discussed	above.	A	2D	quantum	gas	that	is	very	strongly	confined	at	some	interface	and	where
we	can	assume	that	only	the	lowest	subband	of	the	electron	gas	is	occupied,	so	that	the	motion	transverse	to	that	interface	is	frozen	out.	This	is	the	situation	we	encountered	for	a	y	x	z	FIGURE	3.131	A	rectangular	quantum	wire.	Quantum	Mechanics	and	the	Band	Theory	of	Solids	heterojunction	with	a	very	small	L,	so	that	Equation	m*	3.254	is
applicable	[G(E)2D		e2	(no	summation	of	P;	steps)].	To	this	strong	confinement,	a	typically	weaker,	lateral	confinement	of	the	electrons	is	added	by	etching	nanowires	in	the	2D	quantum	well.	In	Figure	3.131	we	drew	a	rectangular	quantum	wire	with	a	square	cross-section;	in	reality	nanowires	will	typically	be	much	wider	than	they	are	thick	(the	x-
direction	is	assumed	to	be	the	film	thickness	direction),	so	the	quantum	confinement	is	most	severe	in	the	x-direction.	The	reason	for	this	discrepancy	is	that	in	micro-	and	nanotechnology	it	is	much	easier	to	control	a	film’s	thickness	(x-	direction)	than	it	is	possible	to	control	the	lateral	dimensions	of	a	structure	(y	direction).	Let	us	consider	the	75-nm-
wide	quantum	wires	etched	in	a	GaAs/Al	xGa1-x	As	heterojunction	in	Figure	3.132.	The	2D	electron	gas	formed	at	the	heterointerface	is	confined	here	in	a	scale	of	just	a	few	nanometers	(in	the	thickness	or	x-	direction),	and	so	its	quantized	energies	are	large	in	the	x	direction.	The	lateral	confinement	(y	direction)	of	electrons	in	the	75-nmwide	wire	is
much	weaker	than	this	and	its	quantized	energies	are	consequently	much	smaller.	The	weaker	lateral	confinement	in	the	wires	gives	rise	to	a	series	of	relatively	closely	spaced	energy	levels	(see	EY	in	Figure	3.132).	Therefore,	transport	through	the	wire	in	the	z-direction	will	involve	electrons	that	occupy	many	of	these	lateral	sub-bands.	Thus,	these
structures	in	reality	are	quasi-2D	confined	systems	with	free	electron	motion	in	one	direction	and	two	different	types	of	confinement	in	the	other	two.	Ey	E4	E3	y	E2	E1	FIGURE	3.132	75-nm-wide	quantum	wires	etched	in	a	GaAs/AlxGa1-x	As	heterojunction.	The	confinement	of	electrons	in	the	x-	and	y-directions	quantizes	the	electron	energy	into	a	set
of	discrete	energies.	The	confinement	in	the	x-direction	is	much	stronger	than	in	the	y-direction.	181	For	an	idealized	nanowire	with	a	square	cross	section	and	the	x	=	y	dimensions	in	the	nanoscale	but	continuous	along	the	wire	axis	(z-direction),	the	energy	dispersion	function	may	be	written	as:	E		E	n1	,n	2	(k	z	)	;	2	k	2z	2m*e	(3.258)	with	the	wave
function:	Y(	x,	y,	z)		Y	n1	,n2	(	x,	y)e	ik	yz	(3.259)	with	n1	and	n2	the	quantum	numbers	labeling	the	eigenstates	in	the	x-y	plane	and	k	z	the	wave	vector	in	the	z-direction,	and	where	we	assume	that	the	dispersion	relation	for	the	electron	energy	is	parabolic.	The	energy	term	has	again	two	contributions:	one	is	2	2	caused	by	the	continuous	band	value
¥	;	kz	´	,	and	¦§	2m*	µ¶	e	the	other	term	[E		E	n1,	n	2	(k	z	)]	is	that	of	the	quantized	values	of	electrons	confined	in	two	dimensions	as	derived	in	Equation	3.158	(unconstrained	direction	is	along	the	z-axis).	Referencing	energies	to	the	conduction	band	edge,	the	latter	expression	may	be	rewritten	as:	E	n1,n	2	(k	z	)		E	0c	h2	8m*e	¥	n12	n	22	´	;	2	k	2z	¦§
L2	L2	µ¶	2m*	e	1	2	(3.260)	0	where	Ec	is	the	bottom	of	the	conduction	band.	The	lowest	sub-band	is	obtained	for	n1	and	n2	=	1.	The	energy	at	the	bottom	of	each	sub-band	(k	z	=	0)	is	simply	given	by:	E	n1,n	2		E	c0	h	2	¥	n12	n	22	´	8m*e	¦§	L21	L22	µ¶	(3.261)	If	we	choose	the	cross-section	of	the	GaAs	quantum	wire	containing	the	2D	confined
electron	gas	to	be	equal	to	100	×	100	Å,	then	the	lowest	energies	in	the	two	lowest	sub-bands	are	equal	to	0.112	eV	and	0.280	eV.	This	is	determined	from	Equation	3.261	for	n1	=	1,	n2	=	1	and	n1	=	1,	n2	=	2,	respectively.	In	the	case	that	the	nanowire	is	much	wider	(y-direction)	than	it	is	thick	(x-direction),	the	quantum	confinement	is	most	severe	in
the	x-direction.	Because	in	this	case	Ly	>>	Lx,	the	n2	levels	form	a	staircase	of	small	steps	in	the	widely	separated	sub-bands	corresponding	to	the	various	values	for	n1.	Thus,	confinement	that	is	different	in	the	x	and	y	directions	splits	each	182	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	sub-band	further
up	into	a	set	of	more	narrowly	spaced	sub-bands.	In	Figure	3.133	we	show	band	structure	and	density	of	states	for	a	quantum	wire	with	a	square	cross	section;	similar	to	the	situation	in	quantum	wells,	sub-bands	are	formed,	but	in	quantum	wires	with	a	rectangular	cross-section	multiple	sub-bands	form	;	2	kz2	at	each	eigenvalue	E(nx	,ny),	spread	out
as	.	2m*e	Fermi	Surface	of	Quantum	Wires	Whereas	Fermi	surfaces	in	3D	and	2D	electronic	structures	consist	of	a	sphere	and	a	circle,	respectively,	the	Fermi	surface	of	a	strictly	1D	electronic	structure	consists	of	just	two	points	at	+k	F	and	–k	F	or	°	dk	=	2k	F	(where	2k	F	k	F	is	the	Fermi	wave	vector)	or	n1D	=	.	This	P	unusual	Fermi	surface	has
some	pretty	significant	consequences.	In	1981,	Hiroyuki	Sakaki	predicted	that	ideal	1D	electrons	moving	at	the	Fermi	level	in	quantum	wires	would	require	very	large	momentum	changes	(Δk	=	2k	F)	to	undergo	any	scattering.	The	result	is	that	electron	scattering	is	strongly	forbidden.	This	is	a	consequence	of	the	fact	that	in	one	dimension,	electrons
can	scatter	only	in	one	of	two	directions:	forward	and	180°	backward.	With	this	large	reduction	in	scattering,	electrons	should	achieve	excellent	transport	properties	(e.g.,	very	high	mobility).	we	use	the	same	approach	we	took	for	the	3D	and	2D	cases.	The	k-state	has	now	a	length	l	of	2π/L,	and	we	must	find	the	number	of	k-states	lying	in	a	length	of
k	+	dk.	The	wire	length	difference,	l,	is	given	by:	The	factor	of	two	appears	because	the	wave	number	could	be	either	positive	or	negative,	corresponding	to	the	two	directions	along	the	wire.	The	resulting	density	of	states	per	unit	length	of	1D	k-space	is	obtained	by	multiplying	by	2	for	spin	degeneracy	and	dividing	by	2π/L:	¥	2	´	2L	G(k)1D	dk		2	¦	dk	
dk	µ	P	§	2P	/L	¶	1	¥	2m*	E	´	2	derived	earlier	as	k		¦	2e	µ	(Equation	3.150)	§	;	¶	and	differentiate	the	latter	expression	with	respect	to	energy:	¥	2m*	E	´	dk		¦	2e	µ	§	;	¶	1	2	m*e	dE	;2	(3.227)	1	2dk	1	¥	2m*e	´	2	1	G(E)1DdE			¦	2	µ	dE	1	P	P§	;	¶	2	E	*	1	2me	dE		E	hP	(3.264)	This	is	in	sharp	contrast	with	the	behavior	of	a	3D	electron	gas	where	G(E)3D	goes
to	zero	at	low	energies,	and	two	dimensions,	where	G(E)2D	steps	up	to	a	constant	value	at	the	bottom	of	each	2D	sub-band.	Remembering	that	the	group	velocity	is	given	as:	(2,1)	Sub-bands	(1,3)	(2,1)	(1,2)	dW	dk	which	we	found	may	also	be	written	as:	vg		(1,1)	(in	z-direction)	kz	–	The	density	of	energy	states	G(E)1D,	the	number	of	allowed	states
between	E	and	E	+	dE,	per	unit	energy	and	unit	length	(divide	by	L)	is	then	obtained	using	the	chain	rule:	E	(2,2)	(nx,ny)	(3.263)	To	obtain	the	density	of	states	in	terms	of	the	energy	[G(E)1D],	we	use	again	the	relation	between	E	and	k,	Density	of	States	Function	for	Quantum	Wires	For	calculating	the	density	of	states	for	a	quantum	wire,	E	(3.262)	l
2	G(E)	FIGURE	3.133	Band	structure	and	density	of	states	for	a	quantum	wire	with	a	square	cross-section.4	vg		(3.101)	1	¨	dE	·	1	or	more	generally	v	g		k	E(k)	(3.202)	;	©ª	dk	¸¹	;	Quantum	Mechanics	and	the	Band	Theory	of	Solids	we	can	rewrite	Equation	3.264	now	also	in	terms	of	the	group	velocity	as:	G(E)1D	E12	E11	Eg	E	1	G(E)1DdE		2	2dk	2	¥
dE	´		¦	µ	dE		dE	(3.265)	P	P	§	dk	¶	P;v	g	(E)	Thus,	for	a	1D	system	the	density	of	states	is	inversely	proportional	to	the	velocity!	We	will	use	this	expression	in	vg	when	we	derive	the	expression	for	the	current	through	a	nanowire.	We	will	learn	that	in	a	nanowire	the	current	is	constant	and	proportional	to	the	velocity	and	density	of	states	(see	further
below	Equation	3.269).	If	we	add	electrons	to	the	nanowire,	they	initially	fill	only	the	lowest	of	the	levels,	say	level	(1,1)	in	Figure	3.133.	As	the	energy	is	increased	and	remains	less	than	level	(1,2),	the	lateral	motion	remains	frozen,	and	the	increase	in	energy	is	transferred	into	motion	along	the	length	of	the	wire.	The	density	of	states	in	this	level	will
then	take	the	form	predicted	by	Equation	3.265.	However,	in	most	situations	the	Fermi	energy	of	the	electrons	in	the	wire	is	several	times	larger	than	the	average	spacing	between	the	lateral	energy	levels	in	Figure	3.133,	so	several	of	these	levels	will	be	occupied,	and	each	of	these	levels	defines	a	corresponding	1D	sub-band.	The	density	of	states
within	each	sub-band	is	1D,	but	the	total	density	of	states	is	obtained	by	summing	over	all	sub-bands	n.	The	summing	over	the	individual	sub-bands	can	be	formulated	mathematically	as:	1	1	¥	1	´2	1	¥	m*	´	2	G(E)ID		¦	2e	µ	¤	L	¦	P	§	;	¶	n	§	E	E	n	µ¶	(3.266)	L	is	the	unit	step	function	(same	as	H	in	Equation	3.255).	The	density	of	states	of	a	quantum	wire
1	¥	1	´2	diverges	as	¦	at	each	sub-band	threshold	§	E	En	µ¶	and	has	the	inverse	energy	dependence	E−1/2	compared	with	the	E1/2	dependence	of	a	3D	electron	gas	(bulk	semiconductor).	The	DOS	of	a	quantum	wire	obviously	has	a	more	pronounced	structure	than	does	a	2D	well,	with	a	large	number	of	sub-bands,	each	one	starting	as	a	peak.	An
immediate	manifestation	of	a	large	G(E)1D	at	the	bottom	of	each	subband	is	again	an	increase	of	the	strength	of	optical	transitions	or	oscillator	strength	as	compared	with	3D	and	2D	electronic	structures.	183	x,y	Eg	E	E00	Enm	FIGURE	3.134	The	density	of	states	function	for	a	rectangular	quantum	wire.	The	solid	black	curve	is	that	of	a	free	electron.
In	Figure	3.134	we	summarize	the	characteristics	of	a	1D	density	of	state	function	G(E)1D.	The	axis	of	the	rectangular	wire	is	again	in	the	z-direction,	and	quantization	is	in	the	x-	and	y-directions.	The	peaks	show	the	calculated	density	of	states	of	a	quantum	wire	over	a	range	of	energies	where	several	different	sub-bands	become	occupied.	For
comparison,	the	solid	line	shows	the	monotonic	variation	of	the	density	of	states	expected	for	a	3D	system.	Electronic	Conductivity	of	Quantum	Wires	Ohm’s	law	for	macroscopic	systems	is	given	by	V	=	IR,	and	in	terms	of	conductance	σ	this	is	equivalent	to	σ	=	J/E	(Equation	2.2).	From	the	previous	sections,	we	know	that	only	electrons	close	to	the
Fermi	level	contribute	to	the	conductance.	From	Bloch’s	theorem,	we	also	recall	that	in	an	ideal	periodic	potential,	electrons	propagate	without	any	scattering—and	thus	no	resistance	at	all—but	that	electron	propagation	in	real	materials	does	involve	scattering.	The	origin	of	such	scattering	can	be	any	source	of	disorder	that	disturbs	the	perfect
symmetry	of	the	lattice.	Examples	include	defects	and	impurities,	scattering	from	other	electrons,	and	lattice	vibrations	(phonons).	Because	an	electric	current	constitutes	a	movement	of	those	“bumbling”	electrons	under	an	electric	field,	one	expects	that	with	nanostructures	featuring	dimensions	comparable	with	the	fundamental	size	of	the	electron,
electrical	properties	will	be	strongly	influenced	by	quantum-mechanical	transport	effects.	Each	of	the	discrete	peaks	in	the	density	of	states	(DOS)	in	Figure	3.134	is	caused	by	the	filling	of	a	new	lateral	sub-band.	The	peaks	in	the	density	of	states	functions	at	those	energies	where	the	different	sub-bands	begin	to	fill	are	called	criticalities	or	Van	Hove
singularities.	These	singularities	(sharp	peaks)	in	the	density	of	states	function	lead	to	sharp	184	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	where	n1	is	an	empty	band	and	n2	is	a	filled	band.	This	can	also	be	appreciated	by	considering	that	the	density	of	states	according	to	Equation	3.228	is	given	as	G(E)	=
G(k)(dE/dk)−1,	so	that	singularities	emerge	when	dk/dE	=	0	(for	an	example	of	such	states,	see	the	band	diagram	of	Si	in	Figure	3.116,	states	at	E1	and	E2).	The	number	of	occupied	states	at	T	=	0	[where	f(E)	=	1]	per	unit	volume	in	the	energy	range	E	to	E	+	dE	is	again	calculated	from	n(E)1D	dE	=	G(E)1D	[f(E)	=	1]dE	and	one	obtains:		k	[E	n1	(k)	E
n	2	(k)]		0	To	calculate	the	number	of	occupied	states	at	T	>	0	per	unit	volume	in	the	energy	range	E	to	E	+	dE,	we	use	again	n(E)1D	dE		G(E)1D	f(E)dE,	but	because	T	is	now	>	0,	f(E)	might	be	different	from	1.	That	function	is	shown	as	a	red	line	in	Figure	3.136.	Consider	now	a	quantum	wire	held	between	ideal	contacts,	as	shown	in	Figure	3.137.	In
this	very	short	1D	wire,	the	charge	transport	is	assumed	to	be	ballistic,	i.e.,	electron	transport	without	scattering,	or	the	mean	free	path	(λ)	and	device	size	(L)	are	comparable.	Because	the	current	carrying	capacity	of	a	1D	wire	is	finite,	there	must	be	a	finite	conductance	even	in	the	absence	of	scattering.	Applying	a	voltage	V		#		!		"					#		!		n1D		°
n(E)1D	dE	0	EF		°	G(E)1D	[f(E)		1]dE	or	n1D		0	EF	that	n1D		°	G(E)	1D	dE	indeed	equals	0	2k	F	P	(3.268)	2k	F	is	easily	P	recognized	from	the	fact	that:	G(E)1DdE		2dk	P	(3.265)												d		#						#				FIGURE	3.135	Van	Hove	singularities	can	be	observed	directly	with	scanning	tunneling	microscopy	(STM).	This	is	illustrated	here	for	a	metallic	and
semiconducting	carbon	nanotube.	The	DOS	is	shown	in	(a)	and	(b)	and	the	differential	conductance	in	(c)	and	(d).	(From	Dekker,	C.,	Physics	Today,	52,	22–28,	1999.	With	permission.	24)	Carrier	distribution			!				(3.267)	"			!	peaks	in	optical	spectra	and	can	also	be	observed	directly	with	scanning	tunneling	microscopy	(STM).	The	STM	tunneling
current	J	as	a	function	of	bias	V	gives	spatial	and	spectroscopic	information	about	the	quantum	states	of	nanostructures.	At	low	temperatures,	the	derivative	of	the	current	with	respect	to	voltage	is	roughly	proportional	to	the	density	of	states	of	the	sample	weighted	by	the	density	of	states	at	the	STM	tip	position	in	other	words	a	convolution	of	the
DOS	of	the	tip	and	the	sample.	Because	dJ/dV	∼	DOS,	the	DOS	is	directly	observed	from	an	STM	scan.	This	is	illustrated	in	Figure	3.135	for	a	metallic	and	semiconducting	carbon	nanotube.	The	DOS	is	shown	in	Figure	3.135a	and	b,	and	the	differential	conductance	is	illustrated	in	Figure	3.135c	and	d.	Metallic	carbon	tubes	have	a	constant	DOS
around	E	=	0,	whereas	for	semiconducting	ones	there	is	a	gap	at	E	=	0	(DOS	=	0).	Singularities	occur	because	electron	transitions	accumulate	at	frequencies	for	which	the	bands	n1,n2	are	parallel,	i.e.,	at	frequencies	where	the	gradient	is	equal	to	zero:	Quantum	wires	G(E)	f(E)	n(E)	Energy	FIGURE	3.136	Quantum	wires.	Density	of	states	(DOS)
(blue)	and	occupied	states	(red)	around	the	Fermi	energy	for	a	quantum	wire.	The	Fermi-Dirac	function	is	f(E),	and	n(E)	is	the	product	of	f(E)	and	G(E)1D	at	T	>	0.	Quantum	Mechanics	and	the	Band	Theory	of	Solids										FIGURE	3.137	A	quantum	wire	held	between	ideal	contacts.	In	this	very	short	one-dimensional	wire,	the	charge	transport	is
assumed	to	be	ballistic	with	the	mean	free	path	(λ)	and	device	size	(L)	comparable.	Fermi	level	EF(1)	=	μ1	and	Fermi	level	EF(2)	=	μ2	with	EF(2)	−	EF(1)	=	qV,	where	q	=	−e	for	electrons	and	+e	for	holes.	A	net	current	flows	between	the	two	contacts	for	an	applied	bias	V.	A	positive	wave	vector	k	is	assumed	with	excess	right-moving	electrons
constituting	the	current.	over	the	wire	has	an	excess	of	electrons	moving	in	one	direction	only	(left	to	right	in	the	current	case),	so	we	assume	a	positive	wave	vector	k	with	excess	right-moving	electrons	constituting	the	net	current.	The	chemical	potential	μ	of	the	electrons	in	the	contacts,	we	recall,	is	equivalent	to	the	Fermi	level,	and	here	we	assign
the	contacts	Fermi	level	EF(1)	=	μ1	and	Fermi	level	EF(2)	=	μ	2	with	EF(2)	−	EF(1)	=	qV,	with	q	=	−e	for	electrons	and	+e	for	holes.	To	calculate	the	current	density	for	this	1D	electron	gas	at	T	=	0,	we	must	substitute	the	value	for	n(E)1D	at	T	=	0	[where	f(E)	=	1]	in	J	=	−n(E)1D	evavg	(Equation	3.3),	and	EF	d	because	n(E)1D		°	n(E)1D	dE		°
G(E)1DdE,	we	can	use	0	0	the	expression	for	G(E)1D	in	terms	of	the	group	veloc2	ity,	G(E)ID		(Equation	3.265),	resulting	in:	P;v	g	(E)	E	F	(1)	J		n(E)1D	ev	avg	(E)		e	°	v	avg	(E)n(E)1D	d	E	F	(1)	E	F	(2)		e	v	avg	(E)G(E)1D	dE	°	E	F	(1)	E	F	(2)	J		e	°	v	avg	(E)	E	F	(1)	2	dE	P;v	g	(E)	and	since	v	avg	(E)		v	g	(E)	J		2e	2e	2	[E	F	(2)	E	F	(1)]		V	h	h	(3.269)	since	EF
(2)	–	EF(1)	=	qV,	with	q	=	–e	for	electrons	and	+e	for	holes.	185	For	a	macroscopic	metal	wire,	the	conductance	decreases	continuously	as	the	diameter	of	the	constriction	is	reduced.	However,	as	the	diameter	becomes	of	the	order	of	the	Fermi	wavelength,	the	conductance	takes	on	integer	values	of	the	fundamental	unit	of	conductance	σ	(=	J/V)	=
2e2/h.	The	conductance	σ	(=	J/V)	is	fixed,	regardless	of	length	L	of	the	conductor,	and	as	a	consequence	there	is	no	well-defined	conductivity	σ.	This	phenomenon	is	called	quantized	conductance	(QC).	What	is	remarkable	is	that	in	the	case	of	a	quantum	wire	the	velocity	cancels	with	the	density	of	states,	producing	a	current	that	depends	only	on	the
voltage	and	fundamental	constants.	As	a	consequence,	the	current	carried	by	a	sub-band	is	independent	of	the	sub-band	shape;	it	need	not	be	parabolic,	and	the	relation	holds	for	all	cases!	The	amount	of	current	is	dictated	only	by	the	number	of	modes	(also	called	sub-bands	or	channels)	M(EF),	which	are	filled	between	μ1	and	μ	2	with	each	mode
contributing	2e2/h	or:	2e	2	M(E	F	)	(3.270)	h	The	corresponding	quantized	resistance	is:	S		R		h	1	2	2e	M(E	F	)	(3.271)	As	we	increase	the	channel	cross-section,	the	number	of	modes	increases,	so	the	resistance	goes	down.	This	quantized	resistance	R	has	a	value	of	12.906	kΩ	and	has	allowed	for	the	definition	of	a	new	practical	standard	for	electrical
resistance:	the	resistance	unit	h/e²,	roughly	equal	to	25.8	kΩ;	the	latter	number	is	referred	to	as	the	von	Klitzing	constant	RK	(after	Klaus	von	Klitzing,	the	discoverer	of	quantization	of	the	Hall	effect),	and	since	1990,	a	fixed	conventional	value	RK	–90	has	been	used	in	resistance	calibrations	worldwide.	Resistance	of	a	conductor,	of	course,	decreases
as	the	length	of	the	channel	decreases.	But	at	some	point	it	reaches	a	minimum,	given	by	Equation	3.271,	and	decreases	no	further.	This	minimum	resistance	comes	from	the	contact	resistance,	and	the	smaller	the	device,	the	more	important	this	contact	resistance.	One	might	assume	that	this	resistance	can	be	eliminated	by	improving	the	contacts,
but	this	simply	is	not	true:	there	is	a	minimum	contact	resistance.	186	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Quantized	conductance	in	a	quantum	wire	is	dramatically	illustrated	in	Figure	3.138,	where	we	show	experiments	involving	quantum	wires	in	a	GaAs/	Al	xGa1–x	As	heterostructure	at	very	low
temperatures	(close	to	0	K).	A	short	quasi-1D	“wire”	is	formed	here	between	two	regions	of	a	2D	electron	gas	as	a	negative	gate	voltage	Vg	applied	to	the	metallic	gates	on	the	surface	depletes	the	carriers	in	the	underlying	2D	electron	gas	in	the	GaAs	(Figure	3.138a).	Once	the	narrow	constriction	is	reduced	to	a	width	d	comparable	with	the	electron
Fermi	wavelength	λF	(see	Figure	3.138b)	1D	quantization	is	obtained	regardless	of	the	wire	length	L.	In	the	conductance	voltage	plot	shown	in	Figure	3.138c,	14	quantized	conductance	steps	of	height	2e2/h	are	observed	for	a	wire	width	d	of	0.5	μm	(see	also	Figure	3.138d).	Each	step	corresponds	to	the	occupancy	of	an	additional	sub-band	or
additional	conductance	channel	in	the	quantum	wire.	In	other	words,	M(EF)	=	14.	(a)	The	conductance	voltage	plots	in	Figure	3.138d	show	that	quantized	steps	are	still	clearly	present	for	the	5-μm	wire,	indicating	ballistic	transport,	but	wash	away	for	10-μm	wires	because	of	crossover	to	diffuse	transport.	Thus,	for	this	GaAs	1D	system,	the	electron
Fermi	wavelength	λF	mean	free	path	is	between	5	and	10	μm.	Long	electron	Fermi	wavelengths	λF	are	obviously	key	to	integrating	these	1D	electronic	nanostructures.	An	important	experimental	finding	is	that	the	conductance	quantization	is	typically	destroyed	in	narrow	constrictions	longer	than	a	few	hundred	nanometers;	ballistic	transport	cannot
be	preserved	on	length	scales	much	longer	than	this.	The	reason	for	this	is	that	as	the	constriction	length	is	made	longer,	there	is	a	greater	probability	of	finding	some	disordered	region	(a	barrier)	that	can	disrupt	ballistic	transport	by	causing	electron	scattering.	When	we	derived	the	conductance	quantization	(b)	Gate	AlxGa1–xAs	2D	Narrow
constriction;	quasi-1D	(width	d	~	Fermi	wavelength	λF)	Co	GaAs	Two-dimentional	electron	gas	Ballistic	transport	in	0.5	μm	quantum	wire	16	12	8	4	0	14	7	10	Conductance	(2e2/h)	Conductance	(2e2/h)	20	Ballistic-to-diffuse	crossover	(d)	8	Conductance	(2e	24	2/h)	(c)	2D	d	Co	nt	nt	ac	ac	t	t	L	5	0	–3	–2.5	–2	–1.5	VGate	(V)	Metallic	gate	2DEG	–3.0	–2.5	–
2.0	–1.5	–1.0	–0.5	VGate	(V)	1D	0.0	6	5	4	3	0.5μm	5μm	10μm	2	1	0	–1.0	–0.8	–0.6	–0.4	VGate/|VGate|	–0.2	FIGURE	3.138	Conductance	quantization	in	a	short	channel	electrostatically	defined	in	a	GaAs/AlxGa1–x	As	heterostructure.	Measurements	are	carried	out	at	very	low	temperatures	(close	to	0	K).	(a)	A	negative	gate	voltage	Vg	applied	to	the
metallic	gates	depletes	the	carriers	in	the	underlying	2D	electron	gas.	(b)	Once	the	narrow	constriction	is	reduced	to	a	width	d	comparable	to	the	electron	Fermi	wavelength	λF,	1D	quantization	is	obtained	regardless	of	the	wire	length	L.	(c)	In	the	conductance	voltage	plot,	14	quantized	conductance	steps	of	height	2e2	/h	are	observed	for	a	wire	width
d	of	0.5	μm.	(d)	Ballistic	to	diffuse	transport	crossover	in	GaAs	quantum	wires.	The	conductance	voltage	plots	show	that	quantized	steps	are	still	clearly	present	for	the	5-μm	wire,	indicating	ballistic	transport,	but	wash	away	for	10-μm	wires	because	of	crossover	to	diffuse	transport.	(From	Sandia	National	Laboratory.)	Quantum	Mechanics	and	the
Band	Theory	of	Solids	for	a	ballistic	system	we	assumed	a	total	absence	of	any	scattering	between	the	different	1D	subbands.	This	allowed	us	to	make	a	definite	association	between	the	direction	of	the	carriers	in	the	wire	and	the	reservoirs	from	which	they	originated	(see	Figure	3.139).	Such	a	distinction	is	no	longer	possible	in	the	case	where
scattering	occurs	in	the	wire	because	electrons	traveling	in	any	particular	direction	may	have	originated	from	either	reservoir.	To	compute	the	current	that	flows	through	such	a	disordered	conductor,	we	now	consider	the	probability	that	an	electron	incident	in	a	given	channel	in	one	lead	is	transmitted	into	the	other	lead.	Because	of	scattering	in	the
sample	an	electron	incident	in	some	particular	channel	in	the	input	lead	will	be	transmitted	into	the	different	channels	of	the	output	lead	with	different	probabilities.	In	the	case	in	which	a	channel				is	not	perfectly	conducting,	e.g.,	there	is	some	type	of	barrier	in	the	channel,	the	conductance	of	that	channel	is	then	given	by	the	quantum	conductance
times	the	electron	transmission	probability	at	the	Fermi	energy	Tn(EF)	through	the	barrier	in	that	channel:	S		2e	2	Tn	(E	F	)	h	(3.272)	where	Tn(EF)	is	given	as:	N	Tn	(E	F	)		¤T	nm	(E	F	)	(3.273)	m	1	Here	Tnm	is	the	probability	that	an	electron	incident	in	mode	n	is	transmitted	into	mode	m	in	the	output	lead	and	the	summation	runs	over	the	number
(N)	of	occupied	modes	in	the	leads.	Therefore,	the	probability	Tn(EF)	provides	a	measure	of	the	degree	of	disorder	in	the	conductor.	This	leads	us	to	the	so-called	Landauer	(1927–1999)	formula,	wherein	the	total	current	flow	through	the	conductor	is	just	the	sum	over	all	the	occupied	channels,	which	leads	to	the	following	expression	for	the
conductance:	S			187	J	2e	2		V	h	N	¤	Tn		n	1	2e	2	T	h	(3.274)				NO	SCATTERING			WITH	SCATTERING	FIGURE	3.139	When	there	is	no	scattering	in	the	wire,	states	are	filled	to	higher	energies	in	one	direction	than	in	the	other.	where	T	is	the	total	transmission	coefficient	of	the	conductor.	A	simple	application	of	the	Landauer	formula	is	the	problem
of	the	ballistic	quantum	point	contact	that	we	considered	earlier.	In	this	case,	each	channel	is	perfectly	transmitted,	and	the	sum	over	the	transmission	probabilities	in	Equation	3.274	is	replaced	by	the	total	number	of	channels	M(EF);	therefore,	we	recover	the	usual	quantization	condition	given	by	Equation	3.270:	S		2e	2	M(E	F	)	h	(3.270)	So	we	sum
over	the	contributions	of	each	sub-band	and	for	perfect	transmission	of	all	the	sub-bands	T(EF)	=	M(EF)	(which	was	14	in	Figure	3.138).	When	scattering	is	possible,	however,	the	transmission	coefficients	Tn	will	no	longer	be	equal	to	unity,	and	so	the	conductance	quantization	will	not	be	observed.	The	Landauer	equation	can	also	be	written	in	terms
of	transmission	and	reflection	coefficients.	188	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Based	on	Equation	3.274,	the	resistance	of	a	onechannel	system	[M(EF)	=	1]	can	be	rewritten	as:	Resistance	(E	F	)			h	1	h	¨	1	T(E	F	)	·		©1+	T(E	)	¸	2	2e	T(E	F	)	2e	2	ª	F	¹	h	h	R(E	F	)	2	2	2e	2e	T(E	F	)		quantized	contact
resistance	scattering	from	barriers	(3.275)	inside	channel	where	R(EF)	=	1	−	T(EF)	is	the	reflection	coefficient,	and	T(EF)	+	R(EF)	=	1.	Therefore,	the	resistance	of	the	quantum	wire	is	the	sum	of	the	quantized	contact	resistance	and	a	second	term,	as	a	result	of	scattering	from	barriers	in	the	channel.	It	is	the	latter	term	that	is	zero	for	a	perfect
conductor.	At	finite	temperatures	a	thermal	smearing	out	of	the	conductance	staircase	is	observed	because	the	Fermi-Dirac	energy	distribution	of	electrons	in	the	left	and	right	leads	must	now	be	taken	into	account.	This	smearing	out	effect	is	observed	in	Figure	3.140,	where	the	conductance	voltage	plots	for	the	same	type	of	quantum	wires	of	Figure
3.138	are	shown	at	0.3	K,	0.6	K,	1.6	K,	and	4.2	K.	At	the	highest	temperatures	the	staircase	profile	is	almost	lost	as	transport	becomes	more	and	more	incoherent	because	of	dephasing,	resulting	from	inelastic	scattering,	phonons,	etc.	Quantum	Dot:	λ	DB	>	L1,	2,	3	Quantization	In	quantum	dots	(QDs),	generally	consisting	of	103	to	105	atoms	and
ranging	from	nanometers	to	tens	of	nanometers	in	size,	dimensions	are	CONDUCTANCE	(2e2/h)	5	4	4.2	K	1.6	K	3	2	0.6	K	1	0.3	K	0	E	n1	,n	2	,n3		h	2	¥	n12	n	22	n	32	´	8m*e	¦§	L21	L22	L23	µ¶	(3.276)	where	the	quantum	numbers	n1,	n2,	and	n3,	each	assuming	the	integral	values	1,	2,	3,…,	characterize	quantization	along	the	x-,	y-,	and	z-axes,
respectively.	When	considering	the	density	of	states	for	a	zerodimensional	(0D)	electron	gas,	no	free	motion	is	possible:	there	is	no	k-space	to	be	filled	with	electrons,	and	all	available	states	exist	only	at	discrete	energies.	Because	carriers	cannot	move	there	is	no	¥	;	2k	2	´	kinetic	energy	term	¦	here,	only	the	quantized	§	2m*e	µ¶	energy	terms	survive.
In	Figure	3.142	we	show	the	band	structure	and	the	density	of	states	for	a	quantum	dot.	Quantum	dots	exhibit	mesoscopic	phenomena	that	are	not	observed	in	“simple”	atoms.	Mesoscale	describes	structures	and	behaviors	at	lengths	between	nanometers	and	0.1	micrometers—too	large	for	molecular	or	atomic	characterization	methods	but	too	small
to	be	fully	characterized	by	their	bulk	behavior	or	to	be	modeled	using	continuum	models.	Phenomena	at	that	scale,	however,	determine	the	properties	of	many	scientifically	and	commercially	important	materials.	Fermi	Surfaces	and	Brillouin	Zone	for	Quantum	Dots	There	is	no	Fermi	surface	for	quantum	dots	0	0	0	smaller	than	the	de	Broglie
wavelength	of	thermal	electrons	in	all	three	directions	(L1,	L2,	L3	<	λDB).	A	quantum	dot	was	first	illustrated	in	Figure	3.67	and,	simplified,	is	reproduced	in	Figure	3.141.	Charge	carriers	in	these	“artificial	atoms”	are	dimensionally	confined	in	three	directions	(zero	degrees	of	freedom),	just	like	in	an	atom,	and	similarly	have	only	discrete	energy
levels.	The	energy	levels	for	an	electron	in	a	quantum	dot	are	based	on	Equation	3.160,	where	we	introduce	the	effective	electron	*	mass	me	and,	for	generality,	make	the	dimensions	L1	#	L2	#	L3,	to	obtain:	–2.0	–1.6	–1.8	GATE	VOLTAGE	(V)	FIGURE	3.140	Conductance	in	number	of	units	of	2e2	/h	as	a	function	of	gate	voltage	(V)	and	at	different
temperatures.	Same	quantum	wires	as	studied	in	Figure	3.138.	y	x	z	FIGURE	3.141	A	cubic	quantum	dot.	Quantum	Mechanics	and	the	Band	Theory	of	Solids	E	E	(2,1,1)	(1,2,1)	(1,1,2)	Atomic-like	levels:	Artificial	atoms	(1,1,1)	G(E)	(nx,ny,nz)	FIGURE	3.142	Energy	levels	and	DOS	of	a	quantum	dot.4	because	electrons	are	confined	in	all	three	directions
(L1,	L2,	L3	<	λDB)	and	cannot	freely	move.	It	is	important	to	figure	out	for	different	solids	at	what	length	scale	charge	carriers	become	frozen	in	fixed	energy	states.	The	Fermi	wavelength	is	a	most	important	parameter	for	this	as	it	tells	us	how	finely	a	solid	needs	to	be	structured	to	have	an	impact	on	its	electronic	properties.	The	size	of	an	electron
in	a	solid	is	essentially	its	Fermi	wavelength,	λF	=	2π/k	F,	with	k	F	given	by	(3nπ2)1/3	(Equation	3.238),	where	n	is	the	electron	density.	In	most	metals	the	electron	density	is	very	large	(n	>	1021	cm−3),	and	the	value	of	the	Fermi	wavelength	is	consequently	of	the	order	of	a	few	nanometers.	In	semiconductors,	however,	the	lower	carrier	density	(n	<
1021	cm−3)	gives	rise	to	larger	electron	wavelengths	of	several	tens	of	nanometers	(see	also	Table	3.12).	Therefore,	confinement	and	quantization	phenomena	are	visible	in	semiconductors	already	at	dimensions	greater	than	200	nm,	whereas	in	metals	they	typically	are	seen	at	1–2	nm.	This	is	one	important	reason	why	quantum	effects	have	been
observed	mainly	in	semiconductor	nanostructures,	which	have	large	Fermi	wavelengths,	rather	than	in	metals,	which	have	Fermi	wavelengths	comparable	with	a	few	crystal	lattice	periods	only.	We	can	also	approach	the	difference	in	quantization	effects	between	a	metal	and	semiconductor	nanoparticle	from	the	point	of	view	of	the	separation
between	adjacent	energy	levels.	The	average	level	spacing	at	the	Fermi	level	between	subsequent	levels	in	a	metal	can	be	estimated	from:	$E	n	1	n		1	2E	F		G(E)3D	(E		E	F	)	3n	3D	(3.237)	189	For	a	spherical	Au	nanoparticle	with	a	radius	R	=	2	nm,	the	average	level	spacing	ΔE	=	En+1	−	En	is	2	meV	only.	In	contrast,	we	calculate	the	energy
separation	between	adjacent	levels	for	a	2-nm	CdSe	particle	as	0.76	eV	(see	Volume	III,	Chapter	3).	So	obviously	energy-level	quantization	is	far	more	pronounced	in	semiconductor	dots	than	in	metal	dots.	Beyond	the	Fermi	wavelength	difference	(or	electron	density	difference)	there	are	other	reasons	why	semiconductors	show	quantum	effects	at	a
larger	length	scale:	first,	the	energy	level	spacing—the	energy	difference	En+1	−	En—increases	for	low-lying	states	in	a	3D	potential	well;	second,	the	effective	mass	for	electrons	is	smaller	in	semiconductors	than	in	metals,	and	according	to	Equation	3.235	this	also	decreases	the	effective	electron	density	n;	and,	third,	the	appearance	of	the	plasmon
oscillations	of	metal	particles,	described	in	Chapter	5	on	photonics,	often	obscures	quantization	effects	in	metals.	A	Brillouin	zone	describes	a	material’s	periodicity	and	is	not	defined	for	a	quantum	dot.	Density	of	States	Function	for	Quantum	Dots	Because	band	structure	is	no	longer	a	term	that	has	any	relevance	in	a	quantum	dot,	one	describes	the
density	of	states	for	0D	(0	degrees	of	freedom)	with	a	summation	of	delta	functions	δ(E)	(sharp	DOS	peaks):	G(E)0D		2¤	D(E	E	n	)	(3.277)	n	where	2	is	for	the	spin	degeneracy.	Such	discrete	atom-like	densities	of	states	are	illustrated	in	Figure	3.143.	The	solid	black	curve	is	that	of	an	electron	in	a	large	3D	semiconductor.	As	we	just	saw	above,	the
relative	importance	of	the	quantum	effect	in	a	given	system	is	determined	G0D(E)	E	E112	E111	Eg	x,	y,	z	Eg	E	E111	En1m	FIGURE	3.143	The	density	of	states	function	for	a	quantum	dot.	The	solid	black	curve	is	that	of	a	free	electron	(see	also	Figure	3.119,	full	line),	for	example,	in	selforganized	III-V	quantum	dots	(e.g.,	InAs/GaAs).	190	Solid-State
Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	by	the	energy	differences	between	the	energy	levels:	ΔE	=	En+1	−	En.	Quantum	size	effects	are	only	observable	when	this	energy	separation	is	larger	than	the	thermal	energy	of	the	carriers	(kT),	so	that	adjacent	sub-bands	(e.g.,	the	E111	and	E112	levels	in	Figure	3.143)	are
differently	populated.	Electronic	Conductivity	of	Quantum	Dots	To	illustrate	conduction	through	a	quantum	dot	we	introduce	a	type	of	quantum	dot	that	is	made	by	the	electrostatic	confinement	of	a	2D	electron	gas	through	a	set	of	electrodes	whose	voltage	can	be	varied	at	will.	The	specific	example	shown	in	Figure	3.144	is	that	of	a	lateral	quantum
dot	(Figure	3.144a)	made	by	applying	a	voltage	on	a	set	of	gate	electrodes	(Figure	3.144b)	to	deplete	the	electrons	in	the	underlying	Al0.3Ga0.7As	layer	and	thereby	defining	the	lateral	size	of	a	quantum	dot	in	the	2D	electron	gas	at	the	Al0.3Ga0.7As/	GaAs	heterojunction	(Figure	3.144c).	The	potential	well	forms	as	a	result	of	charge	transfer	between
the	(a)	Electrons	travel	in	subsurface	layer:	Contact	Gate	Contact	two	materials	and	their	conduction	band	offset	(Ec),	and	it	confines	the	electrons	so	that	the	motion	of	electrons	perpendicular	to	the	plane	of	the	heterointerface	is	quantized.	The	gate	electrodes	then	further	confine	this	2D	gas	in	the	lateral	direction	to	make	a	quantum	dot	(3D
confinement).	Any	movement	of	electrons	through	a	quantum	dot	requires	the	number	of	electrons	in	the	dot	to	change	one	at	a	time.	The	Coulomb	repulsion	between	electrons	in	the	dot	means	that	the	energy	of	a	dot	containing	N	+	1	electrons	is	higher	than	one	containing	N	electrons.	This	in	turn	requires	extra	energy	to	add	an	electron	to	the	dot,
and	no	current	flows	until	increasing	the	voltage	provides	this	energy.	This	is	known	as	the	Coulomb	blockade.	To	better	visualize	the	electronic	transport	through	a	quantum	dot,	consider	a	classical	capacitor	and	compare	it	with	a	quantum	dot	between	contact	pins	(Figure	3.145a).	In	the	case	of	the	macroscopic	capacitor,	the	charge	on	the	plates	is
given	as	Q	=	CV	and	the	displacement	current	as	I(t)	=	dQ/dt,	and	no	charge	can	flow	through	this	capacitor	because	the	dielectric	is	an	insulator.	The	electrostatic	energy	in	the	capacitor	is	then	given	as:	d	GaAs	E	°	V(t)I(t)dt		0	I	(pA)	Ec	=	e2/2C	(c)	+	++	++	+++	+	++	Fermi	energy	Doping	layer	Surface	Al0.3Ga0.7As	GaAs	(3.278)	In	the	case	of	a
quantum	particle	contacted	by	two	measuring	electrodes,	one	can	envision	that	the	contact	points	form	a	capacitor	on	either	side	of	the	quantum	dot;	if	an	electron	is	transferred	by	tunneling	across	these	capacitors	(Figure	3.145a),	its	Coulomb	energy	is	changed	by:	Negative	voltage	on	gates	depletes	underlying	electrons	&	defines	dot	cavity	(b)	Q2
2C	Only	lowest	sub-band	occupied	at	low	T	FIGURE	3.144	Electrostatically	confined	quantum	dot	in	a	2D	electron	gas.	(a)	physical	configuration.	(b)	gate	electrodes	and	contacts.	(c)	energy	diagram.	(3.279)	where	it	is	assumed	that	the	capacitors	on	either	side	of	the	quantum	dot	are	identical.	To	ensure	that	thermal	motion	does	not	initiate	a	charge
flow	and	an	accompanying	change	in	Ec,	kT	should	be	much	smaller	than	the	Coulomb	blockade	(kT	kT)	it	reduces	to:	2	¥	hN	´	¥	hN	´	C	v		3R	¦	µ	exp	¦	§	kT	¶	§	kT	µ¶	At	low	temperature	the	exponential	term	becomes	dominant	and	controls	the	temperature	variation	of	Cv.	An	exponential	decay	of	Cv	agrees	with	experimental	data,	except	at	very	low



temperatures,	where	Cv	is	proportional	to	T	3.	Debye’s	Heat	Capacity	Equation	Debye	retained	the	quantization	of	the	atom	oscillator	energies	introduced	by	Einstein	but	regarded	them	as	coupled,	where	3N	modes	now	belong	to	the	whole	system	rather	than	the	N	single	atoms.	In	this	model,	because	of	the	interconnections	between	atoms	in	a
solid,	the	displacement	of	one	or	more	atoms	from	their	equilibrium	positions	gives	rise	to	a	set	of	mechanical	waves	propagating	through	the	material.	The	amplitude	of	these	“solid”	waves	is	given	by	the	displacements	of	the	atoms	from	their	equilibrium	positions.	The	general	Debye	expression	is:	¥	T´	C	v		9R	¦	µ	§	QD	¶	QD	3	T	°	0	e4	x	4	¥Q	´	dx	
9RFD	¦	D	µ	(3.330)	2	x	§	T¶	(e	1)	where	x	=	hν/kT	and	x	max	=	hνD/kT	and	kθD	=	hνD	with	θD	the	Debye	temperature.	At	high	temperatures	this	expression	again	leads	to	Dulong-Petit,	i.e.,	Cv	=	3R,	and	at	low	temperatures	(T	θD,	and	for	T	>	θD,	Cv,lat	is	a	constant,	and	at	T	800°C)	operation	performed	on	semi-	conductor	wafers	in	an	inert	ambient.
The	heat	treatment	causes	motion	of	dopant	atoms	in	the	direction	of	the	concentration	gradient	(diffusion)	and	is	used	to	drive	dopant	atoms	deeper	into	the	semiconductor.	The	dopants	introduced	in	the	substrate	by	a	predeposition	step	are	redistributed	deeper	into	the	substrate	by	such	a	drive-in	step.	A	two-step	diffusion	sequence	is	commonly
used	to	form	an	n-p	junction;	during	predeposition,	a	diffusion	layer	is	formed	under	a	constant	surface	concentration	condition,	which	is	followed	by	a	drive-in	diffusion,	or	redistribution,	under	a	constant	total	dopant	condition.	For	most	practical	cases,	the	diffusion	length	(Dt)1/2	for	the	predeposition	diffusion	is	much	smaller	than	that	for	the	drive-
in	condition.	Hence	the	predeposition	profile	can	be	treated	as	a	delta	function	at	the	surface.	This	two-step	junction	formation	is	illustrated	in	Figure	4.24	with	a	predeposition	from	a	constant	source	(erfc)	and	a	limited	source	diffusion	(Gaussian).	The	D	in	the	above	equations	is	the	dopant	diffusivity	and	is	given	by:		D		D0	(	T0	)exp(														Surface
concentration	depends	on	temperature	Increasing	time	Nx	Distance	from	surface,	x	Boron	source									Surface	concentration	decreases	with	time	Increasing	time	Nx	Distance	from	surface,	x	O2	+	N2						Drive-in	Impurity	concentration,	N(x)	Impurity	concentration,	N(x)	Predeposition		(4.29)	where	Ea	is	the	activation	energy,	whose	value	depends	on
the	transport	mechanism	of	the	dopant				Ea	)	kT	p+	p+	n	n				FIGURE	4.23	Normalized	concentration	versus	normalized	distance	for	the	erfc	and	Gaussian	functions.	(a)	Linear	plot.	(b)	Semilog	plot.	Predeposition	Drive-in	FIGURE	4.24	Two-step	junction	formation	with	a	predeposition	from	a	constant	source	and	a	limited	source	diffusion.	Solid-State
Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	4.3	Typical	Values	for	D0	and	Ea	for	Commonly	Used	Dopant	Atoms	D0	(cm2/s)	Element	B	Al	Ga	In	P	As	Sb	Ea	(eV)	10.5	8.00	3.60	16.5	10.5	0.32	5.60	3.69	3.47	3.51	3.90	3.69	3.56	3.95	Impurity	concentration,	n(x)	atoms.	The	diffusion	coefficient,	D0,	is	only	a	constant
for	a	given	reaction	and	concentration.	In	Table	4.3,	typical	values	for	D0	and	Ea	are	given	for	commonly	used	dopant	atoms.	Dopant	atoms	take	on	several	different	ionization	states	and	diffuse	by	several	different	mechanisms.	The	effective	diffusion	coefficient	is	the	sum	of	the	diffusivities	of	each	species,	which	are	in	turn	a	function	of	temperature
and	dopant	concentration.	Hence,	actual	dopant	concentration	profiles	deviate	from	the	simple	first-order	functions	given	above.	The	dopant	diffusivities	of	phosphorus,	arsenic,	and	boron	in	silicon	at	1100°C	are	typically	2	×	10	–13,	1	×	10	–13,	and	1	×	10	–13	cm2/s,	respectively.	Below	the	intrinsic	carrier	concentration	(∼5	×	1018	cm–3	for	Si	at
1000°C),	D	is	independent	of	the	carrier	concentration.	Above	the	intrinsic	concentration,	the	diffusion	increases	with	carrier	concentration	and	generally	follows	a	power	law	as	a	result	of	the	diffusion	mechanism	becoming	point	defect	(vacancies	and	interstitials)	assisted.	NS	n-type	Gaussian	profile	p-type	background	concentration	NB	The	point	at
which	the	diffused	impurity	profile	intersects	the	background	concentration	is	the	metallurgical	junction	depth,	xj.	At	that	depth,	the	net	impurity	concentration	is	zero.	In	the	case	of	a	complementary	error	function,	the	depth	is	defined	as:	¥N	´	x	j		2	Dt	erfc	1	¦	B	µ	§	NS	¶	¥N	´	x	j		2	Dt	ln	¦	s	µ	§	NB	¶	(4.31)	The	latter	case	is	illustrated	in	Figure	4.25,
where	we	show	the	diffusion	of	an	n-type	impurity	in	a	p-type	Si	background	substrate.	It	is	important	to	remember	that	the	concentration	profile	of	the	dopant	in	the	semiconductor	never	changes	abruptly	(this	would	imply	a	zero	or	infinite	flux),	so	diffusion	always	spreads	impurities	gradually	around	the	edges	of	any	mask.	Lateral	diffusion	is	∼85%
of	the	junction	depth.	This	lateral	diffusion	continues	every	time	the	wafer	is	heated,	resulting	in	an	expanding	die	area.	Besides	lateral	diffusion,	diffusion	doping	also	suffers	from	surface	contamination	interference,	poor	doping	control,	dislocation	generation,	and	difficulty	in	creating	ultrathin	junction	depths.	Next,	we	will	see	that	for	each
generation	of	IC	technology,	the	trend	has	been	to	reduce	the	junction	depth,	which	favors	ion	implantation	(see	comparison	Table	4.4).	NS	–	NB	n-type	region	NB	p-type	xj	xj	(a)	(4.30)	When	dealing	with	a	Gaussian	distribution,	one	obtains:	Net	Impurity	concentration,	n(x)	232	Distance	from	surface,	x	(b)	Distance	from	surface,	x	FIGURE	4.25
Diffusion	of	n-type	impurity	into	a	p-type	Si	background	substrate.	Determination	of	xj	in	case	of	a	Gaussian	dopant	distribution.	Two	representations	are	shown.	In	(a),	the	y-axis	represents	the	impurity	concentration;	in	(b),	the	y-axis	represents	the	net	impurity	concentration	(i.e.,	corrected	for	the	background	impurity	concentration	N	B).	Silicon
Single	Crystal	Is	Still	King	233	TABLE	4.4	Comparison	of	Thermal	Diffusion	and	Ion	Implantation	Ion	Implantation	and	Annealing	Advantages	Room	temperature	mask	Precise	dose	control	(1011–1016/cm2)	Solid-/Gas-Phase	Diffusion	No	damage	created	by	doping	Batch	fabrication	Cheaper	Accurate	depth	control	Disadvantages	Implant	damage
enhances	diffusion	Dislocations	caused	by	damage	may	cause	junction	leakage	Implant	channeling	may	affect	profile	Usually	limited	to	solid	solubility	Low	surface	concentration	hard	to	reach	without	a	long	drive-in	Low	dose	predeposition	very	difficult	to	achieve	Very	expensive	Si	Doping	by	Ion	Implantation	Ion	implantation	is	the	introduction	of
selected	impurities	(dopants)	by	means	of	high-voltage	ion	bombardment	to	achieve	desired	electronic	properties	in	defined	areas.	Photolithography	is	used	to	mask	the	regions	of	the	device	where	doping	is	not	desired.	For	masking	materials,	most	films	used	in	the	IC	process	can	be	used	in	the	ion-implantation	process—photoresists,	SiO2,	Si	3N4,
metal	film,	etc.—	in	contrast	with	diffusion,	where	choices	are	much	more	limited.	High	energy	ion	beam	implantation	is	a	low-temperature	physical	process	and	offers	the	advantage	of	being	able	to	place	ions	at	various	depths	in	the	sample,	independent	of	the	thermodynamics	of	diffusion	and	problems	with	solid	solubility	and	precipitation.	Ion
implantation	for	doping	was	invented	by	Shockley	in	1954.	The	technique	is	now	very	commonly	used,	with	penetration	depths	in	silicon	of	As,	P,	and	B	typically	being	0.5,	1,	and	2	μm	at	1000	keV.	A	large	range	of	extremely	accurate	doses	is	accessible:	from	1011	to	1016/cm	2,	and	even	buried	(or	retrograde)	dopant	profiles	are	possible.
Unfortunately,	however,	ion	beams	produce	crystal	damage	because	the	implant	energy—between	30	and	100	keV—is	thousands	of	times	the	silicon	bond	energy.	Crystal	damage	can	reduce	electrical	conductivity,	but	fortunately	most	of	the	damage	can	be	eliminated	by	annealing	at	700–1000°C,	which	is	below	the	diffusion	temperature.	The	anneal
temperature	is	high	enough	for	Si	interstitial	atoms	to	recombine	with	vacant	lattice	sites	and	for	the	dopant	atoms	to	move	to	substitutional	lattice	sites	where	they	are	electrically	active.	The	combination	of	excellent	spatial	and	dose	control,	as	well	as	ease	of	manufacture,	has	led	to	widespread	use	of	ion	implantation.	For	the	newest	and	future
generation	of	complementary	metal	oxide	silicon	(CMOS)	devices,	which	require	highly	doped,	abrupt,	and	very	shallow	profiles	(junction	depths	less	than	30	nm!),	the	dopant	diffusion	step	during	annealing	must	be	minimized.	A	beam	of	energetic	ions	implants	charged	dopant	atoms	into	the	silicon	substrate.	The	acceleration	energy	and	the	beam
current	control	the	implantation	depth	and	dopant	concentration.	The	implanted	dopant	atoms	enter	unmasked	regions	in	the	silicon	lattice	at	high	velocity.	The	stopping	mechanism	of	the	ions	involves	nuclear	collisions	at	low	energy	and	electronic	interactions	at	high	energy.	The	acronyms	associated	with	ion	implantation	include:	◾	Projected
range,	Rp:	average	distance	traveled	by	ions	parallel	to	the	beam	◾	Projected	straggle,	Δ	Rp:	standard	deviation	or	fluctuation	in	the	projected	range	◾	Lateral	straggle,	Δ	R//:	standard	deviation	or	fluctuation	in	the	final	rest	position,	perpendicular	to	the	beam	(also	called	transverse	straggle)	◾	Peak	concentration,	Np:	concentration	of	implanted	ions
at	Rp	234	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	In	the	absence	of	crystal	orientation	effects,	the	concentration	profile,	to	a	first-order	approximation,	is	Gaussian:	2	¨	·	1	¥	x	Rp	´	¸	©	Ni	(	x)		N	p	exp	¦	©	2	§	$R	p	µ¶	¸	ª	¹	(4.32)	The	range,	Rp,	is	determined	by	the	acceleration	energy,	the	ion	mass,	and
the	stopping	power	of	the	material.	Heavy	ions	do	not	travel	as	far	into	the	crystal	as	light	ions.	They	have	a	more	narrow	distribution	(ΔRp)	than	light	ions.	The	crystalline	symmetry	of	the	silicon	lattice	can	have	a	dramatic	impact	on	the	implant	profile.	Once	an	ion	enters	a	lattice	channel,	the	small	angle	scattering	events	on	the	channel	walls
translate	to	ion	penetration	for	a	long	distance	before	electron	drag	or	a	sharp	collision	stops	the	ion.	Orientation	of	the	substrate	surface	away	from	the	plane	perpendicular	to	the	beam	(tilt	of	3–7°)	prevents	channeling,	which	can	occur	along	crystal	planes,	ensuring	better	reproducibility	of	Rp.	Ion	channeling	leads	to	an	exponential	tail	in	the
concentration	versus	depth	profile.	This	tail	results	from	the	crystal	lattice	and	is	not	observed	in	an	amorphous	material.	Channeling	may	also	be	prevented	by	creating	a	damaged	layer	on	the	Si	wafer	surface	or	by	depositing	a	surfaceblocking	amorphous	layer	such	as	an	oxide.	The	three	methods	to	limit	ion	channeling	are	compared	in	Figure	4.26.
The	total	implanted	dose	(ions/cm2),	Qi,	can	be	either	calculated	by	integrating	the	charges	per	unit	time	(current	i)	arriving	at	the	substrate	over	time	or	also	by	integrating	Equation	4.32	over	all	of	x:	d	Q	i		°	idt		°	Ni	(	x)dx		2P	$R	p	N	p	(4.33)	0	Oxide	Technologies	studied	to	make	the	very	shallow	junctions	needed	in	the	latest	CMOS	devices	are
ultralow-temperature	processing	and	rapid	thermal	annealing.	For	deep	diffusions	(>1	μm),	implantation	is	used	to	create	a	dose	of	dopants,	and	thermal	diffusion	is	used	to	drive	in	the	dopant.	Diffusion	is	a	cheaper	and	more	simplistic	method	than	ion	implantation	but	can	only	be	performed	from	the	surface	of	the	wafers.	Dopants	also	diffuse
unevenly	and	interact	with	each	other,	altering	the	diffusion	rate.	Ion	implantation	is	more	expensive	and	complex.	Ion	implantation,	however,	except	for	annealing,	does	not	require	high	temperatures	and	allows	for	greater	control	of	dopant	concentration	and	profile.	It	is	an	anisotropic	process	and	therefore	does	not	spread	the	dopant	implant	as
much	as	diffusion.	This	aids	in	the	manufacture	of	self-aligned	structures,	which	greatly	improve	the	performance	of	MOS	transistors.	Ion	beams	can	implant	enough	material	to	form	new	materials,	for	example,	oxides	and	nitrides,	some	of	which	show	improved	wear	and	strength	characteristics.	Ion	implanters	may	be	purchased	from	Varian
Semiconductor	(http://	www.vsea.com)	and	Eaton	Corporation	(http://	www.eaton.com).	This	equipment	is	very	expensive,	and	usually	service	providers	are	used	instead.	In	Table	4.4	we	compare	thermal	diffusion	and	ion	implantation.	Band	Diagram	of	an	Extrinsic	Semiconductor	In	this	section	we	establish	the	band	diagram	and	carrier	density	for
extrinsic	semiconductors.	The	conductivity	σ	(Ωm)−1	is	an	intrinsic	characteristic	of	a	material	and	is	independent	of	geometry.	In	extrinsic	semiconductors,	negative	and	positive	charge	carriers	may	contribute	to	the	conductivity.	In	Chapter	3	we	saw	that	the	conductivity	is	Damage	FIGURE	4.26	How	to	prevent	ion	channeling	during	implantation.
Tilt	Silicon	Single	Crystal	Is	Still	King	the	product	of	the	number	of	free	charges	and	their	mobility	[for	electrons	(e−)	the	mobility	in	cm2V−1s	−1	is	symbolized	as	μe	(see	Equation	3.10)]:	σ	=	μene	(3.10)	The	positive	charge	carriers	(h+)	are	called	holes	as	they	correspond	to	an	absence	of	electrons,	and	μh	is	their	mobility.	When	both	the
concentration	of	holes	(p)	and	the	concentration	of	electrons	(n)	are	considered,	the	conductivity	σ	of	a	solid	is	given	as:	σ	=	1/ρ	=	e(μen	+	μpp)	(4.34)	where	e	is	the	electron	charge,	n	is	the	electron	concentration,	and	p	is	the	hole	concentration.	In	the	case	of	a	metal,	we	saw	that	resistance	increases	with	temperature	because	the	number	of
carriers	remains	the	same	but	scatters	more	at	higher	temperatures.	In	a	semiconductor,	the	resistance	decreases	as	the	temperature	increases	because	more	free	carriers	are	generated	(n	and	p	increases).	A	semiconductor	is	called	n-type	when	eμnn	dominates	the	conductivity,	in	which	case	the	majority	of	carriers	are	electrons,	and	the
semiconductor	is	p-type	if	eμpp	dominates,	in	which	case	the	majority	carriers	are	holes.	By	adding	a	donor	atom	(energy	ED)	to	an	intrinsic	semiconductor	at	T	=	0	K,	an	extra	electron	is	bound	to	the	positive	charge	on	the	donor	atom.	When	the	donor,	at	higher	temperatures,	ionizes,	+4	Si	+4	Si	+4	Si	+5	As	the	neutral	donor	concentration	ND
converts	to	positively	charged	ND+.	The	electron	bound	to	the	positive	ion	is	in	an	energy	state,	ED	=	Eg	−	ΔE,	where	ΔE	is	the	binding	energy.	An	electron	that	moves	onto	an	acceptor	atom	has	energy	EA	and	coverts	a	neutral	acceptor	concentration	NA	into	a	negatively	charged	NA−.	In	Figure	4.27,	we	show	donor	ions	(ED)	energetically	close	to
the	bottom	of	the	conduction	band	(EC)	and	acceptor	ions	(EA)	close	to	the	top	of	the	valence	band	(EV).	To	estimate	the	Bohr’s	radius	and	the	binding	energy	(ΔE)	involved	in	the	donor	holding	onto	its	electron,	we	use	the	simple	Bohr	model	for	the	hydrogen	atom	that	was	introduced	in	Chapter	3	but	adapt	the	pertinent	parameters	to	describe	an
impurity	atom	in	a	crystal	rather	than	a	hydrogen	atom	in	vacuum.	In	Chapter	3	we	calculated	the	Bohr	radius	of	the	hydrogen	atom	using	Equation	3.89	as:	a0	=	+4	Si	;	2	4	PE	0	me	e	2	(3.89)		0.53	Å	For	the	binding	energy	involved,	we	use	Equation	3.91:	$E	=	E	n		me	e	4	2	2	2	0	32;	P	E	n	2		E0	n2	(3.91)	With	the	Bohr	radius	equal	to	0.53	×	10−10
m	and	n	=	1,	we	get	a	value	of	13.6	eV	=	21.8	×	10	–19	J	for	+4	Si	-q	235	Conduction	electron	+4	Si	+4	Si	+4	Si	+4	Si	+3	B	+4	Si	Hole	+q	+4	Si	+4	Si	+4	Si	+4	Si	EC	Donor	ions	EC	Ei	Ei	EV	+4	Si	Acceptor	Donor	ED	+4	Si	Acceptor	ions	EA	EV	FIGURE	4.27	Donors	and	acceptors	in	the	Si	lattice	and	their	position	in	an	energy	band	diagram.	Here	Ei
stands	for	the	Fermi	level	of	the	intrinsic	material.	236	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	E	T>0	T>0	EF	fFD	1	n-type	Si	Conduction	band	(partially	filled)	EC	EC	EV	Valence	band	(partially	empty	0	EF	EV	ED	EC	EF	EV	EA	p-type	Si	FIGURE	4.28	Band	diagram	for	intrinsic	and	extrinsic	Si	compared.
Black	is	filled	with	electrons,	and	gray	is	empty.	the	energy	required	to	remove	an	electron	from	a	hydrogen	atom	(see	also	Figure	3.36).	For	a	typical	solid,	we	saw	in	Chapter	3	one	must	replace	me	with	the	electron	effective	mass	m*e	∼	0.15	me	and	εr	of	1	in	the	case	of	hydrogen	with	εr	∼	15	for	a	typical	semiconductor	so	that	a	53-Å	Bohr	radius	is
obtained	from:	a0	=	0.53	s	E	r	*	e	m	/me		0.53	s	15		53	Å	0.15	(4.35)	and	9	meV	is	calculated	for	the	binding	energy	of	the	electron	to	the	donor	atom	from:	*	$E		13.6	me	13.6	eV		s	0.15		9	meV	2	(15)2	E	r	me	(4.36)	The	ionization	energy	of	the	donor	tells	us	how	far	below	the	conduction	band	the	donor	energy	level	is	situated	(ΔE	=	EC	−	ED).	A
similar	calculation	provides	us	with	the	distance	above	the	valence	band	edge	of	the	acceptor	levels	in	a	p-type	material.	This	Bohr-like	doping	model	assumes	no	interaction	between	dopant	sites,	i.e.,	a	nondegenerate	semiconductor.	At	T	=	0	K,	all	electrons	are	in	the	lowest	available	energy	states,	and	no	electrons	are	excited	from	donor	states	(ND)
into	the	conduction	band	(n	=	0),	but	with	a	low	binding	energy	of	9	meV	at	room	temperature	(kT	∼	25	meV	>	ΔE	=	EC	−	ED)	all	of	the	donors	will	be	ionized	(ND+),	and	the	number	of	free	electrons	in	the	conduction	band	n	is	given	by:	n		ND	^	ND	(4.37)	This	is	the	relevant	regime	for	most	electronics;	note	that	the	density	of	electrons	is
independent	of	temperature.	Electrons	do	freeze	out	(i.e.,	return	to	the	valence	band)	if	kT	becomes	too	small	to	overcome	the	binding	energy.	From	Equation	4.14	we	calculate	that:	¥N	´	E	F		E	c	k	B	T	ln	¦	C	µ	§	n	¶	(4.38)	where	NC	=	2.8	×	1019	cm−3	and	n	∼	ND	∼1017	cm−3;	we	can	see	that	the	Fermi	level	is	about	150	meV	below	the	conduction
band	(∼6	kT).	This	situation	is	sketched	in	the	middle	panel	of	Figure	4.28,	where	we	compare	intrinsic	silicon	with	n-type	and	p-type	Si.	Analogously,	from	Equation	4.15	we	derive:	¥N	´	E	F		E	v	k	B	T	ln	¦	v	µ	§	p	¶	(4.39)	Some	typical	values	for	energy	levels	of	impurities	in	Si	are	listed	in	Table	4.5.	The	Bohr-like	doping	model	assumes	no	interaction
between	dopant	sites;	if	adjacent	dopant	atoms	are	within	2	Bohr	radii,	then	orbits	overlap,	and	we	are	dealing	with	a	degenerate	semiconductor.	This	happens	when	ND	(∼n)	∼	Nc	or	when	NA	(∼p)	∼	Nv.	The	degenerate	semiconductor	is	then	defined	by	EF	∼/>	EC	or	EF	∼/<	Ev.	In	these	cases,	the	Fermi	level	is	situated	either	inside	the	conduction
or	the	valence	band.	TABLE	4.5	Some	Typical	Impurity	Levels	in	Si	Phosphorous,	P	Arsenic,	As	Boron,	B	Aluminum,	Al	Gallium,	Ga	Gold,	Au	EC	−	ED	=	44	meV	EC	−	ED	=	49	meV	EA	−	EV	=	45	meV	EA	−	EV	=	57	meV	EA	−	EV	=	65	meV	EA	−	EV	=	584	meV	EC	−	ED	=	774	meV	Silicon	Single	Crystal	Is	Still	King	Oxidation	of	Silicon	Oxidation
Kinetics	of	Si-Silica	Is	One	of	the	Keys	to	Silicon’s	Success	Silicon	owes	a	lot	of	its	success	to	its	stable	oxide.	By	contrast,	germanium’s	oxide	is	soluble	in	water,	and	GaAs	produces	only	leaky	oxides.	In	IC	design,	silicon	oxides,	like	other	dielectrics,	function	as	insulation	between	conducting	layers,	as	diffusion	and	ion	masks,	as	capping	layers	of
doped	oxides	to	prevent	the	loss	of	dopants,	for	gettering	impurities,	and	for	passivation	to	protect	devices	from	impurities,	moisture,	and	scratches.	Doped	oxides	also	act	as	a	solid-state	source	of	ions	that	can	be	diffused	into	a	substrate	at	high	temperatures.	In	micromachining,	silicon	oxides	serve	the	same	purposes	but	also	very	often	act	as
sacrificial	material.	The	stability	and	ease	of	formation	of	SiO2	on	a	Si	surface	was	one	of	the	reasons	that	Si	replaced	Ge	as	the	semiconductor	of	choice	in	the	late	1960s.	Silica	is	the	distinguishing	feature	of	silicon	versus	other	important	semiconductor	materials	(see	Table	4.6).	Silica	is	inert	to	most	chemicals,	protects	the	Si	surface,	and	forms	a
reasonably	good	diffusion	barrier	(although	Si3N4	is	much	better	in	this	respect).	It	is	thermally	stable	up	to	1600°C	(Tm	is	1830°C),	easy	to	grow,	and	easy	to	pattern	and	etch	selectively.	In	wet	etching,	HF	preferentially	etches	SiO2,	not	Si,	and	in	dry	etching	it	can	easily	be	plasma	etched	in	CHF3.	The	material	also	makes	for	an	excellent	dielectric
(insulator)	with	a	9-eV	bandgap,	a	dielectric	strength	of	107	V/cm,	and	a	resistivity	ρ	of	1015	Ωcm.	Silicon	dioxide	growth	involves	the	heating	of	a	silicon	wafer	in	a	stream	of	steam	or	in	wet	or	dry	oxygen/nitrogen	mixtures	(Figure	4.29)	at	elevated	temperatures	(between	600°C	and	1250°C)	in	a	TABLE	4.6	The	Question	of	Good-Quality	Native
Oxides	on	Semiconductors	Semiconductor	(Bandgap)	Si	(1.1	eV)	Ge	(0.7	eV)	GaAs	(1.4	eV)	SiC	(~2.2	eV)	GaN	(~3	eV)	Diamond	(5	eV)	Native	Oxide	Yes	No	No	No	No	No	237	horizontal	or	vertical	quartz	furnace.	Dry	oxide	grows	more	slowly,	but	the	oxide	layers	are	more	uniform,	and	there	are	also	relatively	few	defects	at	the	oxide-silicon	interface.
Defects	interfere	with	the	proper	operation	of	semiconductor	devices,	and	because	a	dry	oxide	has	especially	low	surface	state	charges,	it	forms	an	ideal	thin	dielectric	for	MOS	transistors	(30–100	Å;	see	below).	In	wet	oxides,	hydrogen	atoms,	liberated	by	the	decomposition	of	the	water	molecules	during	oxidation,	produce	imperfections	that	degrade
the	oxide	quality	somewhat.	A	major	advantage	of	wet	oxides	includes	their	faster	growth	rate,	making	them	useful	for	thick	layers	of	field	oxides	(>3000	Å;	see	below).	Silicon	readily	oxidizes,	even	at	room	temperature,	forming	a	thin	native	oxide	approximately	20	Å	thick.	The	high	temperature	aids	diffusion	of	oxidant	through	the	growing	surface
oxide	layer	to	the	interface	to	form	thick	oxides	quickly:	Si	+	2H2O	(gas)	→	SiO2	+	H2	(wet	oxidation)	Reaction	4.1	Si	+	O2	(gas)	→	SiO2	(dry	oxidation)	Reaction	4.2	Another	gas-phase	oxidation	method	of	Si	is	the	pyrogenic	method	(Figure	4.29).	Besides	oxygen	and	nitrogen,	the	gas	also	contains	hydrogen,	which	generates	ultrapure	steam.	In	the
oxidizing	gas	stream,	one	also	may	add	2%	HCl	or	Cl2;	this	helps	to	remove	(getter)	impurities	by	volatizing	any	metal	impurities	(AuCl3	and	CuCl2).	Oxidation	setups	Dry	oxidation	O2	N2	Furnace	Furnace	Wet	oxidation	O2	N2	D1	H2O	Pyrogenic	oxidation	Heating	mantle	Furnace	O2	N2	H2	FIGURE	4.29	Oxidation	setups.	238	Solid-State	Physics,
Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	SiO2	Xox	Silicon	Silicon	SiO2	XS	=	0.46Xox	Original	Si	interface	FIGURE	4.30	Silicon	thickness	converted,	XS.	Oxidation	by	inward	diffusion	of	oxidant	through	the	growing	oxide	to	the	interface.	The	ratio	of	silicon	thickness	converted	(Figure	4.30),	XS,	to	resulting	oxide	thickness,
Xox	,	is	proportional	to	their	respective	densities:	X	S	=	0.46Xox	F1	(gas)	=	h(C*	−	Cox)	F2	(oxide)	=	D(Cox	−	Ci)/xox	(4.41)	F3	(reaction)	=	k	sCi	(see	Figure	4.31)	At	equilibrium	F1	=	F2	=	F3,	and	this	yields	the	concentration	of	oxidant	at	the	interface	oxide/silicon,	Ci,	as:	(4.42)	C	i	(	X	ox	,	k	s	,	D,	PG	)	Oxide	Xox	CGas	Silicon	F1	=	h(C*	–	Cox)	C*	=	H
PGas	F2	=	D(Cox	–	Ci)	/	Xox	F3	=	ks	Ci	Cox	F1	F2	dX	ox	C	i	k	s		dt	N	(4.40)	When	10,000	Å	of	oxide	has	grown,	4,600	Å	of	Si	will	be	consumed;	in	other	words,	the	amount	of	silicon	consumed	is	46%	of	the	final	oxide	thickness.	This	relationship	is	important	for	calculating	step	heights	that	form	in	silicon	microstructures.	Very	good	adhesion	to	Si
leads	to	volume	expansion	upward,	resulting	in	compressive	stress	in	the	SiO2	film.	All	gas-phase	oxidation	processes	involve	three	steps	in	series:	gas-phase	transport	of	oxidant	to	the	surface	(F1),	diffusion	through	the	existing	oxide	(F2),	and	the	oxidation	reaction	itself	(F3).	The	fluxes	are:	Gas	where	Xox	=	oxide	thickness	kS	=	Si	oxidation	rate
constant,	which	is	a	function	of	temperature,	oxidant,	crystal	orientation,	and	doping	D	=	oxidant	diffusivity,	which	is	a	function	of	temperature	and	oxidant	PG	=	partial	pressure	of	the	oxidant	in	the	gas	phase	C*	=	equilibrium	oxidant	concentration	in	the	oxide	=	HPG,	with	H	being	Henry’s	law	constant	The	oxide	growth	rate	is	given	by:	Ci	X	F3
FIGURE	4.31	Fluxes	in	the	silicon	oxidation	reaction.	(4.43)	where	N	stands	for	the	number	of	molecules	of	oxidant	per	unit	volume	of	oxide	(2.2	×	1022	cm–3	for	dry	oxygen	and	4.6	×	1022	cm−3	for	wet	oxidation).	Solution	of	this	differential	equation	in	the	Bruce	Deal-Andy	Grove	model	for	oxidation	(1965)	yields:	X	ox	(t)		·	A	¨¥	tT	´	¸	©¦	1	2	·	1	µ	2
©§	A	/	4B	¶	¹	¸	ª	¹	(4.44)	where	A	and	B	are	rate	constants:	A	=	2D(1/k	s	+	1/h)	(units	of	μm)	B	=	2DC*/N	(units	of	μm2/h—parabolic	rate	constant)	τ	=	(X	i2	+	AX	i)/B	h	=	gas-phase	mass	transport	coefficient	in	terms	of	concentration	in	the	solid	C*	=	equilibrium	oxidant	concentration	in	the	oxide	=	HPG,	with	H	being	Henry’s	law	constant	X	i	=	initial
oxide	thickness	The	reason	that	wet	oxide	growth	is	much	faster	than	dry	oxidation	can	be	found	in	the	value	for	C*	in	the	rate	constant	B.	In	dry	oxygen	at	1000°C,	C*(O2)	=	5.2	×	1016	cm−3,	whereas	at	the	same	temperature	in	wet	oxygen	C*(H2O)	=	3.0	×	1019	cm−3	(three	orders	of	magnitude	larger).	This	more	than	compensates	for	the	fact	that
the	diffusion	coefficient	of	oxygen	in	SiO2	is	larger	than	that	of	water	[D(O2)	>	D(H2O)].	This	general	relationship	for	silicon	oxidation	is	illustrated	in	Figure	4.32.	From	this	figure	it	can	be	seen	that	for	thin	oxides	[short	Silicon	Single	Crystal	Is	Still	King	10	X0	A/2	X0	=	1	2	X0	10–1	0.1	=	t+	B(	B	(t	+	)	A	)	1	2	X0	+	AX0	=	B	(t	+	)	10	t+	100	1000	A2	/
4B	FIGURE	4.32	Silicon	dioxide	thickness	versus	growth	time.	oxidation	times	with	(t	+	τ)	>	τ	and	t	>>	A2/4B),	we	deduce	from	Figure	4.32	that	the	process	is	diffusion	limited,	and	a	parabolic	law	results:	X	ox	(t	)		B(t	T)	(4.46)	where	B	is	the	parabolic	rate	constant.	From	Figure	4.32	we	also	conclude	that	oxide	thickness	versus	growth	time	is
initially	linear	when	the	oxidation	reaction	at	the	surface	dominates	but	parabolic	when	the	diffusion	to	the	oxide/silicon	interface	dominates.	A,	B,	and	τ	are	strong	functions	of	temperature	and	the	gas	ambient	(wet	vs.	dry)	and	weak	functions	of	orientation	and	doping	(both	type	and	level).	The	oxidation	rate	is	also	influenced	by	the	presence	of
halogen	impurities	or	hydrogen	in	the	oxidizing	gas,	the	oxidizing	gas	pressure,	and	the	use	of	a	plasma	or	a	photon	flux	during	oxide	growth.	For	X0	<	200	Å,	the	oxidation	is	always	faster	than	that	predicted	by	the	Deal-Grove	model,	and	empirical	models	are	used	to	fit	the	data.	Even	the	substrate	cleaning	method	influences	the	oxide	thickness	in
this	regime.	The	Deal-Grove	model	is	also	limited	to	the	700–1300°C	temperature	range	and	to	the	0.1–25	atm	pressure	range.	Short	of	using	an	ellipsometer	to	determine	the	oxide	thickness	(see	Volume	III,	Chapter	6	on	metrology),	the	silicon	oxide	thickness	color	table	(Table	4.7)	comes	in	handy.	This	table	also	lists	some	typical	applications	for
oxides	of	various	thicknesses.	Charts	showing	the	final	oxide	thickness	as	a	function	of	temperature,	oxidizing	environment,	and	time	are	widely	available.	TABLE	4.7	Oxide	Color	Table	and	Applications	of	Thermal	Oxides:	Observed	Perpendicularly	under	Daylight	Fluorescent	Lighting	Color	Gray	239	Thickness	(Å)	Application	Up	to	100	Tunneling
oxides	in	EEPROM	(flash	memories)	and	gate	oxides	(around	30	Å	in	180-nm	CMOS)	Tan	Brown	Blue	500	700	800	Dark	violet-red	violet	Light	blue-metallic	blue	Green	Yellow	Gold	with	slight	yellow	orange	Orange-melon	1000	2800	4600	6500	Pad	oxides	Masking	oxides	during	implant,	diffusion,	etc.	Field	oxide	for	isolation	(e.g.,	LOCOS)	1500	3000
4900	6800	Field	oxide	for	isolation	(e.g.,	LOCOS)	1800	2100	2200	3300	3700	4000	5200	5600	6000	7200	7500	2500	4400	6200	240	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Some	new	types	of	oxidation	under	investigation	include	the	growth	of	thick	oxides	at	high	pressures	and	the	growth	of	ultrathin
oxides	(	(111)	>	(311)	>	(511)	>	(100),	corresponding	to	an	increasing	activation	energy	that	incorporates	a	term	for	the	bond	density	in	the	plane,	as	well	as	one	for	the	bond	orientation.	As	might	be	expected,	steric	hindrance	results	in	higher	activation	energy.4	In	anisotropic	wet	etching,	as	we	will	discover	in	Volume	II,	Chapter	4,	the	sequence	of
the	etch	rates	242	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	is	mostly	reversed	compared	with	that	of	oxidation.	For	example,	a	(100)	plane	etches	up	to	100	times	faster	than	a	(111)	plane.	It	has	been	postulated	that	the	slow	etching	of	a	(111)	Si	plane	relative	to	a	(100)	plane	may	be	because	of	its	more
efficient	oxidation,	protecting	it	better	against	etching	than	a	(100)	plane.5	In	this	interpretation—etching	being	an	electrochemical	process—one	assumes	that	anodic	oxidation,	just	like	thermal	oxidation,	will	occur	faster	at	a	(111)	Si	surface.	To	our	knowledge,	no	evidence	to	support	this	theory	has	been	presented	as	of	yet.	Moreover,	Seidel	et	al.6
pointed	out	that	the	huge	anisotropy	in	wet	etching	of	Si	could	not	be	credited	to	the	number	of	bonds	available	on	different	Si	planes,	as	that	number	barely	differs	by	a	factor	of	2	(see	Volume	II,	Chapter	4).	From	the	numbers	observed,	such	an	explanation	could	be	valid	for	the	anisotropy	in	thermal	oxidation.	There	is	no	agreement,	however,	about
the	exact	mechanism,	and	an	understanding	of	the	orientation	dependence	of	the	oxidation	rate	is	still	lacking.	It	has	been	attributed	at	various	times	to	the	number	of	Si-Si	bonds	available	for	reaction	and	the	orientation	of	these	bonds,	the	presence	of	surface	steps,	mechanical	effects	such	as	stress	in	the	oxide	film,	and	the	attainment	of	maximum
coherence	across	the	Si/SiO2	interface.4	It	should	also	be	noted	that	the	oxidation	rate	sequence	depends	on	temperature	and	oxide	thickness—one	more	reason	to	take	any	model	with	a	grain	of	salt.4	In	Si,	n-type	dopants	(As	and	P)	at	high	concentrations	(n++)	lead	to	increases	in	oxidation	rate,	particularly	at	low	temperatures.	It	is	found	that	B/A
is	affected	but	that	B	remains	unaffected.	Ho-Plummer	explained	this	phenomenon	by	postulating	that	point	defects	(vacancies)	are	being	consumed	during	the	volume	expansion	that	accompanies	Si	oxidation.7,8	The	oxidation	rate	is	changed	much	less	in	case	of	highly	boron-doped	(p++)	wafers.	Whereas	boron	atoms	are	taken	up	by	the	oxide,	P
and	As	pile	up	at	the	Si/SiO2	interface.9	Oxidation	is	also	influenced	by	stress.	Etched	substrates	exhibiting	shaped	structures	oxidize	at	different	rates	than	planar	wafers.	Oxide	layers	formed	on	silicon	are	under	compressive	stress,	even	in	the	planar	case,	and	these	stresses	can	be	much	larger	on	curved	surfaces	because	the	volume	expansion	is
dimensionally	confined.	For	example,	oxidation	occurring	in	a	confined	corner,	in	which	volume	expansion	is	more	difficult,	is	different	from	oxidation	of	a	flat	surface.	Retardation	of	oxidation	is	very	strong	for	sharp	corners,	i.e.,	for	r	small	or	1/r	large	(e.g.,	a	factor	of	two	retardation	in	some	cases).	Retardation	is	also	more	pronounced	for	lower
temperatures,	and	there	are	virtually	no	corner	effects	observed	for	1200°C.	Interior	(concave)	corners	show	more	pronounced	retardation	effects	than	exterior	(convex)	corners.	It	is	important	to	include	stress	when	simulating	oxide	growth	in	the	LOCOS	process	(see	above).	Si	oxidation	modeling	using	ATHENA	software	predicts	the	oxide	shape
much	better	when	stress	is	included	as	a	parameter	(	tech_lib/simulationstandard/1997/aug/a3/a3.html).	In	Volume	III,	Chapter	10	we	show	how	oxidation	sharpening	is	used	to	make	sharp	Si	needle	tips	for	scanning	tunneling	microscopes	(STMs)	and	atomic	force	microscopes	(AFMs;	Volume	III,	Figure	10.12).	Nonthermal	Methods	for	Depositing
SiO2	Films	Thermal	oxidation	involving	the	consumption	of	a	thin	layer	of	the	Si	surface	results	in	excellent	adhesion	and	good	electrical	and	mechanical	properties.	It	is	an	excellent	technique	when	available.	However,	the	thermal	oxidation	described	in	the	previous	section	is	by	no	means	the	only	method	available	to	implement	a	SiO2	film.	Two
nonthermal	SiO2	deposition	methods	include	electrochemical	oxidation	of	Si	and	chemical	vapor	deposition.	Electrochemical	oxidation	of	Si	has	been	studied	(see,	e.g.,	Schmidt10	and	Lewerenz11)	but	has	not	led	to	commercial	usage.	Even	though	these	anodic	oxides	are	pinhole	free,	they	exhibit	many	interface	states.	Madou	et	al.12	investigated
mechanisms	for	anodic	oxidation	of	Si	and	the	introduction	of	oxide	“dopants”	into	these	anodically	formed	oxides.	Such	oxide	dopants	can	be	used	as	a	source	for	doping	of	the	underlying	Si	at	elevated	temperatures.	Further	study	material	on	silicon	oxidation	can	be	found	in	Fair13	and	Katz.4	Silicon	dioxide	is	frequently	used	as	an	insulator
between	two	layers	of	metallization.	In	such	cases,	some	form	of	deposited	oxide	must	be	used	rather	Silicon	Single	Crystal	Is	Still	King	than	grown	oxides.	Deposited	oxides	can	be	produced	by	various	reactions	between	gaseous	silicon	compounds	and	gaseous	oxidizers.	Deposited	oxides	tend	to	possess	low	densities	and	large	numbers	of	defect
sites,	meaning	they	are	not	suitable	for	use	as	gate	dielectrics	for	MOS	transistors	but	are	acceptable	for	use	as	insulating	layers	between	multiple	conductor	layers	or	as	protective	overcoats.	For	deposition	of	oxides	at	lower	temperatures,	we	will	learn	in	much	more	detail	in	Volume	II,	Chapter	7	that	one	may	use	low-pressure	chemical	vapor
deposition	(LPCVD),	such	as	in	the	following	reaction:	SiH4	+	O2	→	SiO2	+	2	H2:	450°C	Reaction	4.3	Another	advantage,	besides	the	lower	temperature,	is	the	fact	that	one	can	dope	an	LPCVD	silicon	oxide	film	easily	to	create,	for	example,	a	phosphosilicate	glass	(PSG):	SiH4	+	7/2	O2	+	2	PH3	→	SiO2:	P	+	5	H2O:	700°C	Reaction	4.4	Phosphorus-
doped	glass,	also	called	P-glass	or	PSG,	and	borophosphosilicate	glasses	(BPSGs)	soften	and	flow	at	lower	temperatures,	enabling	the	smoothing	of	topography.	They	etch	much	faster	than	SiO2,	which	benefits	their	application	as	sacrificial	material	in	surface	micromachining	(see	Volume	II,	Chapter	7).	Properties	of	Thermally	Grown	SiO2	A	film	of
thermal	SiO2	performs	excellently	as	a	mask	against	diffusion	of	the	common	dopants	in	Si.	The	diffusion	coefficient,	D,	of	boron	at	900°C	in	SiO2	is	2.2	×	10	–19	cm2/s	compared	with	4.4	×	10	–16	in	Si.	For	phosphorus,	D	equals	9.3	×	10	–19	cm2/s	compared	with	7.7	×	10	–15	in	Si	(from	the	common	Si	dopants,	only	Ga	diffuses	fast	through	the
oxide	with	D	=	1.3	×	10	–13).	For	some	other	elements,	SiO2	forms	a	poor	diffusion	barrier.	The	amorphous	oxide	has	a	more	open	structure	than	crystalline	quartz—only	43%	of	the	space	is	occupied	(see	Figure	4.34).	Consequently,	a	wide	variety	of	impurities	(especially	alkali	ions	such	as	Na+	and	K+)	can	readily	diffuse	through	amorphous	SiO2.
Diffusion	through	the	open	SiO2	structure	happens	especially	fast	when	the	oxide	is	hydrated.	One	243	Oxygen	O	2.27Å	1.60Å	Si	O	Silicon	O	O	(a)	(b)	(c)	FIGURE	4.34	(a)	Basic	structural	unit	of	silicon	dioxide.	(b)	Two-dimensional	representation	of	a	quartz	crystal	lattice.	(c)	Two-dimensional	representation	of	the	amorphous	structure	of	silicon
dioxide.	of	the	reasons	for	the	poor	performance	of	silicon	dioxide-based	ion-sensitive	field-effect	transistors	(ISFETs)	in	aqueous	solutions	can	be	traced	back	to	the	simple	observation	that	SiO2	in	water	almost	behaves	like	a	sponge	for	ions.14	This	is	why,	in	such	devices,	SiO2	is	often	topped	off	with	the	ionic	barrier	material	Si3N4.	The	use	of	SiO2
as	a	diffusion	mask	often	stems	from	convenience;	SiO2	is	easy	to	grow,	whereas	Si3N4	cannot	be	put	directly	onto	Si	without	problems.	The	quality	of	silicon	dioxide	depends	heavily	on	its	growth	method.	Dry	oxidation	at	high	temperatures	(between	900	and	1150°C)	in	pure	oxygen	produces	a	better	quality	oxide	than	steam	oxidation.	Such	a
thermal	oxide	is	stoichiometric,	has	a	high	density,	and	is	basically	pinhole	free.	Wet	oxidation	in	steam	occurs	much	faster	but	produces	a	lesser	quality	oxide,	with	water	causing	a	loosening	effect	on	the	SiO2,	making	it	more	prone	to	impurity	diffusion.	Both	types	of	oxidation	are	carried	out	in	a	quartz	tube.	Oxide	thicknesses	of	a	few	tenths	of	a
micrometer	are	used	most	frequently,	with	1–2	μm	being	the	upper	limit	for	conventional	thermal	oxides.	Addition	of	chlorine-containing	chemicals	during	oxidation	increases	the	dielectric	breakdown	strength	and	the	rate	of	oxidation	while	also	improving	the	threshold	voltage	of	many	electronic	devices.15	However,	too	high	concentrations	of
halogens	at	high	temperatures	can	pit	the	silicon	surface.	The	244	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	influence	of	chlorine,	hydrogen,	and	other	gases	on	the	SiO2	growth	rate	and	the	resulting	interface	and	oxide	quality	has	been	a	fertile	research	field,	a	short	summary	of	which	can	be	found	in
Fair.13	It	should	be	noted	that	for	the	IC	industry,	the	electronic	quality	of	the	Si/SiO2	interface	is	expressed	through	low	concentrations	of	interface	trap	states,	low	fixed	oxide	surface	charges,	low	bulk	oxide	trapped	charges,	and	mobile	charges	(impurity	ions	such	as	Li+,	Na+,	K+)	(Figure	4.35);16	the	interface	quality	is	of	little	consequence	in
micromachining.	In	micromachining,	the	oxide	is	used	as	a	structural	element,	a	sacrificial	layer,	or	a	dielectric	in	a	passive	device,	applications	where	the	interface	quality	rarely	matters.	One	notable	exception	is	the	aforementioned	micromachined	ISFET,	where	the	electronic	properties	of	the	gate	oxide	are	key	to	its	functioning;	a	perfect	oxide	and
oxide/semiconductor	interface	hold	as	much	importance	in	this	case	as	it	does	in	the	IC	industry.	Because	of	molecular	volume	mismatch	and	thermal	expansion	differences,	a	thermal	silicon	oxide	is	compressed.	The	compressive	stress	depends	on	the	total	thickness	of	the	silicon	dioxide	layer	and	can	reach	hundreds	of	MPa.	Oxide	films	thicker	than
1	μm	can	cause	bowing	of	the	Si	wafer.	Wet	oxidation	relaxes	the	compressive	stress	while	speeding	up	the	SiO2	growth.	In	Table	4.8,	we	review	some	of	the	more	significant	properties	of	thermally	grown	SiO2.	The	oxide	is	characterized	by	a	variety	of	means	reviewed	in	Volume	III,	Chapter	6	on	metrology.	Electrical	tests	are	conducted	to	establish
the	capacitance	(CV)	at	high	and	low	frequencies	to	calculate	the	interface	density,	to	measure	dielectric	breakdown,	and	for	electrical	stressing	(with	temperature	ramp).	Optical	tests	are	carried	out	for	thickness	and	optical	constant	determination	using	color	(see	Table	4.7),	inter	ferometry	(needs	calibrated	substrate),	and	ellipsometry.	Physical
tests	for	thickness,	surface	quality,	etc.	involve	profilometry,	AFM,	and	crosssections	by	scanning	electron	microscopy	(SEM)/	transmission	electron	microscopy	(TEM).	Oxidation	furnaces	may	be	purchased	from	Thermcraft	(	.	html)	and	Tystar	(	)	(which	makes	Tytan	Horizontal	Furnace	Systems;	http://	www.tystar.com/furnace.htm).	SiO2	Transition
region	O2	SiO2	SiOx	Interface	trap	(a)	states	(Nit	~	1015/cm2)	Si	Si	Excess	Si	Interface	trapped	charge	Qit	O2	Na+	SiO2	Mobile	ionic	charge	Qm	Bulk	odxide	trapped	charge	Qot	Distance	(z)	Fixed	oxide	surface	charge	Qf	(b)	Fixed	oxide	surface	charges	(Nf	~	2	×	1011/cm2)	for	dry	O2	at	1100°C	treatment	and	Nf	~	2	×	1011	for	wet	(H2O	at	1100°C
treatment)	SiO2	Na+	Na+	Na+	Na+	SiO2	Na+	Na+	Si	SiO2	(c)	Mobile	impurity	ions	(Li+,	Na+,	K+)	(Nm	<	1012	ions)	(d)	Charges	trapped	in	the	bulk	oxide	(Not	may	be	positive	or	negative)	Si	FIGURE	4.35	Location	of	oxide	charges	in	thermally	oxidized	silicon	structures	as	defined	by	Bruce	Deal.	Q	f	and	Q	it	are	much	lower	for	(100)	silicon	than
for	(111).	Silicon	Single	Crystal	Is	Still	King	TABLE	4.8	Properties	of	Thermal	SiO2	Property	Si-Based	Electronic	Devices	Value	Density	(g/cm3)	Introduction	2.24−2.27	(dry)	and	2.18−2.20	(wet)	3.8−3.9	2	×	106	(dry)	and	3	×	106	(wet)	∼8	1000	Dielectric	constant	Dielectric	strength	(V/cm)	Energy	gap	(eV)	Etch	rate	in	buffered	HF	(Å/min)	Infrared
absorption	peak	(μm)	Melting	point	(°C)	Molecular	weight	Molecules/cm3	Refractive	index	Resistivity	at	25°C	(Ωcm)	9.3	∼1700	60.08	2.3	×	1022	1.46	3	×	1015	(dry)	and	3−5	×	1015	(wet)	1.0	2−4	×	109	(compressive)	0.014	Specific	heat	(J/g°C)	Stress	in	film	on	Si	(dyne/cm2)	Thermal	conductivity	(W/cm°C)	Thermal	linear	expansion	coefficient
(°C−1)	245	5	×	10−7	(0.5	ppm/°C)	The	End	of	the	Line	for	SiO2?	In	the	following	sections	we	learn	about	the	gate	oxide	thickness	crisis.	The	projected	gate	oxide	thickness	for	70	nm	CMOS	of	10–15	Å	results	in	large	tunneling	currents	(see	Chapter	3)	through	the	oxide.	It	is	a	challenge	to	find	a	replacement	for	thermal	silicon	dioxide	with
comparable	dielectric	properties.	Oxides	with	high	dielectric	constant	εr	>>	3.9	are	most	desirable.	Possible	SiO2	replacements	developed	at	present	are	silicon	oxynitride	(SiOx	Ny),	Al2O3,	Ta	2O5,	and	Hf	and	Zr	silicates.	The	following	active	electronic	devices	will	be	reviewed	in	this	section:	diodes,	special-purpose	diodes	[including	light-emitting
diodes	(LEDs),	photodiodes,	solar	cells,	Zener	diodes,	avalanche	diodes,	and	tunneling	(Esaki)	diodes],	and	two	types	of	transistors	(bipolar	and	MOSFET).	Si	and	Ge	are	the	two	most	common	single	elements	that	are	used	to	make	diodes.	A	compound	semiconductor	that	is	commonly	used	is	GaAs,	especially	in	the	case	of	LEDs	because	of	its	large
direct	bandgap.	We	analyze	in	some	detail	the	scaling	issues	involved	in	the	further	miniaturization	of	Si	MOSFETs,	and	in	this	context	we	introduce	strained	Si,	which	expands	the	prospect	of	continued	Si	use.	Fundamental	limits	to	MOSFET	downscaling	include	not	only	electromagnetic,	quantum	mechanical,	and	thermodynamic	effects	but	also
technical	and	economic	(practical)	considerations.	In	the	current	volume	Chapters	3	and	5	on	quantum	mechanics,	and	photonics,	respectively	and	in	Volume	III,	Chapter	3	on	nanotechnology,	alternative	device	operating	principles	that	exploit	the	quantization	effects,	rather	than	being	hampered	by	them,	are	investigated.	These	approaches	include
quantum	wells,	quantum	wires,	quantum	dots,	resonant	tunneling	diodes	and	transistors,	superlattices,	and	molecular	electronics.	Diodes	Many	semiconductor	devices	are	based	on	the	properties	of	the	junction	between	p-type	and	n-type	semiconductors	(Figure	4.36).	Russell	Kohl	at	Bell	Labs	V(x)	V0	p	n	p	n	x	(a)	d0	(b)	d0	Idiff	Idrift	(d)	(c)	FIGURE
4.36	(a)	p	and	n	semiconductor	before	majority	carriers	cross	the	junction.	(b)	Motions	of	majority	charge	carriers	across	the	junction	uncover	two	space-charge	layers	associated	with	uncompensated	donor	ions	(to	the	right	of	the	plane)	and	acceptors	ions	(to	the	left).	(c)	Associated	with	the	space	charge	is	a	contact	potential	difference	V0,	which
acts	to	limit	the	flow	of	majority	carriers.	(d)	The	diffusion	of	majority	carriers	across	the	junction	produces	a	diffusion	current,	Idiff.	The	small	concentration	of	minority	carriers	on	either	side	of	the	junction	moves	in	the	opposite	direction	of	the	majority	carriers,	giving	rise	to	a	drift	current,	Idrift.	In	an	isolated	junction,	the	diffusion	current	is
compensated	for	by	the	drift	current,	with	the	result	that	the	net	current	through	the	junction	is	zero.	246	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	invented	the	solid-state	p-n	junction	diode	in	1940.	This	device,	when	exposed	to	light,	produced	a	voltage	of	0.5	V	across	the	junction	and	represented	a
stepping	stone	to	the	invention	of	the	transistor	(see	Chapter	1).	In	a	diode	p-n	junction,	electrons	from	the	n-type	diffuse	into	the	p-type	and	holes	diffuse	the	other	way	until	the	charge	transfer	builds	up	a	big	enough	potential	difference	to	halt	the	diffusion.	As	typical	for	diffusion,	carriers	flow	from	where	there	are	many	to	where	there	are	few.	This
motion	of	the	majority	charge	carriers	across	the	junction	causes	two	space-charge	layers	to	form	associated	with	the	uncompensated	donor	ions	(to	the	right	of	the	junction)	and	acceptors	ions	(to	the	left	of	the	junction).	The	interface	where	the	p-	and	n-type	materials	meet	is	called	the	metallurgical	junction	(Figure	4.36a).	The	two	space-charge
regions	form	a	depletion	zone	that	is	free	of	mobile	charge	carriers,	with	the	ionized	donor	and	acceptor	ions	fixed	in	their	lattice	sites.	This	double	layer	of	opposite	net	electric	charges	is	also	called	a	dipole	layer	or	a	sandwich.	A	depletion	layer,	d0,	typically	extends	a	few	micrometers	on	either	side	of	the	junction	(Figure	4.36b).	Associated	with	the
space	charge	is	a	contact	potential	difference	V0,	which	acts	to	limit	the	flow	of	majority	carriers	with	a	selfinduced	electric	field	(103–105	V/cm),	opposing	further	diffusion	(Figure	4.36c).	The	diffusion	of	majority	carriers	across	the	junction	produces	the	diffusion	current,	Idiff.	A	small	concentration	of	minority	carriers	on	either	side	of	the	junction
moves	in	the	opposite	direction	of	the	majority	carriers	and	gives	rise	to	a	drift	current,	Idrift	(Figure	4.36d).	The	electrical	field	is	driving	this	current,	not	a	concentration	gradient.	In	a	junction	in	equilibrium,	the	drift	current	compensates	for	the	diffusion	current,	resulting	in	a	net	zero	current	through	the	junction.	Even	though	there	is	no	net
current,	electrons	flow	across	the	junction;	it	is	just	that	the	rates	of	flow	in	each	direction	are	equal;	such	equilibrium	is	called	dynamic	equilibrium.	In	a	real	p-n	junction,	the	boundaries	of	the	depletion	zones	are	not	as	sharp	as	shown	in	Figure	4.36,	but	the	contact	potential	curve	is	smooth	with	no	sharp	corners.	The	contact	potential	or	barrier
voltage,	according	to	the	Boltzmann	relation,	is	given	as:	kT	p	p	V0		ln	e	pn	(4.48)	where	pp	=	hole	concentration	in	the	p-type	material	pn	=	hole	concentration	in	the	n-type	material	The	term	kT/e	(=	V	T)	is	the	thermal	voltage	(∼26	mV	at	room	temperature).	With	pp	≈	NA	and	pn	≈	ni2/ND,	where	ni	is	the	intrinsic	carrier	concentration,	the	barrier
voltage	can	be	approximated	as:	V0		kT	N	A	ND	ln	e	n	i2	(4.49)	where	NA	=	concentration	of	immobile	acceptors	on	the	p-side	of	the	junction	ND	=	immobile	donors	on	the	n-side	of	the	junction	For	Si	at	room	temperature,	V0	is	typically	around	0.67	V	(with	NA	=	1017	cm−3	and	ND	=	1015	cm−3).	A	typical	width	of	the	junction	with	these	numbers
is	about	4	μm,	and	the	electrical	field	E	in	this	case	is	about	60	kV/cm.	The	majority	carriers	in	the	depletion	layer	disappear	through	recombination	in	which	electrons	and	hole	pairs	annihilate	each	other.	When	equilibrium	is	reached,	a	single	Fermi	level	characterizes	the	p-n	junction	(Figure	4.37).	The	above	describes	a	p-n	junction	in	an	equilibrium
situation.	Now,	we	consider	what	happens	when	we	apply	a	bias,	as	shown	in	Figure	4.38.	When	the	p-side	of	a	p-n	junction	is	connected	to	the	+	terminal	of	a	voltage	source,	and	the	n-side	to	the	–	terminal,	the	majority	carriers	are	repelled	by	their	respective	terminals	toward	the	junction.	This	is	called	forward	bias,	and	with	such	a	bias	the
depletion	layer	becomes	narrower	(dF),	and	most	electrons	can	go	across	the	junction	(right	to	left	flow	of	electrons	makes	a	positive	current	left	to	right	because	positive	current	flow	is	opposite	of	EC	EF	n-type	electrons	EF	EV	p-type	p-n	regions	in	equilibrium	EC	EF	EV	––	+–	–	+	++––	–	+	++–––	+	++––	++	Depletion	zone	FIGURE	4.37	A	single
Fermi	level	characterizes	the	whole	p-n	junction	in	equilibrium.	Silicon	Single	Crystal	Is	Still	King			247																					FIGURE	4.38	(a)	The	forward-biased	connection	of	a	p-n	junction,	showing	the	narrowed	depletion	(dF)	and	the	larger	forward	current	IF.	(b)	The	reverse	(back)-biased	connection,	showing	the	widening	depletion	zone	(dB)	and	the
small	reverse	(back)	current	I	B.	the	negative	electron	flow)	(Figure	4.38a).	With	the	shrinking	of	the	depletion	layer,	the	energy	required	for	charge	carriers	to	cross	the	depletion	region	decreases	exponentially.	Therefore,	as	the	applied	voltage	increases,	current	starts	to	flow	across	the	junction.	The	barrier	potential	of	the	diode	is	the	voltage	at
which	appreciable	current	starts	to	flow	through	the	diode.	The	barrier	potential	varies	for	different	materials.	When	connected	in	the	opposite	direction,	the	barrier	gets	higher,	and	practically	no	current	flows.	This	is	called	back	bias	or	reverse	bias.	The	depletion	layer	is	very	wide	(dB)	when	the	reverse	bias	is	high	(Figure	4.38b).	Very	few
electrons	get	into	the	depletion	layer	from	the	neutral	parts	of	the	diode.	Only	electrons	“produced”	inside	the	depletion	layer	will	move	through	it.	A	small	leakage	current,	also	saturation	current,	flows	under	these	reverse-biased	conditions.	A	typical	current-voltage	plot	(I–V)	for	a	diode	is	shown	in	Figure	4.39.	Mathematically,	the	forward	current
(IF),	with	diffusion	dominating,	is	described	by	an	exponential	as	a	function	of	the	voltage.	The	reverse	“leakage”	current	(IB),	where	drift	dominates,	is	almost	constant	over	most	of	the	reverse	voltage	range	(negative	potentials	in	Figure	4.39).	Combined	we	obtain:	I		I0	(e	eV	HkT	1)	+I	Forward-biased	curve	120	100	80	60	40	Junction	voltage	20	+V
–V	Breakdown	voltage	0.4	Leakage	current	Reverse-biased	curve	–I	FIGURE	4.39	Typical	diode	current-voltage	curve.	0.8	1.2	1.6	(4.50)	248	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	This	equation	is	referred	to	as	the	Shockley	equation.	In	it,	η	is	the	emission	coefficient	for	the	diode,	which	is	determined
by	the	way	the	diode	is	constructed	and	somewhat	varies	with	diode	current.	For	a	silicon	diode,	η	is	around	2	for	low	currents	and	goes	down	to	about	1	at	higher	currents.	The	reverse	current,	I0,	depends	on	the	number	of	electrons	per	second	that	“appear”	in	the	depletion	layer,	not	on	the	voltage.	Only	the	temperature	and	the	bandgap	have	an
influence	on	I0.	The	simple	Shockley	equation	does	not	explain	the	sudden	increase	of	the	leakage	current	at	voltages	above	the	breakdown	voltage.	We	will	explain	this	effect	further	below	when	discussing	Zener	and	avalanche	diodes.	One	important	use	for	diodes	is	to	convert	alternating	current	into	direct	(unidirectional)	current	in	power	supply
circuits.	Diodes	are	also	useful	in	some	logic	devices,	and	we	can	make	some	types	of	digital	logic	circuits	using	only	diodes	and	resistors.	Special-Purpose	Diodes	Introduction	There	are	many	types	of	specialized	diodes.	In	this	section	we	briefly	introduce	light-emitting	diodes	(LEDs),	solar	cells,	Zener	diodes,	avalanche	diodes,	and	tunnel	or	Esaki
diodes.	In	Chapter	5	we	discuss	double-barrier	resonant	tunneling	diodes	(DBRTs)	and	compare	laser	diodes	with	quantum	well	lasers.	The	existence	of	the	zero	point	energy	for	confined	electrons	in	a	quantum	well	laser	(see	Chapter	3)	makes	a	quantum	well	laser	much	more	efficient	than	a	diode	laser.	In	a	quantum	well,	there	are	no	allowed
electron	states	at	the	very	lowest	energies.	What	that	means	is	that	the	lowest	conduction	state	in	a	quantum	well	is	broad	so	that	many	electrons	can	be	accommodated.	Similarly,	the	top	of	the	valence	band	has	plenty	of	states	available	for	holes.	This	means	that	it	is	possible	for	many	holes	and	electrons	to	combine	and	produce	photons	with
identical	energy	for	enhanced	probability	of	stimulated	emission	(lasing)	(see	Chapter	5).	Peltier	diodes	are	described	in	Volume	III,	Chapter	8	on	actuators.	Light-Emitting	Diodes	Electrons	and	holes	can	recombine	in	extrinsic	semiconductors	that	have	a	substantial	number	of	electrons	in	the	conduction	band	and	many	holes	in	the	valence	band.	On
recombination,	energy	conservation	requires	that	photons	and/or	phonons	be	produced.	The	only	place	where	there	are	enough	electrons	and	holes	to	produce	bright	light	is	at	the	p-n	junction	when	a	large	current	is	flowing	(i.e.,	in	a	forward-biased	p-n	junction).	If	the	bandgap	corresponds	to	the	energy	of	a	photon	of	visible	light,	then	that	type	of
radiation	is	produced.	This	is	the	light-emitting	diode	(LED),	used	extensively	in	electronic	devices	and	cars	as	indicator	lamps,	as	picture	elements	in	color	matrix	displays	for	laptop	computers,	and	so	on.	Being	an	indirect	bandgap	material,	Si	is	currently	not	used	for	LEDs,	and	the	most	utilized	material	is	direct	bandgap	GaAs	(see	Chapter	5).	The
earliest	LEDs	produced	infrared	or	visible	red	light,	but	LEDs	in	yellow,	green,	and	blue	visible	light	colors	are	now	available	(Figure	4.40).	These	LEDs	convert	electrical	input	to	light	output.	Greater	difference	in	energy	levels	in	the	p-	and	n-sides	of	the	diode	produces	greater	energy	change,	and	consequently	higher-frequency,	shorter-wavelength
light.	A	forward-biased	p-n	junction,	showing	electrons	being	injected	into	the	n-type	material	and	holes	into	the	p-type	material,	is	sketched	in	Figure	4.41.	Light	is	emitted	from	the	narrow	depletion	zone	each	time	an	electron	and	a	hole	combine	across	that	zone.	The	ratio	of	generated	photons	to	the	electrons	injected	across	the	junction	is	called
the	quantum	efficiency,	which	is	a	key	measure	of	how	well	a	light	emitter	is	working.	For	high-performance	III–V	LEDs,	the	efficiency	is	around	10%.	GaAs	is	a	direct	energy	gap	semiconductor	with	an	energy	gap	of	1.424	eV	in	the	near-infrared	portion	of	the	electromagnetic	spectrum.	This	semiconductor	is	often	used	in	LED	construction	in
combination	with	AlAs,	an	indirect	energy	gap	semiconductor	with	an	energy	gap	of	2.168	eV	in	the	yellow-green	portion	of	the	electromagnetic	spectrum.	As	the	mole	fraction	x	of	Al	x	Ga1−x	As	is	raised	from	zero,	the	energy	gap	of	the	resulting	compound	increases	from	that	of	GaAs	to	that	of	AlAs.	When	the	value	of	x	is	0.45,	the	semiconductor
switches	from	a	direct	energy	gap	to	an	indirect	energy	gap.	GaAs	and	AlAs	differ	in	lattice	constants	by	less	than	0.2%	at	250°C,	which	allows	for	Silicon	Single	Crystal	Is	Still	King	Silicon	(Si)	Indium	nitride	Gallium	(InN)	Gallium	phosphide	arsenide	(GaP)	(GaAs)	Gallium	nitride	(GaN)	Infrared	0	Diamond	(C)	249	Aluminum	nitride	(AlN)	Ultraviolet	1
eV	2	eV	3	eV	4	eV	5	eV	6	eV	Binding	energy	of	electron	InGaN	Blue	LED	InGaN	Green	LED	200	μm	FIGURE	4.40	LEDs	of	all	colors:	the	larger	the	difference	in	energy	levels	in	the	p-	and	n-sides	of	a	diode,	the	shorter	the	wavelength	of	the	light.	the	growth	of	very	high-quality	AlGaAs	films	on	GaAs	substrates.	Molecular	beam	epitaxy	(MBE)	is	a
crystal-growth	technique	in	which	material	is	deposited	by	evaporating	individually	controlled	source	materials	onto	a	heated	substrate	in	an	ultrahigh	vacuum	chamber.	The	growth	rates	in	MBE	are	very	slow	(0.1–2	mm/h).	MBE	is	capable	of	producing	high-quality	AlGaAs	heterostructure	devices	with	very	uniform	thickness	and	doping
characteristics.	Crystal	growth	of	LEDs	by	metalorganic	chemical	vapor	deposition	(MOCVD)	and	liquid-phase	epitaxy	(LPE)	began	in	the	late	1960s.	By	using	MOCVD,	it	is	easier	to	scale	up	to	larger	growth	areas	than	with	LPE,	and	the	uniformity	and	surface	morphology	of	MOCVD	grown	lasers	are	superior	(MBE,	LPE,	and	MOCVD	are	compared	in
Volume	II,	Chapter	7).	Hole	current	R	p	Light	+	n	Light	Electron	current	FIGURE	4.41	A	light-emitting	diode	(LED):	forward	based	p-n	junction,	showing	electrons	being	injected	into	the	n-type	material	and	holes	into	the	p-type	material.	The	absorption	coefficient	for	direct	and	indirect	bandgaps	was	calculated	using	Fermi’s	golden	1	rule	as	A(W)	t
G(E)	t	(;W	E	g	)	2	(Equation	3.301)	and	A(W)	t	G(E)	t	(;W	E	g	p	;Np	)2	(Equation	3.302)	(with	νp	the	phonon	frequency	and	+	for	absorption	and	–	for	emission),	respectively.	Emission	in	an	indirect	bandgap	semiconductor	(e.g.,	Si)	is	a	three-particle	interaction	(1	electron	+	1	photon	+	1	phonon);	therefore,	the	transition	is	unlikely,	and	such	materials
are	poor	light	emitters.	In	silicon,	few	excited	electrons	generate	photons,	and	most	recombinations	result	in	heat	rather	than	light;	thus,	the	quantum	efficiency	is	poor.	In	other	words,	silicon	as	an	indirect	bandgap	is	a	lousy	light	emitter:	the	probability	that	a	phonon	with	just	the	right	amount	of	momentum	will	meet	an	electron/hole	pair	is	not	very
good.	The	occurrence	of	such	a	photon-generating	transition	in	a	III–V	material	is	thousands	of	times	more	likely	than	in	silicon.	As	a	consequence,	until	recently,	most	people	in	the	semiconductor	industry	would	assure	you	that	silicon	is	pretty	much	worthless	at	turning	electricity	into	light,	and	as	we	just	saw,	LEDs	and	lasers	are	made	of	the	more
exotic	III–V	semiconductors.	But	these	materials,	including	gallium	arsenide,	gallium	nitride,	and	indium	phosphide,	are	anywhere	from	30	to	200	times	more	expensive	than	silicon.	Moreover,	the	manufacturing	infrastructure	and	know-how	about	250	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	making	ICs
from	silicon	is	useless	for	making	chips	from	III–V	semiconductors.	To	connect	the	manufacturing	of	microprocessors	with	that	of	LEDs	and	lasers,	one	would	like	to	develop	cheap,	integrated	optoelectronics	with	all	components	made	from	silicon.	In	Chapter	3,	we	saw	that	one	approach	to	getting	more	light	out	of	silicon	involves	quantum
confinement,	with	electron/hole	pairs	physically	restricted	to	a	small	volume,	typically	less	than	30	nm	3,	or	300	times	the	size	of	a	typical	atom.	This	can	be	accomplished,	for	example,	by	embedding	nanocrystals	of	silicon	in	an	insulating	silicon	dioxide	shell.	Within	such	a	nanocrystal,	the	energy	levels	of	the	valence	and	conduction	bands	differ
significantly	from	those	in	bulk	crystals,	and	in	general,	the	smaller	the	nanocrystal,	the	larger	the	bandgap	(blue	shift).	The	latter	represents	an	example	of	tuning	a	device’s	optical	properties	by	bandgap	engineering,	which	is	achieved	in	this	case	by	the	fine	control	of	the	nanocrystal’s	growth	during	the	manufacturing	process.	It	turns	out	that
quantum	confinement	also	reduces	silicon’s	momentum	problem,	thus	increasing	the	probability	that	injected	electrons	will	produce	photons.	In	confined	silicon	nanostructures,	one	observes	a	blue	shift	for	the	bandgap	absorption	onset,	and	some	forbidden	transitions	become	feasible.	In	other	words,	through	nanotechnology,	Si	might	yet	be	made
into	a	good	candidate	for	LEDs	and	lasers	after	all	(another	approach	to	make	Si	a	better	photonic	material	is	seeding	the	silicon	with	lanthanide	rare	earth	element	ions,	which	give	off	light	when	electrically	excited).	One	important	reason	to	use	LEDs	is	that	they	last	longer,	are	brighter,	and	are	more	efficient	than	incandescent	lights.	LED	lamps
use	as	little	as	10%	of	the	electricity	that	an	incandescent	light	uses	and	have	lifespans	of	100,000	h,	which	is	more	than	11	years	of	continuous	use.	A	laser	diode	is	made	by	putting	an	LED-type	structure	in	a	resonant	cavity	formed	by	polishing	the	parallel	end	faces	of	the	semiconductor	(see	Chapter	5).	Photons	bounce	between	the	reflective	ends,
colliding	with	atoms	and	stimulating	the	emission	of	additional	photons	that	are	in	phase	with	the	others	in	the	region.	In	a	laser,	the	concentrated,	active	region	bounded	by	the	reflective	ends	is	known	as	the	resonant	cavity.	Laser	diodes	are	used	in	optical	storage	devices	and	for	high-speed	optical	communication.	As	we	already	alluded	to	in
Chapter	3,	they	are	less	efficient	than	quantum	well	lasers	because	more	electrons	and	holes	can	be	accommodated	in	the	latter	devices.	This	means	that	it	is	possible	for	many	more	holes	and	electrons	to	combine	and	produce	photons	with	identical	energy	for	enhanced	probability	of	stimulated	emission	(lasing).	Photodiodes	and	Solar	Cells	The
photodiode	is	the	inverse	of	the	light-emitting	diode	(LED).	Rather	than	giving	off	light	it	is	sensitive	to	incoming	light.	Photons	of	energy	Eg	or	greater	create	electron/hole	pairs	in	the	junction	region.	The	electrons	and	holes	are	then	swept	out	of	the	junction	region	by	the	electric	field	that	exists	before	they	can	recombine.	Photodiodes	can	be
operated	in	two	different	modes,	namely,	the	photovoltaic	mode	and	the	photoconductive	mode.	In	the	photovoltaic	mode,	like	in	a	solar	cell,	the	illuminated	photodiode	generates	a	voltage.	However,	the	dependence	of	this	voltage	on	the	light	intensity	is	rather	nonlinear,	and	the	dynamic	range	is	typically	small.	Although	the	maximum	sensitivity	is
not	achieved,	the	area	of	the	junction	is	large,	and	enough	electron/hole	pairs	are	produced	so	that	significant	solar	energy	can	be	taken	from	the	device.	In	the	photoconductive	mode,	one	applies	a	reverse	voltage	to	the	diode	(i.e.,	a	back	bias)	and	measures	the	resulting	photocurrent.	The	dependence	of	the	photocurrent	on	the	light	power	can	be
very	linear	over	six	or	more	orders	of	magnitude	of	the	light	power.	This	type	of	diode	is	very	sensitive	and	is	used	in	CD	players.	The	electron/hole	pairs	created	by	light	in	a	photodiode	result	in	an	additional	component	of	current	flowing	in	the	diode:	eV	I		I0	(e	kT	1)	Ioptical	(4.51)	with	the	first	term	the	usual	diode	equation	(Equation	4.50),	and	the
second	term	the	photocurrent,	Ioptical,	which	is	proportional	to	the	light	intensity.	Photodiodes	are	constructed	so	their	p-n	junction	can	be	exposed	to	incoming	photons	Silicon	Single	Crystal	Is	Still	King	through	a	clear	window	or	lens.	To	increase	the	volume	in	which	radiation	can	be	absorbed,	positive	intrinsic	negative	(PIN)	diodes	are	often	used.
A	PIN	diode	has	a	central	undoped,	or	intrinsic,	layer,	forming	a	p-type/intrinsic/n-type	structure.	An	internal	electric	field	is	maintained	over	a	wider	layer	with	the	benefit	that	the	depletion	region	now	exists	almost	completely	within	the	intrinsic	region,	which	is	a	constant	width	(or	almost	constant)	regardless	of	the	reverse	bias	applied	to	the	diode.
This	intrinsic	region	can	be	made	large,	increasing	the	volume	where	electron/hole	pairs	can	be	generated.	For	these	reasons	many	photodetectors	are	based	on	PIN	diodes.	In	solar	cells,	photons	coming	from	the	sun	excite	electrons	in	the	valence	band	and	raise	them	to	the	conduction	band.	Illumination	of	a	p-n	junction	produces	hole	pairs	that
diffuse	to	the	depletion	region.	The	minority	carriers	(electrons	in	p-type	material)	are	swept	across	the	depletion	region	and	increase	the	reverse	current.	In	these	cells	one	tries	to	maximize	the	minority	carrier	lifetime,	τ,	so	that	long	diffusion	lengths,	L	=	(Dτ)1/2,	in	excess	of	100	μm,	can	be	attained.	In	a	p-type	material,	electrons	are	the	minority
carriers,	and	the	number	of	electrons	generated	per	unit	area	per	second	(generation	rate	G)	in	a	p-type	material	within	a	diffusion	length	of	the	depletion	layer	is	given	as	GL.	The	larger	G	and	L,	the	more	electrons	reach	the	edge	of	the	depletion	layer,	where	they	are	collected	by	sweeping	251	them	across	the	depletion	layer,	resulting	in	a	current,
Ioptical	(see	Equation	4.51),	which	is	given	by:	(4.52)	Ioptical		eGL	With	a	reverse	bias	applied	to	the	solar	cell,	Equation	4.52	represents	the	increase	in	current	with	light	intensity	as	illustrated	in	Figure	4.42b.	The	current	is	bias-independent	as	long	as	L	>>	d,	with	d	the	depletion	layer	thickness.	The	depletion	layer	thickness	is	the	only	voltage-
dependent	parameter.	Under	open	circuit	conditions,	no	current	is	measured,	and	I	in	Equation	4.50	is	equal	to	zero.	On	illumination,	an	open	circuit	voltage,	Voptical,	appears	across	the	n-p	junction:	Voptical		kT	Ioptical	ln	e	I0	(4.53)	This	open	circuit	voltage	counteracts	the	flow	of	optically	generated	carriers,	and	the	junction	potential	(V0;	see
Equation	4.48)	is	lowered	so	that	an	equal	and	opposite	flow	of	electrons	from	n-type	to	p-type	is	established.	Research	interest	in	solar	cells	today,	with	soaring	oil	prices,	is	very	high.	Solar	energy	reaching	the	surface	of	earth	is	about	800	W/m2.	The	current	problem	with	solar	cells	is	not	really	the	efficiency	(20%)	but	rather	the	cost	of	production.
Although	it	has	come	down	by	a	factor	of	100	in	50	years,	it	still	has	a	factor	of	2–5	to	go	to	down	to	Built-in	electric	field	1000	W/m2	Conduction	band	Photon	p-type	Carrier	generation	2	Current	in	A	e–	600	W/m2	1	Fermi	level	200	W/m2	Valence	band	n-type	0	0	(b)	0,1	0,2	0,3	Voltage	in	V	0,4	0,5	h+	(a)	FIGURE	4.42	Illumination	of	a	p-n	junction
produces	hole	pairs	that	diffuse	to	the	depletion	region.	The	minority	carriers	(electrons	in	p-type	materials)	are	swept	across	the	depletion	region	and	increase	the	reverse	current	(a).	The	higher	the	illumination	intensity	the	higher	the	reverse	current	(b).	252	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	be
competitive	with	fossil	plants.	Another	problem	is	that	no	energy	can	be	produced	at	night,	so	energy	storage	is	needed	to	provide	continuous	service.	The	highest	efficiency	solar	cells	are	made	of	silicon	single	crystals.	These	are	difficult	to	manufacture	and	are	expensive.	The	most	popular	alternatives	are	polycrystalline	and	amorphous	Si	thin	films,
as	well	as	GaAs	and	several	of	its	alloys.	The	latter	are	sensitive	to	different	parts	of	the	solar	spectrum	because	they	have	different	bandgaps.	We	detail	progress	in	MEMS	and	NEMS	applied	to	solar	cells,	including	liquid	junction-based	solar	cells	(the	Gräetzel	cell),	in	Volume	III,	Chapter	9	on	power	and	brains	in	miniature	devices.	Zener,
Avalanche,	and	Tunnel	(Esaki)	Diodes	In	the	breakdown	region	in	the	diode	currentvoltage	curve	in	Figure	4.39,	the	diode	exhibits	a	sudden	increase	in	current.	This	is	called	the	Zener	breakdown,	named	for	Dr.	Clarence	Melvin	Zener	of	Southern	Illinois	University,	inventor	of	the	device.	The	Zener	diode	works	at	strong	negative	bias.	If	the	reverse
voltage	is	high	enough	to	raise	the	top	of	the	valence	band	on	the	p-side	above	the	bottom	of	the	conduction	band	on	the	n-side,	then	valence	electrons	can	directly	tunnel	into	the	conduction	band,	and	there	is	a	sudden	breakdown	of	the	resistance	(Figure	4.43).	Zener	diodes	are	used	to	regulate	voltage:	they	do	not	allow	voltage	to	go	beyond	the
Zener	breakdown	point.	They	are	equipped	with	cooling	fins	to	keep	them	from	melting	under	high	voltage	and	high	current	(high	power).	Zener	diodes	p-side	Vext	p	n	n-side	FIGURE	4.43	Band	diagram	for	Zener	diode:	the	top	of	the	valence	band	on	the	p-side	is	above	the	bottom	of	the	conduction	band	on	the	n-side,	and	valence	electrons	can
directly	tunnel	into	the	conduction	band,	causing	a	sudden	breakdown	of	the	resistance.	Also	shown	is	the	use	of	a	reverse-biased	p-n	diode	for	a	voltage	clamping	circuit.	The	current	saturates	to	a	value	determined	by	the	external	circuit	resistor,	while	the	output	voltage	is	clamped	at	the	diode	breakdown	voltage.	are	mostly	used	to	produce	an
accurate	reference	voltage	for	measurement	devices	or	analog-digital	converters,	and	so	on.	Manufacturers	set	a	precise	breakdown	voltage	by	careful	doping,	allowing	the	diode	to	be	used	as	a	precision	voltage	reference.	Some	devices	labeled	as	high-voltage	Zener	diodes	are	avalanche	diodes.	Avalanche	diodes	conduct	in	the	reverse	direction
when	the	reverse-biased	voltage	exceeds	the	breakdown	voltage.	Avalanche	diodes	are	electrically	very	similar	to	Zener	diodes	and	are	often	mistakenly	called	Zener	diodes,	but	they	break	down	by	the	avalanche	effect.	This	occurs	when	the	reverse	electric	field	across	the	p-n	junction	causes	a	wave	of	ionization,	reminiscent	of	an	avalanche,	leading
to	a	large	current.	In	this	region,	the	high	electric	field	in	the	middle	of	the	depletion	layer	accelerates	electrons	that	are	produced	there	(by	action	of	heat	or	light)	so	much	that	they	garner	enough	energy	to	“dislodge”	electrons	from	the	valence	band	into	the	conduction	band.	When	one	energetic	electron	can	“dislodge”	two	or	more	such	electrons,
it	starts	a	“chain	reaction”	in	which	these	electrons	can	produce	even	more	conduction	electrons.	Avalanche	diodes	are	designed	to	break	down	at	a	well-defined	reverse	voltage	without	being	destroyed.	Avalanche	diodes	are	sensitive	to	very	low	radiation	because	of	the	“multiplication”	of	current	by	the	avalanche	effect.	The	difference	between	the
avalanche	diode	(which	has	a	reverse	breakdown	above	about	6.2	V)	and	the	Zener	diode	is	that	the	channel	length	of	the	former	exceeds	the	“mean	free	path”	of	the	electrons,	which	means	there	are	collisions	between	them	on	the	way	out.	The	only	practical	difference	is	that	the	two	types	of	diodes	have	temperature	coefficients	of	opposite
polarities.	Yet	another	special-purpose	diode	is	the	tunnel	diode	(or	Esaki	diode),	which,	like	the	Zener	diode,	exploits	tunneling	across	a	potential	barrier.	The	tunnel	diode	has	the	unusual	characteristic	that	the	current	decreases	with	the	applied	bias	voltage.	Because	of	this	negative	resistance	region	at	low	voltage	and	its	rapid	response,	it	is
capable	of	amplification,	oscillation,	and	switching	in	electronic	circuits	at	high	frequencies.	The	Esaki	or	tunnel	diode	is	designed	from	very	heavily	doped	n	and	p	regions.	The	high	doping	ensures	a	very	large	Silicon	Single	Crystal	Is	Still	King	253																																	FIGURE	4.44	The	tunnel	or	Esaki	diode.	For	explanation,	see	text.	electric	field	in
the	junction	so	that	band-to-band	tunneling	is	possible	at	all	biasing	conditions	(see	Figure	4.44).	The	discovery	of	the	Esaki	diode	was	very	significant	as	it	was	the	first	quantum	mechanical	electronic	device	where	electron	tunneling	was	clearly	manifested	in	semiconductors,	and	it	opened	up	a	new	field	of	research:	tunneling	in	solids.	Esaki
described	the	tunnel	diode	in	his	thesis	in	1957	and	received	the	1972	Nobel	Prize	for	it.	Shockley	was	so	impressed	by	Esaki’s	work	that	at	a	symposium	of	the	International	Union	of	Pure	and	Applied	Physics	in	Brussels	in	1958,	he	announced	(Figure	4.45):	With	reference	to	Figure	4.44,	the	operation	of	the	Esaki	diode	is	as	follows.	When	applying	a
small	forward	bias,	electrons	on	the	n-side	of	the	diode	tunnel	into	holes	on	the	p-side.	As	that	bias	is	increased,	the	band	alignment	enables	yet	more	electrons	to	find	holes	to	tunnel	into,	and	the	current	increases	(A).	Beyond	the	point	(B),	empty	states	on	the	p-side	move	higher	in	energy	with	respect	to	the	electron	energies	on	the	n-side.
Eventually,	at	point	C,	there	are	no	empty	states	(holes)	available	The	most	beautiful	demonstration	of	the	Zener	effect	so	far	achieved	is	presented	at	this	symposium	by	L.	Esaki	of	Tokyo.	Esaki	has	studied	p-n	junctions	which	are	very	heavily	doped	on	both	sides,	so	that	there	is	a	built-in	field	of	the	order	of	5	×	105	volt/cm.	Under	these	conditions,
current	flows	by	the	Zener	mechanism	even	at	zero	voltage.	Esaki	finds	that	as	forward	bias	is	increased	across	the	junction,	this	possibility	of	direct	tunneling	disappears	and,	as	a	consequence,	he	observes	a	predictable	negative	resistance	region.	The	tunnel	diode	couples	tunneling	with	clever	energy	band	alignment	to	create	negative	differential
resistance	as	illustrated	in	Figure	4.44.	FIGURE	4.45	W.	Shockley	(age	48	years)	and	L.	Esaki	(age	33	years)	in	1958	in	Brussels	for	the	symposium	of	the	International	Union	of	Pure	and	Applied	Physics.	This	coincided	with	the	World	Expo	held	there.	254	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	for
electrons	to	tunnel	into.	This	causes	the	current	to	decrease	to	a	minimum	value.	Eventually,	the	current	increases	again	because	the	electrons	and	holes	are	able	to	overcome	the	reduced	barrier	because	of	their	thermal	distribution.	Transistors	Introduction	An	integrated	circuit	(IC)	is	an	electronic	network	fabricated	in	a	single	piece	of	a
semiconductor	material.	In	IC	fabrication,	the	semiconductor	surface	is	subjected	to	various	processing	steps	in	which	impurities	and	other	materials	are	added	with	specific	geometrical	patterns.	The	fabrication	steps	are	sequenced	to	form	3D	regions	that	act	as	transistors	and	interconnects	that	form	the	switching	or	amplification	network.	In	this
section,	we	detail	different	types	of	transistors.	Transistors	are	three-terminal	devices,	where	the	current	or	voltage	at	one	terminal,	the	input	terminal,	controls	the	flow	of	current	between	the	two	remaining	terminals.	In	Chapter	1	we	saw	how	the	name	“transistor,”	a	name	coined	by	John	R.	Pierce,	a	scientist	from	Bell	Laboratories,	is	a	contraction
of	the	terms	trans	and	resistor.	This	term	was	adopted	because	it	best	describes	the	operation	of	the	transistor—the	transfer	of	an	input	signal	current	from	a	low-resistance	circuit	to	a	high-resistance	circuit.	Basically,	the	transistor	is	a	solid-state	device	that	amplifies	by	controlling	the	flow	of	current	carriers	through	its	semiconductor	materials.
Electronic	devices	made	up	of	transistors	are	more	interesting	and	have	more	applications	than	diodes.	Two	types	of	transistors	are	widely	used:	the	bipolar	junction	transistor	(BJT),	which	is	physically	like	two	junction	diodes	back	to	back,	and	the	fieldeffect	transistor	(FET),	in	which	one	uses	the	voltage	on	a	control	(gate)	electrode	to	control	the
shape	and	hence	the	conductivity	of	a	channel	of	one	type	of	charge	carrier	in	a	semiconductor	material.	Only	weeks	after	the	point	contact	transistor	was	conceived	by	Shockley,	Bardeen,	and	Brittain	(see	Chapter	1),	Shockley	came	up	with	the	BJT	in	1948.	Bardeen	was	the	physicist;	Walter	Brittain,	the	experimentalist;	and	William	Shockley,	who
became	involved	later	in	the	development,	was	the	instigator	and	idea	man.	The	team	won	the	1956	Nobel	Prize	in	physics	for	their	efforts.	The	transistor	demonstrated	for	the	first	time	that	amplification	in	solids	was	possible.	The	device	was	initially	known	simply	as	the	junction	transistor,	and	it	did	not	become	practical	until	the	early	1950s.	The
term	bipolar	was	tagged	onto	the	name	to	clarify	the	fact	that	both	carrier	types	play	important	roles	in	its	operation.	Historically	the	eldest,	it	was	in	use	for	many	years	for	large	integrated	devices	and	high	speed	at	the	expense	of	low	density	and	higher	power	consumption.	The	dominance	of	BJTs	through	the	1960s	and	1970s	was	quickly
overwhelmed	by	the	simplicity	of	the	metal–oxide–semiconductor	field-effect	transistor	(MOSFET)	(in	terms	of	both	circuit	design	and	fabrication	processes)	in	the	1980s.	This	is	especially	true	in	the	very	large	scale	integration	(VLSI)	era.	In	a	MOSFET,	power	consumption	is	very	low,	and	the	current	flow	depends	on	the	majority	carriers	only;	thus,
it	is	unipolar.	The	BJT’s	high	current	drive	capability	and	superior	analog	performance	continue	to	drive	applications,	however,	and	a	recent	trend	is	to	combine	the	best	of	MOSFETs	and	bipolar	devices	in	bipolar	CMOS	(BiCMOS)	processes.	BiCMOS	is	a	type	of	IC	that	uses	both	bipolar	and	CMOS	technologies.	The	logic	gates	are	primarily	made	of
CMOS,	but	their	output	stages	use	BJTs.	Bipolar	transistors	consume	more	current	(and	therefore	dissipate	more	power)	but	switch	faster	(see	Table	4.9).	Bipolar	Transistors	The	BJT	structure	contains	two	p-n	diodes:	one	between	the	base	and	the	emitter,	and	one	between	the	base	and	the	collector.	There	are	many	different	types	of	transistors,	but



the	basic	theory	of	their	operation	is	all	the	same.	The	three	elements	of	the	two-junction	transistor	are	1)	the	EMITTER,	which	gives	off,	or	emits,	current	carriers	(electrons	or	holes);	2)	the	BASE,	which	controls	the	flow	of	current	carriers;	and	3)	the	COLLECTOR,	which	collects	the	current	carriers	(Figure	4.46).	Early	BJTs	were	fabricated	using
alloying—a	complicated	and	unreliable	process	(Figure	4.46a).	Figure	4.46a,	also	shows	the	symbol	used	for	a	BJT	transistor.	The	“planar	process,”	developed	by	Fairchild	in	the	late	1950s,	shaped	the	basic	structure	of	the	BJT,	which	is	still	seen	even	up	to	the	present	day.	In	the	planar	Silicon	Single	Crystal	Is	Still	King	255	TABLE	4.9	Bipolar,
CMOS,	and	BiCMOS	Compared	Bipolar	CMOS	BiCMOS	Better	analog	capability	High-performance	analog	High	power	dissipation	Lower	static	power	dissipation	Generally	better	noise	performance	and	better	high-frequency	characteristics	Improved	I/O	speed	(particularly	significant	with	the	growing	importance	of	package	limitations	in	high-speed
systems)	Low	packing	density	Higher	noise	margins	Lower	input	impedance	(high	drive	current)	Low	delay	sensitivity	to	load	Low	voltage	swing	logic	Higher	current	drive	per	unit	area,	higher	gain	High	transconductance	g	Essentially	unidirectional	Higher	switching	speed	Lower	power	dissipation	than	purely	bipolar	technology	(simplifying
packaging	and	board	requirements)	Flexible	I/Os	technology	is	well	suited	for	I/O	intensive	applications	Higher	packing	density	Lower	manufacturing	cost	per	device	High	input	impedance	(low	drive	current)	High	delay	sensitivity	to	load	(fan-out	limitations)	Scaleable	threshold	voltage	VT	Low	output	drive	current	(issue	when	driving	large	capacitive
loads)	Low	transconductance	g	Bidirectional	capability	(drain	and	source	are	interchangeable)	A	near	ideal	switching	device	process,	all	steps	are	performed	from	the	surface	of	the	wafer	(Figure	4.46b).	A	forward-biased	p-n	junction	is	comparable	to	a	low-resistance	circuit	element	because	it	passes	a	high	current	at	a	given	voltage.	In	turn,	a
reverse-biased	p-n	junction	is	comparable	to	a	high-	Improved	speed	over	purely	CMOS	technology	resistance	circuit	element.	By	using	the	Ohm’s	law	formula	for	power	(P	=	I2R)	and	assuming	the	current	is	held	constant,	it	can	be	concluded	that	the	power	developed	across	a	high	resistance	is	greater	than	that	developed	across	a	low	resistance.
Thus,	if	a	crystal	were	to	contain	two	p-n	junctions	(one	Collector	Physical	structure	Base	n	Metal	contact	p	n	Schematic	symbol	Emitter	C	(b)	C	E	B	n+	p	n+	p−	substrate	B	(a)	E	FIGURE	4.46	Bipolar	npn	transistor	made	by	alloying	a	BJT	symbol	(a)	and	a	BJT	made	in	a	planar	process	(b).	256	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in
Micro-	and	Nanotechnology	forward-biased	and	the	other	reverse-biased),	a	lowpower	signal	could	be	injected	into	the	forwardbiased	junction	and	produce	a	high-power	signal	at	the	reverse-biased	junction.	In	this	manner,	a	power	gain	would	be	obtained	across	the	crystal.	This	concept	is	the	basic	theory	behind	transistor	amplification.	MOSFETS
The	most	common	field-effect	transistor	(FET)	in	both	digital	and	analog	circuits	is	the	MOSFET.	Nomenclature	is	different	here	than	for	a	bipolar	transistor	with	the	base	replaced	by	a	gate	(G),	the	emitter	by	a	source	(S),	and	the	collector	by	a	drain	(D)	(see	Figure	4.47).	The	physical	structure	shown	here	consists	of	a	p-type	Si	substrate,	n+	source,
n+	drain,	a	gate	oxide	(SiO2),	a	polysilicon	gate,	a	chemical	vapor	deposition	(CVD)	oxide,	and	a	contact	metal	1	(usually	Al).	Notice	that	the	effective	gate	length	is	shorter	than	the	one	drawn	in	the	mask	layout	(Leff	<	Ldrawn)	as	a	result	of	lateral	doping	effects.	Silicon	is	the	main	choice	of	semiconductor	used	in	MOSFET	manufacture,	but	SiGe	is
also	used	more	and	more	by	some	manufacturers	(see	page	269).	Some	other	semiconductors	such	as	GaAs	are	not	useful	in	MOSFET	manufacture	because	they	do	not	form	good	insulating	gate	oxides.	A	thin	oxide	layer	between	the	gate	(e.g.,	a	PolySi	or	so-called	poly	gate)	and	the	semiconductor	characterizes	the	MOSFET.	This	high	resistivity
oxide	layer	(ρ	>	1016	Ωcm)	prevents	current	flow	from	the	semiconductor	to	the	gate.	Silicon-based	MOSFETs	rely	on	the	extremely	high-quality	interface	between	SiO2,	the	standard	gate	dielectric,	and	silicon.	Physical	structure	To	understand	a	MOSFET,	it	is	essential	to	recall	the	metal	oxide	semiconductor	(MOS)	capacitor	fundamentals.	In	an
idealized	MOS	capacitor,	without	any	applied	voltage,	the	metal	work	function,	ϕm,	is	equal	to	the	semiconductor	work	function,	ϕs.	Therefore,	the	Fermi	level	of	the	semiconductor,	EFS,	is	aligned	with	the	Fermi	level	of	the	gate,	EFm.	As	a	consequence,	there	is	no	band	bending	in	any	region	of	the	MOS	capacitor.	We	also	assume	here	that	the
oxide	is	free	of	any	charges,	and	the	semiconductor	is	uniformly	doped.	In	the	example	MOS	structure	in	Figure	4.48a,	we	use	a	p-type	semiconductor	with	a	negative	gate	bias	applied.	With	this	negative	gate	bias	(VGB),	the	gate	charge,	QG	,	is	negative.	Because	charge	neutrality	must	be	preserved,	a	net	positive	charge,	QC	,	is	generated	in	the
silicon	substrate	to	counterbalance	the	negative	charge	on	the	gate.	This	is	achieved	by	an	accumulation	of	majority	carrier	holes	under	the	gate	(because	we	are	dealing	with	a	p-type	semiconductor,	the	majority	carriers	are	holes).	The	condition,	where	the	majority	carrier	concentration	is	greater	near	the	Si-SiO2	interface	compared	with	the	bulk
concentration,	is	called	accumulation.	Under	this	applied	negative	gate	bias,	the	Fermi	level	of	the	gate	is	raised	with	respect	to	the	Fermi	level	of	the	substrate	by	an	amount	qVGB.	The	energy	bands	in	the	p-type	semiconductor	are	bent	upward,	bringing	the	valence	band	closer	to	the	Fermi	level,	which	is	indicative	of	a	higher	hole	concentration	at
the	semiconductor	surface	right	under	the	dielectric.	Because	no	current	flows	through	the	device	due	to	the	presence	of	the	insulating	oxide	layer,	the	Fermi	level	in	the	substrate	Layout	representation	Schematic	representation	CVD	oxide	Metal	1	Poly	gate	Source	Drain	Ldrawn	n+	Ldrawn	n+	Leffective	G	Wdrawn	D	S	B	Gate	oxide	(b)	(c)	p-
substrate	(bulk)	(a)	FIGURE	4.47	A	MOSFET	with	nomenclature	(a).	The	geometry	of	the	areas	on	the	Si	surface	is	known	as	the	layout	of	the	chip	(b).	Schematic	representation	of	a	MOSFET	(c).	Silicon	Single	Crystal	Is	Still	King	257	Gate	Oxide	Substrate	+Q	(a)	EFm	Ec	Ei	E	Ev	FS	(b)	QG	<	0	x	QC	>	0	–Q	QG	<	0	+Q	x	–Q	QC	>	0	Ionized	acceptors
(c)	+Q	QG	<	0	x	–Q	QC	>	0	Electrons	(d)	QG	<	0	+Q	x	QC	>	0	–Q	Ionized	acceptors	Electrons	Accumulation	s	<	0	VGB	<	VFB	QC	>	0	Depletion	s	>	0	VGB	>	VFB	QC	<	0	Inversion	s	>	0	VGB	>>	VFB	QC	<	0	FIGURE	4.48	A	MOS	capacitor	with	a	metal	gate,	an	insulator,	and	a	p-type	semiconductor.	(a)	Accumulation;	(b)	depletion;	(c)	inversion;	(d)
strong	inversion.	Ei	is	the	Fermi	level	for	the	intrinsic	material,	and	EFS	is	that	of	the	doped	material	(because	it	is	a	p-type	material	the	Fermi	level	is	close	to	the	valence	band).	(the	semiconductor)	remains	invariant	even	with	an	applied	bias.	The	applied	gate	voltage	(VGB)	divides	between	the	gate	dielectric	and	the	semiconductor	such	that:	VGB	=
Vox	+	Vs	(4.54)	where	Vox	and	Vs	are	the	voltages	that	drop	across	the	oxide	and	the	semiconductor,	respectively.	The	bands	in	the	oxide	drop	linearly	over	the	bulk	of	the	oxide	thickness	an	amount	equal	to	qVox	,	and	the	electric	field	in	the	oxide	can	be	expressed	as:	Eox	=	Vox	/tox	(4.55)	where	tox	is	the	oxide	thickness.	The	amount	of	band
bending	in	the	semiconductor	is	principally	located	at	the	surface	and	is	equal	to	qψσ,	where	ψσ	is	the	surface	potential	and	is	negative	when	the	band	bend	is	upward.	When	applying	a	positive	gate	bias	VGB	to	counterbalance	the	positive	gate	charge,	the	holes	under	the	gate	are	pushed	away,	leaving	behind	ionized,	negatively	charged	acceptor
atoms	(N−A),	which	create	a	depletion	region	(Figure	4.48b).	The	charge	in	the	depletion	region	of	width	W	and	area	A	is	exactly	equal	to	the	charge	on	the	gate	to	preserve	charge	neutrality	[QG(+)	=	Qc(−)	=	−qN−A	AW].	With	a	positive	gate	bias,	the	Fermi	level	of	the	gate	is	now	lowered	with	respect	to	the	Fermi	level	of	the	semiconductor.	The
bands	bend	downward,	resulting	in	a	positive	surface	potential.	Under	the	gate,	the	valence	band	moves	away	from	the	Fermi	level,	which	is	indicative	of	hole	depletion.	When	the	band	bending	at	the	258	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	surface	is	such	that	the	intrinsic	level	(Ei)	coincides	with	the
doped	semiconductor	Fermi	level	(EFS),	the	surface	region	resembles	an	intrinsic	material.	The	surface	potential	for	this	condition	is	given	by:	Y	s		FF		1	(E	E	F	)	q	i	(4.56)	with	ϕF,	the	Fermi	potential,	given	by:	FF		kT	N	A	ln	q	ni	(4.57)	where	ni	is	the	charge	carrier	density	of	the	intrinsic	material	(see	Equation	4.17:	ni	≈	1.5	×	1010	cm−3	at	300	K	in
pure	Si).	Applying	a	larger	positive	gate	bias,	the	positive	charge	on	the	gate	increases	further,	and	thermally	generated	electrons	start	collecting	under	the	gate.	With	these	electrons,	the	intrinsic	surface	region	begins	to	convert	into	an	n-type	inversion	layer.	The	negative	charge	in	the	semiconductor	is	now	composed	of	both	ionized	acceptor	atoms
in	the	depletion	layer	and	free	electrons	in	the	inversion	layer	(Figure	4.48c).	In	this	condition,	the	electron	concentration	at	the	surface	is	still	less	than	the	hole	concentration	in	the	neutral	bulk	of	the	semiconductor,	and	this	regime	is	called	weak	inversion.	The	point	where	ψs	=	ϕF	is	defined	as	the	onset	of	weak	inversion.	As	the	gate	bias	is	further
increased,	the	band	bending	also	continues	to	increase.	This	causes	the	depletion	region	to	become	wider	while	the	electron	concentration	in	the	inversion	layer	increases	more	and	more.	At	the	gate	bias	where	the	electron	concentration	in	the	inversion	region	is	equal	to	the	hole	concentration	in	the	bulk,	a	strong	inversion	layer	is	created	(Figure
4.48d).	The	surface	potential	to	achieve	this	strong	inversion	is	given	by:	Y	s	=	2FF		2	(E	E	F	)	q	i	value	for	ψs.	The	maximum	depletion	layer	width,	Wd,	at	the	onset	of	strong	inversion	is	then	given	by:	Wd		4FF	E	s	qN	A	In	a	real	MOS	device,	the	work	function	of	the	metal,	ϕm,	is	not	likely	to	be	equal	to	that	of	the	semiconductor,	ϕs.	Consider	a	MOS
capacitor	with	ϕm	<	ϕs	at	zero	gate	bias.	In	this	case,	electrons	in	the	metal	reside	at	energy	levels	above	the	conduction	band	of	the	semiconductor.	Thus,	electrons	will	flow	from	the	metal	into	the	semiconductor	until	a	potential	counterbalances	the	difference	in	the	work	functions	between	the	two	plates	of	the	MOS	capacitor.	This	induces	a
negative	charge	under	the	gate	dielectric,	accompanied	by	a	downward	band	bending	and	hence	a	preexisting	positive	surface	potential	ψms.	With	an	external	voltage,	equal	to	this	difference	ψms,	applied	to	the	gate,	the	net	charge	in	the	semiconductor	disappears,	and	the	bands	return	to	their	flat	position.	This	applied	voltage	is	defined	as	the
flatband	voltage,	VFB,	and	is	expressed	as:	V	FB	=	qψms	=	q(ϕs	−	ϕs)	(4.60)	The	oxide	and	the	semiconductor/oxide	interface	are	not	perfect,	and	another	modification	to	the	ideal	picture	of	a	MOS	capacitor	comes	from	charges	that	reside	in	the	dielectric	or	at	its	interface.	Such	charges	may	originate	from	processing,	defects	in	the	bulk,	or	charges
that	exist	at	the	interface	between	Si	and	SiO2	(for	an	overview	of	the	type	of	oxide	defects,	see	Figure	4.35).	Charges	in	the	bulk	oxide,	or	at	the	interface,	induce	opposite	charges	in	the	semiconductor	and	the	gate.	This	again	causes	the	bands	to	bend	up	or	down,	and	the	flatband	voltage	has	to	be	adjusted	to	take	this	into	account.	The	flatband
voltage	can	then	be	expressed	as:	(4.58)	When	the	gate	bias	is	increased	beyond	this	value,	new	electrons	in	the	inversion	layer	readily	compensate	extra	positive	charge	on	the	gate	and	the	depletion	layer	width	does	not	further	increase,	and	hence	the	band	bending	increases	only	very	slightly.	For	simplicity,	2ϕF	is	generally	taken	as	the	maximum
(4.59)	VFB		qFms	Qo	C	ox	(4.61)	where	Qo	is	the	oxide	charge,	and	Cox	is	the	oxide	capacitance	(we	also	have	introduced	ψms	=	ϕms).	Defects	located	at	the	Si/SiO2	interface	may	not	be	fixed	in	their	charged	state,	and	the	amount	of	charges	may	also	vary	with	the	surface	potential	of	Silicon	Single	Crystal	Is	Still	King	the	semiconductor.	These
defects	are	referred	to	as	fast	interface	traps,	and	they	impact	the	switching	characteristics	of	MOSFETs.	We	now	put	a	MOS	capacitor	between	a	source	(S)	and	a	drain	(D).	In	Figure	4.49A	we	show	an	n-channel	and	a	p-channel	device.	Both	n-channel	and	p-channel	MOSFETs	are	extensively	used.	In	fact,	CMOS	IC	technology	relies	on	the	ability	to
use	both	devices	on	the	same	chip.	As	shown	in	Figure	4.49B,	to	create	an	nMOSFET	and	a	pMOSFET	on	the	same	p-type	substrate,	the	pMOSFET	must	be	provided	with	n-type	well	regions.	N-wells	are	formed	by	ion	implantation	or	by	diffusion.	Lateral	diffusion	limits	the	proximity	between	structures,	and	ion	implantation	results	in	shallower	wells
compatible	with	today’s	fine-line	processes.	Metal	1	makes	contact	to	the	nMOSFET	and	metal	2	to	the	pMOSFET.	Metals	in	vias	connecting	to	transistors	are	often	made	of	tungsten	metal	plugs,	and	such	plugs	(A)	pMOSFET	(p-channel)	(a)	Gate	Source	nMOSFET	(n-channel)	(b)	Drain	p+	Gate	Source	p+	Drain	n+	n+	n-type	silicon	substrate	p-type
silicon	substrate	Drain	Drain	Gate	Gate	Substrate	Substrate	Source	Source	(B)	Metal	2	Via	n+	Metal	1	n-well	p+	p-type	FIGURE	4.49	(A)	pMOS	and	nMOS	with	symbols.	(a)	pMOS	with	p-channel:	a	negative	voltage	is	applied	to	the	gate,	thus	attracting	holes	that	form	a	channel	between	the	two	p	+	source	and	drain	regions.	(b)	nMOS	with	n-channel:
a	positive	voltage	is	applied	to	the	gate,	thus	attracting	electrons	that	form	a	channel	between	the	two	n	+	source	and	drain	regions.	(B)	To	create	an	nMOSFET	and	a	pMOSFET	on	the	same	p-type	substrate,	the	pMOSFET	must	be	provided	with	an	n-well.	259	are	also	used	to	fill	vias	between	successive	layers	of	metal	(Cu	or	Al)	(see	Figure	4.62	and
Volume	III,	Figure	4.3).	Tungsten	is	used	because	of	the	extraordinarily	good	conformality	of	CVD	from	WF6.	The	tungsten	in	turn	contacts	the	Si	via	an	adhesion/barrier	layer	such	as	Ti/TiN.	The	Ti	layer	improves	the	W	contact	to	the	transistor	and	protects	the	underlying	Si	from	attack	by	fluorine.	Depending	on	the	type	of	MOSFET	(i.e.,	p-channel
or	n-channel),	two	different	situations	arise.	The	voltage	applied	between	the	gate	and	the	substrate	(VGS)	generates	an	electric	field	through	the	oxide	layer,	creating	an	inversion	channel	under	the	gate	oxide.	In	the	case	of	a	pMOSFET	(with	a	p-channel)	transistor,	the	n-type	substrate	is	inverted	to	p-type	in	a	thin	layer	under	the	gate	oxide,	and	a
p-type	substrate	is	similarly	inverted	to	n-type	in	an	nMOSFET	(with	an	n-channel)	device.	Because	the	inversion	channel	is	of	the	same	type	as	the	source	and	drain,	current	can	now	pass	from	source	to	drain.	The	pMOS	transistors	are	2.5	times	slower	than	nMOSFETs	because	of	the	mobility	difference	between	electrons	and	holes.	By	varying	the
potential	between	the	gate	and	substrate,	the	inversion	channel	in	which	current	flows	can	be	altered	to	control	the	magnitude	of	the	current,	or	be	turned	off	completely.	Thus,	the	magnitude	of	the	drain	source	current,	ID,	through	the	channel	is	controlled	by	the	potential	difference	VGS	applied	between	the	source	S	and	the	gate	G.	The	threshold
voltage,	VT,	is	the	value	of	VGS	where	the	drain	current	just	begins	to	flow.	From	Figure	4.50	typical	values	range	from	0.3	to	0.8	V.	The	drain	current	(ID)	versus	the	voltage	between	drain	and	source	(VDS)	for	different	values	of	VGS	is	illustrated	in	Figure	4.51.	As	shown	at	low	VDS,	the	drain	current	increases	almost	linearly	with	VDS,	resulting	in
a	series	of	straight	lines	with	slopes	increasing	with	VGS.	At	high	VDS,	the	drain	current	saturates	and	becomes	independent	of	VDS.	Using	the	nMOSFET	in	Figure	4.52,	the	curves	in	Figures	4.50	and	4.51	are	explained	in	a	bit	more	detail.	To	make	an	n-channel	MOSFET,	as	shown	in	Figure	4.52a,	we	diffuse	donors	in	the	source,	drain	regions
(forming	n-regions)	in	an	p-type	substrate,	and	grow	an	oxide	layer	that	acts	as	the	gate	oxide.	With	a	small	positive	voltage	on	the	drain	and	no	260	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	ID	(a)	(mA)	Gate	Drain	Source	L	W	0.7	0.6	LEFF	0.5	Poly	n-active	0.4	Gate	oxide	p-sub	Bulk	0.3	VDS	=	2V	0.2	VDS
(b)	VB	0.1	VGS	IB	ID	IG	VT	0.1	0.2	0.3	0.4	0.5	0.6	0.7	0.8	VGS	FIGURE	4.50	The	value	of	VGS	where	the	drain	current,	ID,	just	starts	flowing	is	called	V	T	or	the	threshold	voltage.	bias	on	the	gate,	i.e.,	V	DS	>	0	and	VGS	=	0,	the	drain	is	a	reverse-biased	p-n	junction.	Conduction	band	electrons	in	the	source	region	encounter	a	potential	barrier
determined	by	the	built-in	potential	of	the	source	junction.	As	a	result,	no	electrons	enter	the	channel	region,	and	hence	no	current	flows	from	the	source	to	the	drain.	This	is	referred	to	as	the	“off”	state	and	is	illustrated	in	Figure	4.52b.	600	Linear	region	Gate	oxide	Poly	n-active	p-sub	Depletion	region	(electrically	induced)	VDS	(c)	VB	VGS	IG	IB	ID
Saturation	region	VGS	=	+5	V	500	VGS	=	+4	V	Drain	current,	ID	(μa)	VDs	(d)	400	VGS	VB	IB	IG	ID	VGS	=	+3	V	300	200	VGS	=	+2	V	100	VGS	=	+1	V	0	0	1	2	3	4	Drain-source	voltage,	VDS(volts)	5	6	FIGURE	4.51	The	drain	current,	I	D,	versus	the	voltage	between	drain	and	source,	VDS,	for	different	values	of	VGS.	The	boundary	between	linear	and
saturation	(active)	modes	is	indicated	by	the	upward-curving	parabola.	FIGURE	4.52	(a)	nMOSFET.	(b)	Apply	small	VGS	(VDS	and	VB	assumed	to	be	small).	Depletion	region	electrically	induced	in	channel,	termed	“cutoff”	region	of	operation.	(c)	At	a	critical	value	of	VGS,	termed	the	threshold	voltage	(VT	),	an	inversion	layer	is	created.	The	inversion
layer	supports	current	flow	from	D	to	S.	The	channel	behaves	as	a	thin-film	resistor.	(d)	With	|VDS,	max|	>	|VGS	−	VT	|,	the	channel	is	flowing	as	much	current	as	it	can,	so	we	call	it	pinched	off	(even	though	current	continues	to	flow).	The	semiconductor	bulk	potential	is	VB.	261	Silicon	Single	Crystal	Is	Still	King	With	a	small	positive	bias	on	the	gate,
band	bending	in	the	channel	region	(ψs	>	0)	brings	the	conduction	band	in	the	channel	region	closer	to	the	conduction	band	in	the	source	region,	reducing	the	height	of	the	potential	barrier	to	electrons.	At	a	critical	value	of	VGS,	termed	the	threshold	voltage	(VT),	an	inversion	layer	is	created	(see	Figure	4.52c).	The	inversion	layer	supports	current
flow	from	D	to	S,	and	electrons	can	now	enter	the	channel	and	flow	from	source	to	drain;	we	say	that	the	transistor	is	on.	In	the	low	drain	bias	regime,	the	drain	current	increases	almost	linearly	with	drain	bias,	and	like	an	ideal	resistor	it	obeys	Ohm’s	law	(see	Figure	4.51).	The	channel	resistance	is	determined	by	the	electron	concentration	in	the
channel,	which	is	a	function	of	the	gate	bias.	As	the	gate	bias	is	increased,	the	slopes	of	the	linear	portion	of	the	I–V	characteristics	in	Figure	4.51	gradually	increase	as	a	result	of	the	increasing	conductivity	of	the	channel.	This	region,	where	the	channel	behaves	like	a	resistor,	is	called	the	linear	region	of	operation.	The	drain	current	ID	is	given	by:
ID		1	W	2	M	e	C	ox	[2(	VGS	VT	)	VDS	VDS	]	2	L	(4.62)	The	dimensions	W,	L	can	be	identified	from	Figure	4.52a,	and	μe	is	the	effective	channel	mobility	of	the	electrons,	which	differs	from	the	bulk	electron	mobility.	For	small	VDS	(VDS	200M	transistors/chip	20	years	Triode	Diode	Vacuum	tube	1st	Electric	circuits	2016:	~10B	transistors/chip	(b)
FIGURE	4.54	(a)	History	of	electronics	in	the	20th	century.	In	100	years,	the	feature	size	was	reduced	by	1	million	times.	(b)	Current	and	future	(2016)	transistors	per	chip.	Silicon	Single	Crystal	Is	Still	King	Modern	CMOS	Beginning	of	submicron	CMOS	1	m	100	nm	10	nm	Deep	UV	Litho	36	years	of	scaling	history	90	nm	in	2004		Every	generation
Feature	size	shrinks	by	70%	Transistor	density	doubles	Wafer	cost	increases	by	20%	Chip	cost	comes	down	by	40%		Generations	occur	regularly	On	average	every	2.9	years	over	the	past	34	years	Recently	every	2	years	1	nm	1970	1980	Density		Speed		Functionality		Cost/bit		1990	2000	Presumed	limit	to	scaling	2010	2020	Minimum	feature	size	100
m	Motivation:	10	m	1	10	m	1K	1M	1	m	1G	100	nm	?	10	nm	1	nm	265	1950	1970	1990	2010	Year	2030	2050	FIGURE	4.55	Two	versions	of	Moore’s	first	law.	Scaling	of	minimum	IC	feature	size.	lengths	will	be	7	nm	(see	Figure	4.55a).	Technical	limits	are	debatable	and	can	be	tackled,	but	fundamental	limits	are	firm,	and	we	discuss	these	ultimate
limits	first.	Fundamental	limits	include	electromagnetic,	thermodynamic,	and	quantum	mechanical	limits.	From	the	electromagnetic	point	of	view,	the	speed	of	light	fundamentally	limits	the	electron	transport	along	IC	wiring	to	∼60	ps/cm	(τ	>	l/c).*	In	today’s	technology,	transmission	times	are	getting	longer	than	transistor	switching	times	(now
approaching	1	ps).	In	other	words,	as	transistors	are	getting	smaller	and	faster,	on-chip	interconnects	(wires)	are	not	getting	any	shorter	or	faster!	This	means	that	a	larger	percentage	of	chip	area	is	devoted	to	metal	interconnects	as	transistors	get	smaller.	The	capacitance	of	the	wires	is	also	not	decreasing	nearly	as	fast	as	the	transistor	sizes	(in
practice	τ	∼	RC	∼	l2,	with	R	and	C	proportional	to	l;	see	also	“Constant	Field	and	Constant	Voltage	Scaling”).	The	fundamental	thermodynamic	limit	of	any	electrical	device	used	as	a	switch	(like	MOSFETs	in	computers)	is	the	energy	required	to	produce	a	binary	transition	that	can	be	distinguished:	independent	of	the	system	architecture	one	must	be
able	to	distinguish	between	logic	0	and	1.	CMOS	uses	an	irreversible	process	with	an	inevitable	intrinsic	dissipation	of	energy.	The	von	Neumann-Landauer17	*	It	is	important	to	note	that	the	electric	field	propagates	at	the	speed	of	light,	but	the	electrons	making	up	the	electric	current	do	not	travel	this	fast	themselves	since	they	have	mass.	The
individual	electrons	travel	much	more	slowly.	The	electrons	that	go	“into”	one	end	of	the	wire	are	not	the	same	electrons	that	“come	out”	of	the	other	end.	formula	sets	the	theoretical	limit	for	scaling	of	the	energy	in	all	irreversible	technologies	as	(at	300	K):	Ebit	>	kT	ln	2	≈	18	meV	(4.70)	It	was	Landauer	who	realized	that	with	the	binary	value	of	a
bit	unknown,	erasing	that	bit	changes	the	logical	entropy	of	the	system	from	klog2	to	klog1	=	0.	If	the	physical	representation	of	the	bit	is	part	of	a	thermalized	distribution	(so	that	thermodynamics	does	apply),	then	this	bit	erasure	is	associated	with	the	dissipation	of	energy	in	a	heat	current	of	kTlog2	per	bit.	The	practical	performance	of	a	MOSFET
is	limited	by	its	thermodynamic	energy	efficiency,	i.e.,	the	useful	work	accomplished	per	unit	energy	dissipated.	If	a	MOSFET	consumes	an	amount	of	free	energy	E	and	performs	N	useful	operations,	the	energy	efficiency	is	given	by:	η	=	E/N	(4.71)	with	η	in	units	of	operations	per	unit	energy,	or	operations/s/W.	Using	the	thermodynamic	energy	limit
per	bit	from	Equation	4.70,	this	would	enable	an	energy	efficiency	of	η	=	3.5	×	1020	operations/s/W.	In	the	case	of	90-nm	VLSI	technology,	for	minimal	operations	(e.g.,	conventional	switching	of	a	minimum-sized	transistor),	E	is	on	the	order	of	1	fJ	(femtojoule)	and	η	=	1015	operations/s/W.	We	see	that	the	heat	from	the	thermodynamic	and	logical
entropy	associated	with	a	bit	are	currently	five	orders	of	magnitude	lower	than	the	electrostatic	erasure	energy.	From	classical	physics	we	expect	a	transistor	gate	to	be	a	perfect	barrier	where	no	electrons	flow	through,	but	from	quantum	physics	(Chapter	3)	we	know	that	electrons	are	extended	wave-like	objects	266	Solid-State	Physics,	Fluidics,	and
Analytical	Techniques	in	Micro-	and	Nanotechnology	that	can	“tunnel”	through	a	thin	gate,	and	this	tunnel	rate	goes	up	exponentially	as	the	gate	gets	thinner.	MOSFET	scaling	is	hampered	by	quantization	of	charge,	which	becomes	important	at	a	length	scale	of	10	nm	in	all	materials,	and	energy	level	quantization,	which	becomes	important	in
semiconductors	also	at	a	length	scale	of	10	nm	and	a	factor	of	about	10	times	lower	for	metals	(see	Chapter	3).	The	quantum	mechanical	limits	on	MOSFET	scaling,	based	on	the	Heisenberg	uncertainty	principle	(HUP),	can	be	summarized	as:	$p	x	$x	r	x	min		;		$p	x	h		;	(see	Equation	3.106)	2P	;	2me	E	bit		;	2me	k	B	Tln2		1.5	nm	(4.72)	which	puts	a
fundamental	limit	on	the	integration	density.	So	quantum	mechanics	allows	for	a	very	small	switch	indeed,	but	other	factors,	such	as	material	temperature	tolerance	range	or	economics,	will	limit	before	this	fundamental	limit	sets	in.	And	also:	$E$t	r	h		;	(see	Equation	3.107)	2P		T	^	0.04	ps	or	25	Tbits/s	(4.73)	which	sets	a	fundamental	limit	to
switching	speed.	Constant	Field	and	Constant	Voltage	Scaling	Scaling	of	transistors	may	be	achieved	by	reducing	all	dimensions	(lateral	and	vertical)	by	1/α.	Suppose	we	scale	down	all	transistor	dimensions	this	way,	including	the	gate	oxide	thickness	(tox);	then,	to	maintain	the	original	electric	field	distribution,	including	the	gate	field,	one	must
decrease	voltages	to	1/α	and	increase	the	channel	doping	by	α.	Typically	1/α	=	0.7	(30%	reduction	in	the	dimensions).	The	scaling	variables	are	summarized	in	Table	4.10.	This	is	called	constant	field	scaling	because	the	electric	field	across	the	gate	oxide	does	not	change	when	the	technology	is	scaled.	If	the	power	supply	voltage	is	maintained
constant,	the	scaling	is	called	constant	voltage.	In	this	case,	the	electric	field	across	the	gate	oxide	increases	TABLE	4.10	Scaling	of	Variables	Scaling	Variables	Voltage	Gate	length	Gate	width	Gate	oxide	thickness	Junction	depth	Channel	doping	Before	After	V	L	W	tox	X	N	V/α	L/α	W/α	tox	/α	X/α	Nα	as	the	technology	is	scaled	down.	Because	of	gate
oxide	breakdown,	at	less	than	0.8	μm	only	“constant	field”	scaling	is	used.	As	an	example,	let	us	consider	the	consequences	of	a	30%	scaling	effort	in	the	constant	field	regime	(α	=	1.43,	1/α	=	0.7).	◾	Device/die	area:	W	×	L	⇒(1/α)2	=	0.49.	In	practice,	microprocessor	die	size	grows	about	25%	per	technology	generation!	This	is	a	result	of	added
functionality.	◾	Transistor	density:	(unit	area)/(W	×	L)	⇒	α2	=	2.04.	In	practice,	memory	density	has	been	scaling	as	expected	(not	true	for	microprocessors…).	◾	Gate	capacitance:	W	×	L/tox	⇒	1/α	=	0.7	◾	Drain	current:	(W/L)	(V2/tox)	⇒	1/α	=	0.7	◾	Gate	delay:	(C	×	V)	/	I	⇒	1/α	=	0.7	(see	Figure	4.56)	◾	Frequency:	α	=	1.43	(see	Figure	4.56).	In
practice,	microprocessor	frequency	has	doubled	every	technology	generation	(2–3	years)!	◾	The	processing	power	(number	of	gates/area	times	speed):	goes	up	as	(unit	area)/(W	×	L)	×	frequency	⇒	α3	=	2.92	◾	Power:	C	×	V2	×	f	⇒	(1/α)2	=	0.49	◾	Power	density:	1/tox	×	V2	×	f	⇒	1	◾	Active	capacitance/unit	area:	Power	dissipation	is	a	function	of	the
operation	frequency,	the	power	supply	voltage,	and	the	circuit	size	(number	of	devices).	If	we	normalize	the	power	density	to	V	2	×	f,	we	obtain	the	active	capacitance	per	unit	area	for	a	given	circuit.	This	parameter	can	be	compared	with	the	oxide	capacitance	per	unit	area:	1/tox	⇒	α	=	1.43.	In	practice,	for	microprocessors,	the	active
capacitance/unit	area	only	increases	between	30%	and	35%.	Thus,	the	twofold	improvement	in	logic	density	between	technologies	is	not	achieved.	Silicon	Single	Crystal	Is	Still	King	goes	up	by	E2,	the	gate	leakage	current	increases,	and	transistors	are	more	likely	to	fail.	As	pointed	out	earlier,	higher	transistor	densities	are	only	possible	if	the
interconnects	also	scale.	Typical	wires	have	a	capacitance	of	∼0.2	fF/μm	compared	with	2	fF/μm	for	a	typical	gate	capacitance.	Reduced	interconnect	wire	width	leads	to	increased	resistance,	and	denser	interconnects	also	lead	to	a	higher	capacitance.	For	a	wire	interconnect,	R	and	C	are	proportional	to	l,	whereas	the	RC	delay	is	proportional	to	l2.
This	leads	to	unacceptably	great	delays	for	long	wires.	To	account	for	increased	parasitics	and	integration	complexity,	more	interconnection	layers	are	added	with	thinner	and	tighter	layers	for	local	interconnections	and	thicker	and	sparser	layers	for	global	interconnections	and	power.	One	also	breaks	long	wires	into	N	shorter	segments	and	drives
each	one	with	an	inverter	or	buffer	in	so-called	repeaters.	In	Table	4.11	constant	field	and	constant	voltage	scaling	of	a	MOSFET	are	compared.	Gate	1	Delay	=	1	1	Freq	=	1	Tox	L	Body	Source	Drain	1	Delay		Gate	0.7	Tox	Source	0.7	L	0.49	0.7	Freq		Drain	Body	1	0.7	=	1.43	0.7	FIGURE	4.56	Scaling	of	delay	and	frequency	in	a	MOSFET.	From	the
preceding,	if	we	succeed	in	constant	field	scaling,	the	speed	of	the	transistor	goes	up	by	α	and	the	number	of	devices/area	goes	up	by	α2,	the	processing	power	(number	of	gates/area	times	speed)	goes	up	by	α3,	and	the	heat	generation/area	(power	density)	remains	unchanged	(=1).	Unfortunately,	you	cannot	scale	down	voltage	indefinitely.	There	are
fixed	voltage	characteristics	in	MOSFETs,	such	as	the	59-mV/decade	turn-on	current	relation	so	the	industry	scales	down	voltage	less	aggressively	than	feature	size	and	as	a	consequence	the	electric	fields	in	the	gate	oxide	have	been	increasing.	If	the	electric	field	increases	by	E	and	the	features	are	scaled	down	by	α,	then	the	doping	goes	up	by	E	×
α,	the	power	density	(heat)	Technical	and	Economic	(Practical)	Barriers	to	Downscaling	and	Possible	Solutions	Introduction	Besides	the	fundamental	limits	to	CMOS	scaling	(see	above),	there	are	several	technical	limits	to	consider,	and	ultimately	the	economics	might	decide	the	ultimate	fate	of	CMOS.	However,	Si	devices	are	the	smallest	devices
currently	available	TABLE	4.11	Constant	Field	and	Constant	Voltage	Scaling	of	a	MOSFET	Parameter	Supply	voltage	(V)	Length	(L)	Width	(W)	Gate	oxide	thickness	(tox)	Constant	Constant	1/α	1	1/α	1/α	1/α	α	Electric	field	across	gate	oxide	(E)	Depletion	layer	thickness	Gate	area	(Die	area)	Gate	capacitance	(load)	(C)	Drain	current	(Id)	1	Voltage	1/α	1/
α	1/α	Junction	depth	(Xj)	Transconductance	(g)	Gate	delay	Current	density	DC	and	dynamic	power	dissipation	Power	density	Power-delay	product	Field	1/α	Substrate	doping	(NA)	267	1/α	α	α	1/α	1/α2	1/α	1/α2	1/α	1/α	1/α	α	α	1/α2	1	1/α	α	α3	α	2	1/α	α3	1	3	1/α	1/α	268	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology	in	the	market,	and	there	are	no	other	candidates	smaller	than	Si	in	the	near	future.	Introducing	new	materials,	structures,	and	processes	will	solve	problems	of	downsizing.	Mass	Manufacturability	and	Economics	As	we	scale	down	components,	they	have	fewer	atoms,	electrons,	and	holes,	and	unless	one	has	perfect	control	of	the
fabrication	process,	statistical	fluctuations	start	coming	in.	Obviously	MOSFET	fabrication	lines	do	not	have	perfect	control,	and	statistical	fluctuations	get	worse	as	the	device	gets	smaller	(the	tyranny	of	small	numbers).	As	a	consequence,	as	transistors	get	smaller,	there	are	greater	variations	in	device-to-device	characteristics,	such	as	gate
threshold	voltage	(VT)	and	output	current	(ID).	Combined	with	fundamental	voltage	fluctuations	(Johnson	noise)	and	current	fluctuations	(shot	noise),	this	leads	to	a	greater	probability	of	errors.	As	on-chip	circuitry	gets	smaller	and	more	complex,	it	is	also	increasingly	sensitive	to	smaller	defects.	This	lowers	the	yield	and	drives	up	costs	even	further.
The	demise	of	CMOS	on	technical	grounds	has	been	announced	several	times	before.*	However,	it	is	more	likely	that	one	will	hit	an	economic	limit	before	the	ultimate	technical	limit	is	reached.	Because	of	increased	sophistication	of	lithography	tools,	cost	of	IC	fabrication	lines	is	increasing	exponentially	with	time	(Moore’s	second	law)	and	is	now	in
the	multibillion-dollar	range	(1967	cost	of	a	silicon	fabrication	laboratory:	$2	million;	2002	cost:	∼$3	billion;	projected	2015	cost:	∼$100	billion).	As	an	example	of	mass	manufacturability	and	economics,	consider	resolution-enhancing	techniques	(RET)	that	enable	subwavelength	printing	of	MOSFETs	(see	Volume	II,	Chapters	1	and	2).	Basically,	RET
is	a	set	of	optical	wave-front	engineering	techniques	that	allows	for	the	pattern	transfer	of	features	smaller	than	the	lithography	wavelength.	Feature	size	scaling	is	now	outpacing	lithography	wavelength	advances,	forcing	design	compromises	and	complex	and	costly	optical	wave-front	management	techniques.	It	is	important	to	recognize	that	at	less
than	90	nm	there	is	no	yield	without	RET,	but	this	unfortunately	vastly	increases	*	In	the	late	1980s,	0.1	μm	was	called	the	“brick	wall”;	today	50	nm	is	called	the	“red	brick	wall”	and	100	nm	the	“fundamental	limit.”	mask	costs	and	severely	constrains	design	flexibility.	Implementing	all	of	these	technology	innovations	may	increase	manufacturing	and
development	costs	to	beyond	the	reach	of	all	but	a	few	global	entities.	This	subwavelength	crisis	is	summarized	in	Figure	4.57.	A	practical	limit	may	thus	be	reached	because	of	cost,	reliability,	and	performance	considerations.	It	is	safe	to	say	that	it	is	not	really	known	where	that	practical	limit	really	lies,	and,	as	remarked	earlier,	it	is	certainly	too
early	to	give	up	on	Si.	It	is	also	clear	that	pushing	CMOS	to	its	ultimate	limits	will	require	revolutionary	materials	and	device	innovations	that	pose	significant	scientific	and	engineering	barriers.	These	problems	have	caused	more	changes	in	IC	technology	and	materials	in	the	past	5	years	than	in	the	previous	40	years	with	work	in	SiGe,	silicon	on
insulator	(SOI),	strained	Si,	alternative	dielectrics,	new	metallization	systems,	and	so	on.	Carrier	Mobility	Limitations	The	effective	mobility	of	charge	carriers	in	the	channel	of	a	MOSFET	differs	from	bulk	mobility	as	a	result	of	additional	scattering	mechanisms	associated	with	the	channel	surface,	including	interface	charge	scattering	and	surface
roughness	scattering.	These	mechanisms	also	tend	to	depend	on	the	vertical	electrical	field	as	illustrated	in	Figure	4.58,	where	EEFF	represents	the	effective	electrical	field.	As	gate	length	shrinks,	mobility	decreases,	and	increased	doping	is	often	used	to	combat	this	short-channel	effect.	Another	10	Above	wavelength	3.0	μm	2.0	μm	1.0	μm	1
Subwavelength	0.6	μm	436	nm	0.1	365	nm	0.35	μm	0.25	μm	0.18	μm	Lithography	wavelength	0.13	μm	Silicon	feature	size	0.07	μm	0.05	μm	1980	1985	1990	1995	2000	FIGURE	4.57	The	subwavelength	crisis.	2005	2008	Silicon	Single	Crystal	Is	Still	King	1000	Electron	mobility/(cm2/Vs)	Strain-enhanced	mobility	100	0.80	μm	0.60	μm	0.35	μm	0.25	μm
0.18	μm	Technology	0.13	μm	node	10	EEFF/(MV/cm)	FIGURE	4.58	Mobility	versus	technology	scaling	trend	for	Intel	process	technologies.	The	x-axis	is	the	effective	electrical	field	EEFF.	(From	Thompson,	S.E.,	M.	Armstrong,	C.	Auth,	M.	Alavi,	M.	Buehler,	R.	Chau,	S.	Cea,	et	al.	2004.	A	90-nm	logic	technology	featuring	strained-silicon.	IEEE	Trans
Electron	Devices	51:1790–7.49)	possible	solution	involves	electron	and	hole	mobility	enhancement	by	using	strained	Si.	This	method	increases	mobility	of	electrons	and	holes	in	the	channel	of	a	FET	by	applying	tensile	(to	increase	electron	mobility)	or	compressive	strains	(to	increase	hole	mobility)	to	the	channel.	Strain	alters	the	energy	band
structure	and	enables	charge	carriers	to	move	with	less	resistance	through	silicon.	The	MOSFET	channel	is	very	close	to	the	device	surface,	so	that	the	strain	must	occur	in	the	topmost	~0.01	μm	of	the	silicon	to	realize	a	mobility	enhancement	in	the	channel.	The	effect	of	strain	on	mobility	was	noticed	in	the	early	1950s,	the	exploitation	of	the
phenomenon	in	an	actual	device	was	first	carried	out	at	MIT	in	the	early	1990s	(Gene	Fitzgerald,	who	founded	AmberWave	in	1998).	By	August	2002,	Intel	used	strained	silicon	in	their	HT	Prescott	P4	Processor.	Models	suggest	that	a	strained	silicon	lattice	can	give	hole	mobilities	up	to	4×	the	unstrained	value	and	electron	mobilities	up	to	1.8×	the
unstrained	value.18	One	way	to	introduce	strain	in	Si	is	to	use	a	Si1-xGe	x	crystal	alloy	substrate.	Such	an	alloy	is	possible	because	both	materials	create	diamond-type	lattices	and	their	lattice	constants	(a)	are	close.	Vegard’s	law	determines	the	lattice	constant	of	the	alloy,	which	is	a	linear	average	between	the	lattice	constants	of	Si	(5.431	Å)	and	Ge
(5.658	Å):	Silicon	germanium	FIGURE	4.59	Formation	of	a	strained	Si	lattice	using	an	epitaxial	strain-inducing	template.	First,	one	introduces	Ge	in	a	Si	lattice,	and	then	the	Si	gate	material	is	grown	epitaxially	using	molecular	beam	epitaxy	(MBE)	on	top	of	this	Si1-xGe	x;	the	Si	atoms	align	with	the	underlying	lattice,	causing	a	lattice	strain	in	the
silicon	(see	Figure	4.59).	The	electrons	flow	up	to	70%	faster	through	strained	silicon,	resulting	in	a	17%	increase	in	transistor	speed	and	a	34%	reduction	in	power	consumption.	The	SiGe	devices	market	has	grown	more	rapidly	than	was	anticipated,	and	III–Vs	producers	are	concerned	about	the	switching	from	Si	to	SiGe	instead	of	using	GaAs	in	a
number	of	key	high-speed	applications.	With	SiGe	matching	GaAs	performance	and	beating	it	on	cost,	GaAs	still	edges	out	SiGe	in	terms	of	power-added	efficiency	(PAE)*	(typically	40%	vs.	>	Tfin,	top	gate	oxide	thickness	>>	sidewall	oxide,	effective	channel	length	Leff	=	Lgate	+	2	×	Lext	thickness,	effective	channel	width	W	=	Tfin	+	2	×	Hfin.
Present	MOSFET	designs	are	planar,	“buried”	in	the	flat	upper	surface	of	the	Si	substrate.	Each	time	you	double	circuit	density	by	stacking,	you	can	move	a	whole	Moore’s	law	generation	without	using	smaller	features.	But	interconnection	is	tricky,	as	are	connections	to	the	outside	world.	It	is	also	more	difficult	to	make	high-performance	transistors
from	deposited	films,	and	additional	processing	tends	to	spoil	previous	layers.	Source	and	drain	are	getting	too	close	for	reliable	performance,	and	the	gate	between	them	is	getting	harder	to	define.	3D	techniques	can	extend	microprocessor	design	for	several	more	generations,	but	after	that,	a	new	design	paradigm	will	be	needed	to	deal	with
increasing	errors	and	defects.	The	raised	drain	and	source	design	in	SOI	approaches	is	a	step	in	the	right	direction.	In	the	FinFET	approach,	this	concept	is	pushed	even	further;	the	transistor	structure	is	put	on	top	of	the	chip	substrate	as	shown	in	Figure	4.65a.	The	term	FinFET	was	coined	by	University	of	California,	Berkeley	researchers	to
describe	a	nonplanar,	double-gate	transistor	built	on	an	SOI	substrate.	The	FinFET	is	a	3D	device	structure	with	a	channel	Si	fin,	sitting	on	the	substrate,	surrounded	by	a	gate	that	effectively	makes	two	to	three	gates	in	parallel.	The	gate	wraps	around	the	fin	to	form	a	very	small	channel.	The	Si	fin	has	an	insulator	on	the	top,	and	the	gate	has	oxide
on	either	side	(two	channels).	The	current	flows	parallel	to	the	device	surface,	and	the	channel	width	depends	on	the	fin	height	(for	dimensioning	see	Figure	4.65b).	A	lightly	doped	channel	in	a	FinFET	affords	good	gate	control.	Spacers	are	used	to	self-align	the	gate	to	source/drain,	and	the	fin	height	can	be	used	to	increase	the	on-current,	limited	by
aspect	ratio.	Many	benefits	arise	from	this	design.	Short-channel	effects	are	reduced,	and	there	is	very	low	leakage	current,	high	on/off	current	ratio,	low	voltage	operation,	efficient	gate	design	(less	switching	power),	flexibility	of	using	multiple	fins	for	better	performance,	compatibility	with	current	manufacturing	processes,	and	scalability	to	sub-10
nm.	FinFET	is	the	leading	candidate	set	to	replace	the	classic	MOSFETs.	It	is	based	on	a	3D	architecture	that	uses	double	gates.	It	can	be	manufactured	with	very	minor	modifications	to	the	current	selfaligned	process	flow.	However,	there	are	many	issues	that	have	to	be	resolved	before	it	can	be	used	commercially.	A	25-nm	transistor	operating	on
just	0.7	V	was	demonstrated	in	December	2002	by	the	Taiwan	Semiconductor	Manufacturing	Company.	The	“Omega	FinFET”	design,	named	after	the	similarity	between	the	Greek	letter	omega	and	the	shape	in	which	the	gate	wraps	around	the	source/drain	structure,	has	a	gate	delay	of	just	0.39	ps	for	the	n-type	transistor	and	0.88	ps	for	the	p-type.
In	Figure	4.66,	we	sketch	the	predicted	material	and	device	evolution	for	the	years	2004–2020.	From	the	preceding,	it	appears	that	making	Si-based	MOSFETs	smaller	than	50	nm	is	not	a	problem.	But	the	“ultimate”	FET	may	not	be	made	of	silicon.	Alternative	approaches	to	fabricate	logic	switches,	which	we	analyze	in	this	volume	Chapters	3	and	5
and	in	Volume	III,	Chapter	3	on	nanotechnology,	include	molecular	electronics,	resonant	tunneling	diodes,	and	single-electron	transistors.	274	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Physical	gate	Ultrathin	SOI	Doped	channel	2004	2007	2010	2013	2016	2020	37	nm	25	nm	18	nm	13	nm	9	nm	6	nm	High-
k	gate	dielectric	Strained	Si,	Ge,	SiGe	Raised	source/drain	Halo	Buried	oxide	Depletion	layer	Isolation	Silicon	substrate	Double-gate	CMOS	FinFET	Top	gate	Channel	Buried	oxide	Isolation	Silicon	substrate	Channel	Back	gate	Isolation	Gate	Source	Drain	Buried	oxide	FIGURE	4.66	Evolving	materials	and	device	structures	in	MOSFET	evolution.	Halo
from	halo	implant	is	a	high-angle	implant	of	well-type	dopant	species	introduced	into	the	device	after	transistor	gate	patterning.	Physicochemical	Properties	of	Si	Introduction	In	the	previous	sections,	we	mostly	focused	on	Si	as	an	electronic	material.	In	this	section	we	are	looking	at	all	the	other	properties	that	make	Si	such	an	attractive	IC,	MEMS,
and	NEMS	material.	We	first	consider	Si	as	a	simple	substrate,	where	the	semiconductor	only	plays	the	role	as	a	flat	convenient	passive	substrate.	Next,	we	investigate	the	mechanical,	thermal,	and	optical	properties	of	Si.	We	finish	this	section	with	a	short	commentary	on	Si’s	biocompatibility.	Silicon	as	a	Passive	Substrate	Any	IC,	MEMS,	or	NEMS
device	needs	a	substrate.	In	some	cases	that	substrate	acts	as	a	passive	support	only	and	does	not	play	any	other	role	in	the	operation	of	the	device	it	supports.	The	use	of	Si	as	a	passive	substrate	is	discussed	in	more	detail	in	Volume	III,	Chapter	1,	which	focuses	on	comparing	nonlithography-based	(traditional)	and	lithographybased	(nontraditional)
manufacturing	methods.	In	Volume	III,	Table	1.9,	we	show	a	performance	comparison	of	passive	substrate	materials	in	terms	of	cost,	metallization	ease,	and	machinability.	We	will	see	there	that	silicon,	because	of	its	extreme	flatness,	relative	low	cost,	and	well-established	coating	procedures,	is	often	the	preferred	passive	substrate—	especially	for
thin	films.	The	disadvantages	of	using	Si	substrates	become	more	pronounced	with	increasing	device	size	and	low	production	volumes.	An	overwhelming	determining	factor	for	passive	substrate	choice	is	the	final	package	of	the	device	because	the	package	often	determines	the	volume	and	cost.	Packaging	is	so	important	in	the	case	of	sensors	that	as
a	rule,	their	design	should	start	from	the	package	rather	than	from	the	sensor	itself.	For	many	mechanical	sensor	applications,	single-crystal	Si	(SCS),	based	on	its	intrinsic	mechanical	stability	and	the	feasibility	of	integrating	sensing	and	electronics	on	the	same	substrate,	presents	an	excellent	substrate	choice.	But,	as	we	will	see	in	Volume	III,
Chapter	1,	for	chemical	sensors,	Si,	with	few	exceptions,	is	merely	the	substrate	and	as	such	is	not	necessarily	the	most	attractive	option.	Silicon	in	Mechanical	Sensors	Introduction	In	mechanical	sensors,	the	active	structural	elements	convert	a	mechanical	external	input	signal	(e.g.,	pressure,	acceleration)	into	an	electrical	signal	output	(voltage,
current,	or	frequency).	The	transfer	functions	in	mechanical	devices	describing	this	conversion	are	mechanical,	electromechanical,	and	electrical.	In	mechanical	conversion,	a	given	external	load	is	concentrated	and	maximized	in	the	active	member	of	the	sensor.	Structurally	active	members	are	typically	high-aspect-ratio	elements	such	as	suspended
Silicon	Single	Crystal	Is	Still	King	beams	or	membranes.	Electromechanical	conversion	is	the	transformation	of	the	mechanical	quantity	into	an	electrical	quantity,	such	as	capacitance,	resistance,	charge,	and	so	on.	Often,	the	electrical	signal	needs	further	electrical	conversion	into	an	output	voltage,	frequency,	or	current.	For	electrical	conversion
into	an	output	voltage,	a	Wheatstone	bridge	(see	Figure	4.75)	may	be	used	as	in	the	case	of	a	piezoresistive	sensor,	and	a	charge	amplifier	may	be	used	in	the	case	of	a	piezoelectric	sensor.	To	optimize	all	three	transfer	functions,	detailed	electrical	and	mechanical	modeling	is	required.	One	of	(a)	Elastic	275	the	most	important	inputs	required	for
mechanical	models	is	the	experimentally	determined,	independent	elasticity	constants	or	moduli.	In	what	follows,	we	describe	in	more	detail	what	makes	Si	such	an	important	structural	element	in	mechanical	sensors	and	present	its	elasticity	constants.	Stress-Strain	Curve	and	Elasticity	Constants	Yield,	tensile	strength,	hardness,	and	creep	of	a
material	all	relate	to	the	elasticity	curve	(the	stressstrain	diagram).	Stress-strain	curves	for	several	types	of	materials	are	shown	in	Figure	4.67.	For	small	(b)	Plastic	Stress	Stress	y	TS	(tensile	strength)	M	Ductile	mild	steel	F	(fracture)	P	Brittle	Si	P	=	proportional	limit	0.002	Strain	(c)	Strain	10	60	8	50	6	40	30	b	4	Stress	(MPa)	Stress	(psi		10	3)	a	20	2
10	c	0	0	1	2	3	4	Strain	5	6	7	8	0	FIGURE	4.67	Typical	stress-strain	behaviors	for	different	types	of	materials	showing	different	degrees	of	elastic	and	plastic	deformations.	(a)	Stress-strain	curve	for	a	typical	material	with	the	proportional	limit	P,	and	the	yield	strength	σy,	as	determined	using	the	0.002	strain	offset	method.	(b)	Stress-strain	curves	for
silicon	and	a	ductile	mild	steel.	The	tensile	strength	(TS)	of	a	metal	is	the	stress	at	the	maximum	of	the	curve	shown	(M).	Fracture	is	indicated	by	F.	The	various	stages	of	a	test	metal	sample	are	indicated	as	well.	A	high	modulus	material	such	as	Si	exhibits	abrupt	breakage;	it	is	brittle	with	no	plastic	deformation	region	at	all.	(c)	Stress-strain	behavior
for	brittle	(curve	a),	plastic	(curve	b),	and	highly	elastic	(elastomeric)	(curve	c)	polymers.	276	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	strain	values,	Hooke’s	law	(1635–1702)	applies,	that	is,	stress	(force	per	unit	area,	N/m	2)	and	strain	(displacement	per	unit	length,	dimensionless)	are	proportional,	and
the	stress-strain	curve	is	linear,	with	a	slope	corresponding	to	the	elastic	modulus	E	(Young’s	modulus,	N/m2).	This	regime,	as	marked	in	Figure	4.67a,	is	the	elastic	deformation	regime	(typically	valid	for	ε	<	10−4).	The	magnitude	of	the	Young’s	modulus	ranges	from	4.1	×	104	MPa	(Pascal,	Pa	=	N/m2)	for	magnesium	to	40.7	×	104	MPa	for	tungsten
and	144	GPa	for	Invar,*	whereas	concrete	is	45	GPa,	aluminum	is	about	70	GPa,	and	elastomeric	materials	are	as	low	as	10	−3	to	10−2	GPa.	Silicon	is	a	stiff	and	brittle	material	with	a	Young’s	modulus	of	160	GPa	(Figure	4.67b).	With	increasing	temperature,	the	elastic	modulus	diminishes.	For	isotropic	media,	such	as	amorphous	and	polycrystalline
materials,	the	tensile	stress,	σa,	or	the	applied	axial	force	per	unit	area	and	the	axial	or	tensile	strain,	εa,	are	related	as:	σa	=	Eεa	(4.75)	with	εa	given	by	the	dimensionless	ratio	of	(L2	–	L1)/	L1	(ΔL/L1),	that	is,	the	ratio	of	the	sample’s	elongation	to	its	original	length.	The	elastic	modulus	may	be	thought	of	as	stiffness	or	a	material’s	resistance	to
elastic	deformation.	The	greater	the	modulus,	the	stiffer	the	material.	A	tensile	stress	usually	leads	to	a	lateral	strain	or	contraction	(Poisson	effect),	ε1,	given	by	the	dimensionless	ratio	of	(D2	–	D1)/D1	(ΔD/D1),	where	D1	is	the	original	wire	diameter	and	ΔD	is	the	change	in	diameter	under	axial	stress	(see	Figure	4.68).	The	Poisson	ratio	is	the	ratio	of
lateral	over	axial	strain:	N	E1	Ea	(4.76)	The	minus	sign	indicates	a	contraction	of	the	material.	For	most	materials,	ν	is	a	constant	within	the	elastic	range	and	fluctuates	for	different	types	of	materials	over	a	relatively	narrow	range.	Generally,	it	is	on	the	order	of	0.25–0.35,	and	a	value	of	0.5	is	the	largest	value	possible.	The	latter	is	attained	by	*
Invar,	an	alloy	formed	of	nickel	and	iron,	has	an	extremely	small	coefficient	of	thermal	expansion	at	room	temperature.	Invar	is	often	called	for	in	the	design	of	machinery	that	must	be	extremely	stable.															FIGURE	4.68	Metal	wire	under	axial	or	normal	stress;	normal	stress	creates	both	elongation	and	lateral	contraction.	materials	such	as
rubber	and	indicates	a	material	in	which	only	the	shape	changes,	whereas	the	volume	remains	constant.	Normally,	some	slight	volume	change	does	accompany	the	deformation,	and,	consequently,	ν	is	smaller	than	0.5.	The	Poisson	ratios	for	metals	are	typically	around	0.33	(e.g.,	aluminum	and	cast	steel	are	0.34	and	0.28,	respectively).	For	ceramics,
it	is	around	0.25,	and	for	polymers	it	is	typically	between	0.4	and	0.5.	In	extreme	cases,	values	as	low	as	0.1	(certain	types	of	concrete)	and	as	high	as	0.5	(rubber)	occur.	For	an	elastic	isotropic	medium	subjected	to	a	triaxial	state	of	stress,	the	resulting	strain	component	in	the	x-direction,	εx	,	is	given	by	the	summation	of	elongation	and	contraction:
Ex		1¨	S	N(S	y	S	z	)·¹	Eª	x	(4.77)	and	so	on	for	the	y-	and	z-directions	(three	equations	in	total).	For	an	analysis	of	mechanical	structures,	we	must	consider	not	only	compressional	and	tensile	strains	but	also	shear	strains.	Whereas	normal	stresses	create	elongation	plus	lateral	contraction	with	accompanying	volume	changes,	shear	stresses	create
shape	Silicon	Single	Crystal	Is	Still	King	changes	without	volume	changes	(e.g.,	by	twisting	a	body),	that	is,	shear	strains.	The	1D	shear	strain,	γ,	is	produced	by	the	shear	stress,	τ,	and	has	units	of	N/	m2.	For	small	strains,	Hooke’s	law	may	be	applied	again:	T	G	G	E	2	1	N	6	6	S	m		¤	E	mn	E	n	and	E	m		¤	S	mn	S	n	(4.81)	n	1	(4.78)	(4.79)	Crystal
materials,	whose	elastic	properties	are	anisotropic,	require	more	than	two	elastic	constants,	the	number	increasing	with	decreasing	symmetry.	Cubic	crystals,	for	example,	require	3	elastic	constants,	hexagonal	crystals	require	5,	and	materials	without	symmetry	require	2119,20	(see	also	Table	2.1).	The	relation	between	stresses	and	strains	is	more
complex	in	this	case	and	depends	greatly	on	the	spatial	orientation	of	these	quantities	with	respect	to	the	crystallographic	axes	(see	Chapter	2	on	crystallography).	Hooke’s	law	in	the	most	generic	form	is	expressed	in	two	formulas:	S	ij		E	ijkl	–	E	kl	and	E	ij		S	ijkl	–	S	kl	strains	in	terms	of	stresses.	The	tensor	representations	in	Equation	4.80	can	also
be	represented	as	two	matrices:	n	1	where	G	is	called	the	elastic	shear	modulus	or	the	modulus	of	rigidity.	For	any	3D	state	of	shear	stress,	three	equations	of	this	type	will	hold.	Isotropic	bodies	are	characterized	by	two	independent	elastic	constants	only	because	the	shear	modulus	G,	it	can	be	shown,19	relates	the	Young’s	modulus	and	the	Poisson
ratio	as:	G	277	(4.80)	where	σij	and	σkl	=	stress	tensors	of	rank	2	expressed	in	N/m2	εij	and	εkl	=	strain	tensors	of	rank	2	and	are	dimensionless	Eijkl	=	stiffness	coefficient	tensor	of	rank	4	expressed	in	N/m2	with	at	the	most	3	×	3	×	3	×	3	=	81	elements	Sijkl	=	compliance	coefficient	tensor	of	rank	4	expressed	in	m2/N	with	at	the	most	3	×	3	×	3	×	3
=	81	elements	The	first	expression	is	analogous	to	Equation	4.75,	and	the	second	expression	is	the	inverse,	giving	the	Components	of	tensors	Eijkl	and	Sijkl	are	substituted	by	elements	of	the	matrices	Emn	and	Smn,	respectively.	To	abbreviate	the	ij	indices	to	m	and	the	kl	indices	to	n,	the	following	scheme	applies:	11	→	1,	22	→	2,	33	→	3,	23	and	32	→
4,	13	and	31	→	5,	12	and	21	→	6,	Eijkl	→	Emn	and	Sijkl	→	Smn	when	m	and	n	=	1,	2,	3;	2Sijkl	→	Smn	when	m	or	n	=	4,	5,	6;	4Sijkl	→	Smn	when	m	and	n	=	4,	5,	6;	σij	→	σm	when	m	=	1,	2,	3;	and	εij	→	εm	when	m	=	4,	5,	6.	Thus,	with	these	reduced	indices,	there	are	six	equations	of	the	type:	σx	=	E11εx	+	E12εy	+	E13εz	+	E14γyz	+	E15γzx	+	E16γxy
(4.82)	And	hence	there	exist	36	moduli	of	elasticity	or	Emn	stiffness	constants.	There	are	also	six	equations	of	the	type:	εx	=	S11σx	+	S12σy	+	S13σz	+	S14τyz	+	S15τzx	+	S16τxy	(4.83)	defining	36	Smn	constants,	which	are	called	the	compliance	constants.	It	can	be	shown	that	the	matrices	Emn	and	Smn,	each	composed	of	36	coefficients,	are
symmetrical	(Emn	=	Enm	and	Smn	=	Snm);	hence	a	material	without	symmetrical	elements	has	21	independent	constants	or	moduli.	Because	of	symmetry	of	crystals,	several	more	of	these	may	vanish	until,	for	an	isotropic	medium,	they	number	only	two	(E	and	ν).	The	stiffness	coefficient	and	compliance	coefficient	matrices	for	cubic-lattice	crystals
with	the	vector	of	stress	oriented	along	the	[100]	axis	are	given	as:	E	mn	¨	E11	©	©E12	©E		©	12	©0	©0	©	©ª	0	E12	E11	E12	0	0	0	E12	E12	E11	0	0	0	0	0	0	E	44	0	0	0	0	0	0	E	44	0	0	·	¸	0	¸	0	¸	¸	0	¸	0	¸	¸	E	44	¸¹	(4.84)	278	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	S	mn	¨	S11	©	©S12	©S		©	12	©0	©0	©
©ª	0	S12	S11	S12	0	0	0	S12	0	S12	0	E11	0	0	S	44	0	0	0	0	0	0	0	0	S	44	0	·	¸	¸	¸	¸	0	¸	0	¸	¸	S	44	¸¹	0	0	0	(4.85)	In	cubic	crystals,	the	three	remaining	independent	elastic	moduli	are	usually	chosen	as	E11,	E12,	and	E44.	The	Smn	values	can	be	calculated	simply	from	the	Emn	values.	Expressed	in	terms	of	the	compliance	constants,	one	can	show	that
1/S11	=	E	=	Young’s	modulus,	−S12/S11	=	ν	=	Poisson’s	ratio,	and	1/S44	=	G	=	shear	modulus.	In	the	case	of	an	isotropic	material,	such	as	a	metal	wire,	there	is	an	additional	relationship:	E	44		E11	E12	2	(4.86)	With	this	expression	the	number	of	independent	stiffness	constants	reduces	to	two.	The	anisotropy	coefficient	α	is	defined	as:	A	2E	44	E11
E12	(4.87)	making	α	=	1	for	an	isotropic	crystal.	For	an	anisotropic	crystal,	the	degree	of	anisotropy	is	given	by	the	deviation	of	α	from	1.	SCS	has	moderately	anisotropic	elastic	properties,21,22	with	α	=	1.57,	and	very	anisotropic	crystals	may	have	a	value	larger	than	8.	Brantley21	gives	the	nonzero	Si	stiffness	components,	referred	to	the	[100]
crystal	orientation,	as	E11	=	E22	=	E33	=	166	×	109	N/m2,	E12	=	E13	=	E23	=	64	×	109	N/m2,	and	E	44	=	E55	=	E66	=	80	×	109	N/m2:	Sx	Ex	166(E11	)	64(E12	)	64(E12	)	0	0	0	Sy	Ey	64(E12	)	166(E11	)	64(E12	)	0	0	0	Sz	Ez	64(E12	)	64(E12	)	166(E11	)	0	0	0		s	0	0	0	80(E	44	)	0	0	T	xy	G	xy	0	0	0	0	80(E	)	0	T	xz	G	xz	44	0	0	0	0	0	80(E	)	44	T	yz	G	yz
(4.88)	with	σ	normal	stress,	τ	shear	stress,	ε	normal	strain,	and	γ	shear	strain.	The	values	for	Emn	in	Equation	4.88	compare	with	a	Young’s	modulus	of	207	GPa	for	a	low	carbon	steel.	Variations	on	the	values	of	the	elastic	constants	on	the	order	of	30%,	depending	on	crystal	orientation,	doping	level,	and	dislocation	density,	must	be	considered	to
have	effects	as	well.	In	Volume	II,	Chapter	7,	we	learn	that	the	Young’s	modulus	for	polycrystalline	silicon	is	about	161	GPa.	From	the	stiffness	coefficients,	the	compliance	coefficients	of	Si	can	be	calculated	as	S11	=	7.68	×	10–12	m2/N,	S12	=	–2.14	×	10	–12	m2/N,	and	S44	=	12.6	×	10	–12	m2/N.23	A	graphical	representation	of	elastic	constants	for
different	crystallographic	directions	in	Si	and	Ge	is	given	in	Worthman	et	al.24	and	is	reproduced	in	Figure	4.69a–d	displays	E	and	ν	for	Ge	and	Si	in	planes	(100)	and	(110)	as	functions	of	direction.	Calculations	show	that	E,	G,	and	ν	are	constant	for	any	direction	in	the	(111)	plane.	In	other	words,	a	plate	lying	in	this	plane	can	be	considered	as	having
isotropic	elastic	properties.	A	review	of	independent	determinations	of	the	Si	stiffness	coefficients,	with	their	respective	temperature	coefficients,	is	given	in	Metzger	et	al.25	Some	of	the	values	from	that	review	are	reproduced	in	Table	4.12.	Values	for	Young’s	modulus	and	the	shear	modulus	of	Si	can	also	be	found	in	Greenwood	26	and	are
reproduced	in	Table	4.13	for	the	three	important	crystal	orientations.	Residual	Stress	in	Single-Crystal	Si	Most	mechanical	properties,	such	as	the	Young’s	modulus,	for	lightly	and	highly	doped	silicon	are	identical.	Residual	stress	and	associated	stress	gradients	in	highly	boron-doped	single-crystal	Si	(SCS)	present	some	controversy.	Highly	boron-
doped	membranes,	which	are	usually	reported	to	be	tensile,	have	also	been	reported	as	compressive.27,28	From	a	simple	atom-radius	argument,	a	large	number	of	substitutional	boron	atoms	would	be	expected	to	create	a	net	shrinkage	of	the	lattice	compared	with	pure	silicon	and	that	the	residual	stress	would	be	tensile	with	a	stress	gradient
corresponding	to	the	doping	gradient.	For	example,	an	etched	cantilever	would	be	expected	to	bend	up	out	of	the	plane	of	the	silicon	wafer.	Maseeh	et	al.28	believe	that	the	appearance	of	compressive	behavior	in	heavily	boron-doped	singlecrystal	layers	results	from	the	use	of	an	oxide	etch	mask.	They	suggest	that	plastic	deformation	of	the	p	+
silicon	beneath	the	compressively	stressed	oxide	can	explain	the	observed	behavior.	Ding	et	al.29	also	Silicon	Single	Crystal	Is	Still	King	××																		××					279																				××								××																																																		FIGURE	4.69	Elasticity	constants	for	Si	and	Ge.	(a)	Young’s	modulus	as	a	function	of	direction	in	the	(100)	plane.	(b)	Young’s	modulus
as	a	function	of	direction	in	the	(110)	plane.	(c)	Poisson’s	ratio	as	a	function	of	direction	in	the	(100)	plane.	(d)	Poisson’s	ratio	as	a	function	of	direction	in	the	(110)	plane.	(From	Worthman,	J.	J.,	and	R.	A.	Evans.	1965.	J	Applied	Physics	36:153–56.	With	permission.	24)	found	compressive	behavior	for	nitride-covered	p	+	Si	thin	membranes.	These
authors	believe	that	the	average	stress	in	p	+	silicon	is	tensile,	but	great	care	is	required	to	establish	this	fact	because	the	combination	of	heavy	boron	doping	and	a	high-temperature	drive-in	under	oxidizing	conditions	can	create	an	apparent	reversal	of	both	the	net	stress	(to	compressive)	and	of	the	stress	gradient	(opposite	to	the	doping	gradient).	A
proposed	explanation	is	that,	at	the	oxide/silicon	interface,	a	thin	compressively	stressed	layer	is	formed	during	the	drive-in,	which	is	not	removed	in	buffered	HF.	It	can	be	removed	by	reoxidation	and	etching	in	HF,	or	by	etching	in	KOH.	The	question	of	residual	stress	in	polycrystalline	Si	is	a	heavily	studied	topic	as	we	shall	discover	in	Volume	II,
Chapter	7	on	surface	micromachining.	Stress	in	thin	polycrystalline	films	has	dramatic	effects	on	the	reliable	operation	of	surface	micromachined	mechanical	elements	(see	also	Volume	II,	Equation	7.29).	TABLE	4.12	Stiffness	Coefficients	and	Temperature	Coefficients	of	Stiffness	for	Si	Yield,	Tensile	Strength,	Hardness,	and	Creep	Stiffness
Coefficients	in	GPa	Temperature	Coefficient	of	(value	in	GPa	=	109	N/m2)	Young’s	Modulus	(10−6	K−1)	E11	=	164.8	±	0.16	E12	=	63.5	±	0.3	E44	=	79.0	±	0.06	−122	−162	−97	Source:	Metzger,	H.,	and	F.R.	Kessler.	1970.	Der	Debye-Sears	Effect	zur	Bestimmung	der	Elastischen	Konstanten	von	Silicium.	Z	Naturf	A	25:904.	As	a	material	is	deformed
beyond	its	elastic	limit,	yielding	or	plastic	deformation	(permanent,	nonrecoverable	deformation)	occurs.	The	point	of	yielding	in	Figure	4.67a	is	the	point	of	initial	departure	from	linearity	of	the	stress-strain	curve	and	is	sometimes	called	the	proportional	limit	indicated	by	a	letter	P.	Young’s	modulus	of	mild	steel	is	±30,000,000	psi,	and	its
proportional	limit	(highest	stress	in	the	280	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	4.13	Derived	Values	for	Young’s	Modulus	and	Shear	Modulus	for	Si	Crystal	Orientation	[100]	[110]	[111]	Young’s	Modulus	E	(GPa)	Shear	Modulus	G	(GPa)	Temperature	Coefficient	(10	–6	K−1)	129.5	168.0	186.5
79.0	61.7	57.5	–63	–80	–46	Source:	Greenwood,	J.C.	1988.	Silicon	in	mechanical	sensors.	J	Phys	E	Sci	Instrum	21:1114.	elastic	range)	is	approximately	30,000	psi.*	Thus,	the	maximum	elastic	strain	in	mild	steel	is	about	0.001	under	a	condition	of	uniaxial	stress.	This	gives	an	idea	as	to	the	magnitude	of	the	strains	we	are	dealing	with.	A	convention	has
been	established	wherein	a	straight	line	is	constructed	parallel	to	the	elastic	portion	of	the	stress-strain	curve	at	some	specified	strain	offset,	usually	0.002.	The	stress	corresponding	to	the	intersection	of	this	line	and	the	stress-strain	curve	as	it	bends	over	in	the	plastic	region	is	defined	as	the	yield	strength,	σy	(see	Figure	4.67a).	The	magnitude	of
the	yield	strength	of	a	material	is	a	measure	of	its	resistance	to	plastic	deformation.	Yield	strengths	may	range	from	35	MPa	(5,000	psi)	for	a	soft	and	weak	aluminum	to	more	than	1,400	MPa	(200,000	psi)	for	high-strength	steels.	The	tensile	strength	is	the	stress	at	the	peak	of	the	stress-strain	curve.	This	corresponds	to	the	maximum	stress	that	can
be	sustained	by	a	structure	in	tension;	if	the	stress	is	applied	and	maintained,	fracture	will	result.	Crystalline	silicon	is	a	hard	and	brittle	material,	deforming	elastically	until	it	reaches	its	yield	strength,	at	which	point	it	breaks.	For	Si,	the	yield	strength	is	7	GPa,	equivalent	to	a	700-kg	weight	suspended	from	a	1-mm2	area.	Both	tensile	strength	and
hardness	are	indicators	of	a	metal’s	resistance	to	plastic	deformation.	Consequently,	they	are	roughly	proportional.30	Material	deformation	occurring	at	elevated	temperatures	and	static	material	stresses	is	termed	creep.	It	is	defined	as	a	time-dependent	and	permanent	deformation	of	materials	when	subjected	to	a	constant	load	or	stress.	Silicon
exhibits	no	plastic	deformation	or	creep	below	500°C;	therefore,	Si	sensors	are	very	*	In	the	sensor	area	it	is	still	mandatory	to	be	versatile	in	the	different	unit	systems	especially	with	regard	to	pressure	and	stress.	In	this	book	we	are	using	mostly	Pascal,	Pa	(=N/m	2),	but	in	industry	it	is	still	customary	to	use	psi	when	dealing	with	metal	properties,
Torr	when	dealing	with	vacuum	systems,	and	dyne/cm	2	when	dealing	with	surface	tension.	insensitive	to	fatigue	failure	when	subjected	to	high	cyclic	loads.	Silicon	sensors	have	been	cycled	in	excess	of	100	million	cycles	with	no	observed	failures.	This	ability	to	survive	a	very	large	number	of	duty	cycles	is	because	there	is	no	energy-absorbing	or
heat-generating	mechanism	caused	by	intergranular	slip	or	movement	of	dislocations	in	silicon	at	room	temperature.	However,	single-crystal	Si	(SCS),	as	a	brittle	material,	will	yield	catastrophically	when	stress	beyond	the	yield	limit	is	applied	rather	than	deform	plastically	as	metals	do	(see	Figure	4.67b).	At	room	temperature,	high	modulus
materials,	such	as	Si,	SiO2,	and	Si3N4,	often	exhibit	linear-elastic	behavior	at	lower	strain	and	transition	abruptly	to	brittle-fracture	behavior	at	higher	strain.	Plastic	deformation	in	metals	is	based	on	stress-induced	dislocation	generation	in	the	grain	boundaries	and	a	subsequent	dislocation	migration	that	results	in	a	macroscopic	deformation	from
intergrain	shifts	in	the	material.	No	grain	boundaries	exist	in	SCS,	and	plastic	deformation	can	only	occur	through	migration	of	the	defects	originally	present	in	the	lattice	or	of	those	generated	at	the	surface.	As	the	number	of	these	defects	is	very	low	in	SCS,	the	material	can	be	considered	a	perfect	elastic	material	at	normal	temperatures.	Perfect
elasticity	implies	proportionality	between	stress	and	strain	(i.e.,	load	and	flexure)	and	the	absence	of	irreversibilities	or	mechanical	hysteresis.	The	absence	of	plastic	behavior	also	accounts	for	the	extremely	low	mechanical	losses	in	SCS,	which	enable	the	fabrication	of	resonating	structures	that	exhibit	exceptionally	high	Q-factors.	Values	of	up	to	108
in	vacuum	have	been	reported.	At	elevated	temperatures,	and	with	metals	and	polymers	at	ordinary	temperatures,	complex	behavior	in	the	stress-strain	curve	can	occur.	Considerable	plasticity	can	be	induced	in	SCS	at	elevated	temperatures	(>800°C),	when	silicon	softens	appreciably	and	the	mobility	of	defects	in	the	lattice	is	substantially	increased.
Huff	281	Silicon	Single	Crystal	Is	Still	King	and	Schmidt	27	report	a	pressure	switch	exhibiting	hysteresis	based	on	buckling	of	plastically	deformed	silicon	membranes.	To	eliminate	plastic	deformation	of	Si	wafers,	it	is	important	that	during	hightemperature	steps	the	presence	of	films	that	could	stress	or	even	warp	the	wafer	in	an	asymmetric	way,
typically	oxides	or	nitrides,	be	avoided.	Piezoresistors	are	in-diffused	at	zones	of	maximum	strain	Si	Piezoresistivity	in	Silicon	Piezoresistance	is	the	fractional	change	in	bulk	resistivity	induced	by	small	mechanical	stresses	applied	to	a	material.	Lord	Kelvin	discovered	the	effect	in	1856.	Most	materials	exhibit	piezoresistivity,	but	the	effect,	Smith
found	in	1954,	is	particularly	important	in	some	semiconductors	(more	than	an	order	of	magnitude	higher	than	that	of	metals).31	Monocrystalline	silicon	has	a	high	piezoresistivity	and,	combined	with	its	excellent	mechanical	and	electronic	properties,	makes	a	superb	material	for	the	conversion	of	mechanical	deformation	into	an	electrical	signal.	The
history	of	silicon-based	mechanical	sensors	started	with	the	discovery	of	the	piezoresistance	effect	in	Si	(and	Ge)	more	than	four	decades	ago.31	The	piezoresistive	effect	in	semiconductor	materials	originates	in	the	deformation	of	the	energy	bands	as	a	result	of	the	applied	stress.	The	deformed	bands	change	the	effective	mass	and	mobility	of	the
charge	carriers	(electrons	and	holes),	hence	modifying	the	resistivity.	The	two	main	classes	of	piezoresistive	semiconductor	sensors	are	membrane-type	structures	(typically	pressure	and	flow	sensors)	and	cantilever	beams	(typically	acceleration	sensors)	with	in-diffused	resistors	(boron,	arsenic,	or	phosphorus)	strategically	placed	in	zones	of
maximum	stress	(Figure	4.70).	In	Chapter	2	we	saw	how	in	a	3D	anisotropic	crystal,	the	electrical	field	vector	(E)	is	related	to	the	current	vector,	J,	by	a	3	×	3	resistivity	tensor	(see	Equation	2.4).23	Experimentally,	the	nine	coefficients	always	reduce	to	six,	and	the	symmetric	tensor,	is	given	by:	¨	E1	·	©E	¸		©	2¸	©ªE	3	¸¹	Electric	Field	¨	R1	©R	©	6
©ªR5	R6	R2	R4	R5	·	¨	J1	·	R4	¸	©	J2	¸	¸©	¸	R3	¹¸	ª©	J3	¹¸	Resistivity	Tensor	Si	FIGURE	4.70	Si	membrane	and	Si	cantilever	with	in-diffused	resistors.	For	the	cubic	Si	lattice,	with	the	axes	aligned	with	the	directions,	ρ1,	ρ2,	and	ρ3	define	the	dependence	of	the	electric	field	on	the	current	along	the	same	direction	(one	of	the	directions).	The	cross-
sensitivities,	ρ4,	ρ5,	and	ρ6,	relate	the	electric	field	to	the	current	along	a	perpendicular	direction.	The	six	resistivity	components	in	Equation	4.89	depend	on	the	normal	(σ)	and	shear	(τ)	stresses	in	the	material	as	defined	earlier	in	this	chapter.	This	can	be	represented	as:	¥	1´	R		Rno	stress	$RS	,	T	or	S	c	¦		µ		Sno	stress	$S	c	S	,	T	§	R¶	(4.90)									
(4.89)			Curren	FIGURE	4.71	Piezoresistance	in	silicon.		282	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	where	we	use	σc	for	conductivity	to	distinguish	it	from	σ	for	the	normal	stress.	For	cubic	crystals	this	can	be	written	out	as	(see	also	Figure	4.71):	¨	$S	c	,1	·	¨	P	¸	©	11	©	©	$S	c	,2	¸	©	P12	©	$S	¸	©	©	c
,3	¸		©	P12	©	$S	c	,4	¸	©	0	©	¸	©	©	$S	c	,5	¸	©	0	©	$S	¸	©ª	0	ª	c	,6	¹	P12	P11	P12	P12	P12	P11	0	0	0	0	0	0	0	0	0	P	44	0	0	0	0	0	0	P	44	0	F	V	0	·	¨	S1	·	¸	©	¸	0	¸	©S	2	¸	0	¸	©S3	¸	¸.©	¸	0	¸	©	T1	¸	0	¸	©	T2	¸	¸	©	¸	P	44	¸¹	©ª	T	3	¸¹	(4.91)	Substituting	the	results	of	Equation	4.91	in	Equation	4.89	one	obtains	the	following	three	expressions	for	a	large
piece	of	bulk	silicon:	E1		RJ1	RP11S1J1	RP12	(S	2	S	3	)J1	RP	44	(J	2	T	3	J3	T	2	)	E	2		RJ	2	RP11S	2	J	2	RP12	(S1	S	3	)J	2	RP	44	(J1T	3	J	3	T1	)	E	3		RJ	3	RP11S	3	J	3	RP12	(S1	S	2	)J	3	RP	44	(J1T	2	J	2	T1	)	(4.92)	For	devices	with	finite	dimensions,	the	influence	of	dimensional	changes	needs	to	be	added	through	the	Poisson	ratio.	Smith31	was	the	first	to
measure	the	resistivity	coefficients	for	Si	at	room	temperature.	The	coefficients	are	dependent	on	crystal	orientation,	temperature,	and	dopant	concentration.	Table	4.14	lists	Smith’s	results	for	the	three	remaining	independent	resistivity	coefficients,	that	is,	π11,	π12,	and	π44	of	[100]-oriented	Si	at	room	temperature.31	The	piezoresistance
coefficients	are	largest	for	π11	in	n-type	silicon	and	π44	in	p-type	silicon,	about	–102.2	10	–11	and	138	10	–11	Pa–1,	respectively.	The	piezoresistivity	coefficients	are	related	to	the	gauge	factor	(Gf	)	by	the	Young’s	modulus.	The	gauge	factor,	Gf,	is	the	relative	resistance	change	divided	by	the	applied	strain,	or:	V	I	I	F	F	F	(a)	(b)	FIGURE	4.72
Longitudinal	(a)	and	transverse	(b)	piezoresistors.	Gf		1	$R	E	R	(4.93)	The	gauge	factor	of	a	metal	strain	gauge	is	typically	around	2;	for	single-crystal	Si	(SCS)	it	is	90;	and	for	polycrystalline	and	amorphous	Si,	it	is	between	20	and	40.	The	contribution	to	resistance	changes	from	stresses	that	are	longitudinal	(σ1)	and	transverse	(σt)	with	respect	to	the
current	flow	is	given	by	(Figure	4.72):	$R		S	l	Pl	S	t	P	t	R	(4.94)	where	σ1	=	longitudinal	stress	component,	i.e.,	stress	component	parallel	to	the	direction	of	the	current	σt	=	transversal	stress	component,	i.e.,	stress	component	perpendicular	to	the	direction	of	the	current	π1	=	longitudinal	piezoresistance	coefficient	πt	=	transversal	piezoresistance
coefficient	The	piezoresistance	coefficients	πl	and	πt	for	(100)	silicon	as	a	function	of	crystal	orientation	are	reproduced	from	Kanda	in	Figure	4.73a	for	TABLE	4.14	Resistivity	and	Piezoresistivity	Coefficients	at	Room	Temperature,	Si	Wafers	and	Doping	Levels	below	1018	cm−3	in	10−11	Pa−1	p-Si	n-Si	ρ	(Ωcm)	Direction	7.8	11.7	π11	π12	π44	+6.6
−1.1	+138.1	−102.2	+53.4	−13.6	πt	πl	0	−66.3	+	53.4	−17.6	0	71.8	−102.2	−31.2	Source:	Smith,	C.S.	1954.	Piezoresistance	effect	in	germanium	and	silicon.	Phys	Rev	94:42;	and	Khazan,	A.D.	1994.	Transducers	and	their	elements.	Englewood	Cliffs,	NJ:	PTR	Prentice	Hall.	283	60	70	80	50	20	30	40	50	60	70	80	90	100	110	0	1	0	13	0	12	110	70	80	60
10	(010)	100	50	0	2010	90	1101009080706050403	0	13	50	0	13	0	12	110	100	10	20	30	40	50	60	70	80	90	100	11090	100	110	12	60	0	70	80	110	0	12	0	10	20	30	40	50	60	70	80	90	100	11090	9011010080	90	7060504030	20-10	0	80	40	14	70	30	150	60	160	0	50	170	20	t	20	t	0	10	30	(110)	14	(010)	1101009080	70	60	50	40	30	20	40	150	(010)	0	20	30
40	50	60	70	80	90	100	110	0	170	40	10	170	160	30	20	(110)	160	150	20	30	(110)	150	0	14	10	0	(01	0)	11010090	80	70	60	50	40	30	20	1	14	(110)	40	160	13	(100)	(100)	170	100	Silicon	Single	Crystal	Is	Still	King	(b)	(a)	FIGURE	4.73	Piezoresistance	coefficients	π1	and	π	t	for	(100)	silicon	in	the	(001)	plane	in	10	–12	cm2	dyne	–1	or	10	–11	Pa	–1.	(a)	For
p-type.	(b)	For	n-type.	(From	Kanda,	Y.	1982.	IEEE	Trans	Electr	Dev	29:64.	With	permission.)	p-type	and	Figure	4.73b	for	n-type.	32	For	lightly	doped	silicon	(n-	or	p-type	<	1018	cm−3),	the	temperature	coefficient	of	resistance	for	π1	and	πt	is	approximately	0.25%/°C.	It	decreases	with	dopant	concentration	to	about	0.1%/°C	at	8	×	1019	cm−3.	By
maximizing	the	expression	for	the	stress-induced	resistance	change	in	Equation	4.94,	the	achievable	sensitivity	in	a	piezoresistive	silicon	sensor	is	optimized.	From	Figure	4.73,	the	maximum	longitudinal	piezoresistive	coefficient	for	p-type	Si	is	πl,[111]	=	93.5	×	10	−11	Pa−1	and	for	n-type	Si	it	is	πl,[100]	=	−102.2	10	−11	Pa−1	(this	latter	value	is
also	found	in	Table	4.14).	The	orientation	of	a	sensing	membrane	or	beam	(Figure	4.74)	is	determined	by	its	anisotropic	fabrication.	In	p-type	Si	the	piezoresistive	coefficients	are	opposite	in	sign	and	comparable	in	magnitude,	making	them	ideal	for	Wheatstone	bridge	detection	(see	Figure	4.75).	The	surface	of	the	silicon	wafer	is	usually	a	(100)
plane;	the	edges	of	the	etched	structures	are	intersections	of	(100)	and	(111)	planes	and	are	thus	directions.	For	pressure	sensing,	p-type	piezoresistors	are	most	commonly	used.	This	is	because	the	orientation	of	maximum	piezoresistivity	()	Maximum	surface	stress	Proof	mass	Substrate	Flexure	Side	view	Longitudinal	Top	view	1	–31.2	·	10–11	Pa–1	1
–17.6	·	10–11	Pa–1	1	71.8	·	10–11	Pa–1	1	–66.3	·	10–11	Pa–1	Transverse	Top	view	FIGURE	4.74	Bulk	micromachined	cantilever	with	longitudinal	and	transverse	piezoresistors.	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Vb	R1	284	For	n-type	resistors,	π44	can	be	neglected,	and	we	obtain:	A	$R	P11	P12			S1	S
t	2	R	R2	B	A	(100)	R3	R4	B	p-type	resistors	(b)	(a)	FIGURE	4.75	Measuring	membrane	resistance	with	piezoresistors.	(a)	Wheatstone	bridge	configuration	of	four	in-diffused	piezoresistors.	The	arrows	indicate	resistance	changes	when	the	membrane	is	bent	downward	(into	the	page).	(b)	Maximizing	the	piezoresistive	effect	with	p-type	resistors.	The	A
resistors	are	stressed	longitudinally	and	the	B	resistors	are	stressed	transversally.	(Based	on	Peeters,	E.	1994.	Process	development	for	3D	silicon	microstructures,	with	application	to	mechanical	sensor	design.	PhD	diss.,	Katholieke	Universiteit	Leuven,	Leuven,	Belgium.	With	permission;2	and	Maluf,	N.	2000.	An	introduction	to
microelectromechanical	systems	engineering.	Boston:	Artech	House.	34)	happens	to	coincide	with	the	edge	orientation	of	a	conventionally	etched	diaphragm	and	because	the	longitudinal	coefficient	is	roughly	equal	in	magnitude	but	opposite	in	sign	as	compared	with	the	transverse	coefficient	(see	Figures	4.73a	and	4.75b	and	Table	4.14).2
Piezoresistors	oriented	at	45°	with	respect	to	the	primary	flat,	that	is,	in	the	direction,	are	insensitive	to	applied	stress,	which	provides	an	inexpensive	way	to	incorporate	stress-independent	diffused	temperature	sensors.	Longitudinal	and	transverse	piezoresistance	coefficients	are	related	to	principal	piezoresistance	coefficients	through	coordinate
transformation.	With	the	values	in	Table	4.14,	π1	and	πt	can	be	calculated	numerically	for	other	primary	orientations.	The	longitudinal	piezoresistive	coefficient	in	the	direction	is	π1	=	1/2(π11	+	π12	+	π44).	The	corresponding	transverse	coefficient	is	πt	=	1/2(π11	+	π12	–	π44).	From	Table	4.14,	we	know	that	for	p-type	resistors	π44	is	more	important
than	the	other	two	coefficients,	and	Equation	4.94	is	approximated	by:	$R	P	44		Sl	S	t	2	R	(4.95)	(4.96)	Equations	4.95	and	4.96	are	valid	only	for	uniform	stress	fields	or	if	the	resistor	dimensions	are	small	compared	with	the	membrane	or	beam	size.	When	stresses	vary	over	the	resistors,	they	have	to	be	integrated,	which	is	conveniently	done	by
computer	simulation	programs.	More	details	on	the	underlying	physics	of	piezoresistivity	and	its	dependence	on	crystal	orientation	can	be	found	in	Kanda	32	and	Middlehoek	and	Audet.33	To	convert	the	piezoresistive	effect	into	a	measurable	electrical	signal,	a	Wheatstone	bridge	is	often	used.	A	balanced	Wheatstone	bridge	configuration	is



constructed	as	in	Figure	4.75a	by	locating	four	p-piezoresistors	midway	along	the	edges	of	a	square	diaphragm	as	in	Figure	4.75b	(location	of	maximum	stress).	Two	resistors	are	oriented	so	that	they	sense	stress	in	the	direction	of	their	current	axes,	and	two	are	placed	to	sense	stress	perpendicular	to	their	current	flow.	Two	longitudinally	stressed
resistors	(A)	are	balanced	against	two	transversally	stressed	resistors	(B);	two	of	them	increase	in	value,	and	the	other	two	decrease	in	value	on	application	of	a	stress.	In	this	case,	from	Equation	4.95:	$R	z	70	–	10	11(S1	S	t	)	R	(4.97)	with	σ	in	Pa.	For	a	realistic	stress	pattern	where	σ1	=	10	MPa	and	σt	=	50	MPa,	Equation	4.97	gives	us	ΔR/R	≈
2.8%.2	Thus,	resistance	change	can	be	calculated	as	a	function	of	the	membrane	or	cantilever	beam	stress.	By	varying	the	diameter	and	thickness	of	the	silicon	diaphragms,	piezoresistive	sensors	in	the	range	of	0–200	MPa	have	been	made.	The	bridge	voltages	are	usually	between	5	and	10	V,	and	the	sensitivity	may	vary	from	10	mV/kPa	for	low-
pressure	to	0.001	mV/kPa	for	high-pressure	sensors.	A	schematic	illustration	of	a	pressure	sensor	with	diffused	piezoresistive	sense	elements	is	shown	in	Figure	4.76.	In	this	case,	p-type	piezoresistors	are	diffused	into	a	thin	epitaxial	n-type	Si	layer	on	a	p-type	Si	substrate.34	Silicon	Single	Crystal	Is	Still	King	Bondpad	{100}	Si	diaphragm	p-type
diffused	piezoresistor	Metal	conductors	n-type	epitaxial	layer	R11	R2	285	R3	p-type	substrate	and	frame	{111}	Anodically	bonded	Pyrex	substrate	Etched	cavity	Backside	port	FIGURE	4.76	Schematic	illustration	of	a	pressure	sensor	with	p-type	diffused	resistor	in	an	n-type	epitaxial	layer.	(Based	on	Maluf,	N.	2000.	An	introduction	to
microelectromechanical	systems	engineering.	Boston:	Artech	House.34)	$R	z	53.10	11	s	S	t	102.10	11	s	S	1	R	(4.98)	with	σ	in	Pa.	Based	on	Equation	4.98,	with	σt	=	10	MPa	and	σ1	=	50	MPa,	ΔR/R	≈	–4.6%.	In	the	proposed	stress	pattern	it	is	important	to	minimize	the	transverse	stress	by	making	the	device	truly	uniaxial	as	the	longitudinal	and
transverse	stress	components	have	opposite	effects	and	can	even	cancel	out	one	another.	In	practice,	a	pressure	sensor	with	an	estimated	65%	gain	in	pressure	sensitivity	over	the	more	traditional	configurations	could	be	made	in	the	case	of	80%	uniaxiality.2	Silicon	as	a	Mechanical	MEMS	Material:	Summary	>	Here	we	want	to	refine	decision
criteria	about	the	choice	of	an	“active	substrate”	for	mechanical	micromachining	applications	in	which	the	substrate	is	involved	in	determining	the	mechanical	performance	of	the	device	crafted	from/on	it.	Mechanical	stability	is	crucial	for	mechanical	sensing	applications.	Any	sensing	device	must	be	free	of	drift	to	avoid	recalibration	at	regular
intervals.	Part	of	the	00	w2/λ,	with	w	the	diameter	of	the	aperture	and	λ	the	wavelength	of	the	light.	an	interference	pattern—a	Fraunhofer	diffraction	pattern—is	created	(see	also	Figure	5.5).	This	diffraction	pattern	corresponds	to	a	forward	Fourier	transformation.	A	lens,	say,	a	microscope	objective,	is	essential	for	image	formation	and	acts	to	focus
light	from	infinity	to	the	“focal	point”	at	a	distance	from	the	lens	known	as	the	focal	length,	f.	Located	at	the	focal	point	is	the	back	focal	plane	of	the	lens	where	the	diffraction	pattern	can	be	made	visible	on	a	screen,	as	shown	in	Figure	5.8.	In	Figure	5.8	we	show	how	a	grating-like	object	is	imaged	and	that	a	diffraction	pattern	can	be	seen	in	the	back
focal	plane.	The	second	stage	of	image	formation	takes	place	when	the	scattered	radiation	passes	beyond	the	back	focal	plane	of	the	lens	and	recombines	to	form	an	What’s	an	Image?	A	major	breakthrough	in	the	understanding	of	image	formation	came	in	1872,	when	Ernst	Abbe	(Figure	5.6)	applied	Fourier	transforms	to	explain	the	phenomenon
(Bragg,	in	1939,	applied	Fourier	analysis	to	x-ray	crystallography;	see	Chapter	2).	Image	formation,	according	to	Abbe’s	theory,	is	a	two-stage,	double-diffraction	process:	an	image	is	the	diffraction	pattern	of	the	diffraction	pattern	of	an	object.	Consider	an	“ideal”	lens	system,	in	which	an	image	depicts	every	detail	of	an	object	as	shown	in	Figure	5.7.
In	the	first	stage	of	the	image	formation,	light	rays	incident	on	the	object	are	scattered,	and	FIGURE	5.6	Ernst	Abbe	(1840–1905).	The	formula	from	Ernst	Abbe	expressing	the	maximum	possible	resolution	from	a	light	microscope	on	a	monument	erected	by	the	University	of	Jena	in	Abbe’s	memory.	304	Solid-State	Physics,	Fluidics,	and	Analytical
Techniques	in	Micro-	and	Nanotechnology	Eye	Eyepiece	Image	plane	Back	focal	plane	Objective	Object	plane	FIGURE	5.7	A	lens	is	essential	in	image	formation.	image.	This	is	the	back	or	inverse	Fourier	transform	illustrated	in	Figure	5.9.	The	image	formed	by	the	lens	does	not	exactly	represent	the	real	object	because	not	all	scattered	radiation
enters	the	lens	and	therefore	cannot	all	be	focused	on	the	image	plane.	The	more	of	the	higher	orders	of	the	fringes	in	Figure	5.8	can	be	picked	up,	the	higher	the	fidelity	of	the	image.	Thus,	the	basic	description	of	image	formation	according	to	Fourier	optics	is	that	a	Fourier	transform	of	the	object	in	the	back	focal	plane	of	the	lens	is	generated,	and
that	propagation	to	the	image	plane	produces	another	Fourier	transformation—an	inverse	Fourier	transform—i.e.,	the	image.	Here	it	may	also	be	understood	why	Fourier	image	analysis	is	such	a	powerful	method	for	analyzing	a	wide	variety	of	periodic	phenomena.	The	Fourier	transform	process	separates	the	image	processing	into	two	stages:	the
information	contained	in	the	diffraction	pattern	in	the	first	Grating-like	object	stage	reveals	structural	information	in	a	straightforward	manner	and	conveniently	separates	most	of	the	signal	and	noise	components	and	thus	the	transform	may	be	manipulated	and	subsequently	back-transformed	in	the	second	stage	to	produce	a	noise-filtered,	better
reconstructed	image.	Remember	from	our	discussion	on	x-ray	diffraction	of	crystals	in	Chapter	2	that	because	there	is	no	lens	in	this	case,	no	image	of	the	crystal	lattice	is	generated;	instead,	Fresnel	diffraction	patterns	form	at	finite	distances	and	Fraunhofer	diffraction	patterns	at	infinity.	Thus,	x-ray	diffraction	methods	provide	a	direct	way	to
display	the	decomposition	of	x-rays	in	component	waves	(frequencies)	in	a	forward	Fourier	transform.	To	get	an	image	of	the	crystal	one	would	need	an	x-ray	focusing	lens,	which	does	not	exist,	or,	as	we	do	in	practice,	Fourier	transform	the	diffraction	pattern	to	get	the	real	image	of	the	crystal.	Image	Resolution	and	Diffraction	Limit	Abbe’s	Limit
Besides	recognizing	how	an	image	is	formed,	Ernst	Abbe	was	also	the	first	to	characterize	the	resolution	of	an	optical	system.	When	an	object	illuminated	in	a	microscope	with	coherent	(in-phase)	light	is	an	optical	grating,	the	diffraction	orders	(N)	of	the	grating	are	observed	in	the	back	focal	plane	of	the	objective,	and	these	grating	orders	are	then
combined	to	form	an	image	in	the	image	plane	(see	Figures	5.7	and	5.8).	The	resolution	of	the	resulting	image	depends	on	the	number	of	grating	orders	that	are	transmitted	through	the	optical	system.	Based	Microscope	objective	Order	2	Order	1	Order	0	Different	orders	interfere	at	image	plane	Order	-1	Order	-2	λ	Object	plane	Back	focal	plane
Image	plane	FIGURE	5.8	A	grating-like	object	is	imaged,	and	in	the	back	focal	plane	an	interference	pattern—a	Fraunhofer	diffraction	pattern—is	formed	that	corresponds	to	the	forward	Fourier	transform	of	the	object.	305	Photonics	!			$#	$#		% #	FIGURE	5.9	An	inverse	Fourier	transform	gives	back	the	original	image	of	Mickey	Mouse	on	the	left.	on
imaging	of	gratings,	Abbe,	together	with	Carl	Zeiss,	published	a	paper	in	1877	defining	the	physical	laws	that	determined	the	resolving	distance	of	an	optical	system.	When	imaging	a	grating	with	coherent	light,	the	direction	of	diffracted	rays	is	given	by	the	grating	formula:	d	NL	NL		2n	sin	Q	2NA	(5.1)	where	d	=	grating	spacing	n	=	refractive	index
in	image	space	λ	=	wavelength	of	the	light	N	=	diffraction	order	θ	=	angle	of	the	ray	of	order	N	emerging	from	the	grating	NA	=	numeric	aperture	The	grating	spatial	frequency	(ν	=	1/2d)	corresponding	to	the	first-order	(N	=	1)	diffracted	peak	is	then	given	as:	N	1	nsin	Q		2d	L	(5.2)	For	imaging	with	a	lens,	the	lens	needs	to	be	able	to	capture	the
light,	so	it	is	required	that	θ	=	θmax,	where	θmax	is	defined	by	the	numerical	aperture	NA	of	the	lens.	The	latter	is	given	by:	NA	=	nsin	θmax		&	"			!					FIGURE	5.10	Relationship	between	the	object,	image,	focal	length,	and	diameter	of	a	lens	to	define	the	numerical	aperture.	An	important	application	is	projection	lithography,	where	the	image	on	the
mask	is	imaged	onto	a	photoresist	(see	Volume	II,	Chapter	1).	light;	an	NA	of	1	means	that	the	lens	gathers	all	the	light	that	falls	onto	it.	Hence	the	numerical	aperture	characterizes	the	ability	of	a	lens	to	transmit	light.	It	is	proportional	to	the	size	of	the	lens,	lens	diameter	D,	and	inversely	proportional	to	effective	F	number	(F#),	defined	as	f/D,	or	the
focal	length	f	divided	by	the	lens	diameter	D:	NA		nsin	Qmax		D	1		2f	2F	(5.4)	The	assumptions	here	are	a	large	F#,	which	implies	that	θ	is	small	so	that	NA	=	sin	θ	∼	tan	θ	∼	θ,	a	situation	called	the	paraxial	approximation.*	At	angles	larger	than	θmax,	the	imaging	lens	no	longer	captures	light.	Therefore,	the	highest	grating	spatial	frequency	that	can
be	imaged	by	a	coherent	illumination	system	is	given	by:	Nmax		(5.3)	This	is	illustrated	in	Figure	5.10,	where	the	aim	is	to	image	a	fine	mask	pattern	onto	a	thin	layer	of	photosensitive	photoresist.	The	NA	of	the	lens	in	a	medium	of	refractive	index	n	(1.0	in	air)	defines	the	angle	of	acceptance,	2θmax,	of	the	cone	of	diffracted	light	from	an	object	that
the	lens	can	accept.	It	lies	between	0	and	1.	An	NA	of	0	means	that	the	lens	gathers	no				n	sin	Qmax	NA	1			2dmin	L	L	(5.5)	Consequently,	resolution	R	(defined	here	as	dmin,	i.e.,	slit	or	a	line)	in	this	case	is	given	by:	R		dmin		*	L	2NA	(5.6)	To	understand	all	the	simplifications	involved	in	this	result	consult	Meinhart	and	Wereley	(2003).53	306	Solid-
State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	A	coherent	wavetrain	of	many	photons	An	incohernt	wavetrain	of	many	photons	FIGURE	5.11	Spatial	coherence	of	light.	In	the	case	of	incoherent	illumination	(see	spatial	coherence	in	Figure	5.11)	of	the	same	grating,	each	ray	is	diffracted	by	the	grating	and	forms	its
own	image	in	the	wafer	plane.	The	direction	of	the	first	diffraction	peak	(N	=	1)	for	incoherent	rays,	incident	at	an	angle	i,	is	given	by	a	more	general	grating	equation:	d	L	L		2n	(sin	Q	sin	i)	2NA	the	phenomenon.	In	1872,	Rayleigh	proposed	his	resolution	criterion	based	on	this	Airy	pattern.	This	criterion	defines	two	identical	incoherent	light	sources,
separated	by	a	distance	d,	as	resolved	when	the	maximum	of	the	Airy	disc	from	one	point	source	falls	on	the	first	zero	of	the	intensity	distribution	of	the	Airy	disc	from	a	second	point	source.	The	diffraction	for	a	circular	aperture*	is	given	as:	(5.7)	¥	PD	sin	Q	´µ	µµ	2J1	¦¦	¦§	µ¶	L	E	and	I		E	2		¥	PD	sin	Q	´µ	¦¦	µµ	¦§	µ¶	L	representing	the	path	difference
for	light	passing	through	adjacent	slits.	For	light	incident	normal	to	the	grating	(sin	i	=	0),	Equation	5.7	reduces	to	Equation	5.1.	For	image	formation	it	is	now	required	that	both	i	and	θ	=	θmax.	Therefore:	Nmax		1	2n	sin	Qmax	2NA			2dmin	L	L	(5.8)	or:	R		dmin		L	4NA	(5.9)	so	that	the	resolution	for	incoherent	light	is	twice	better	(smaller	features
can	be	resolved)	than	the	resolution	of	coherent	light.	Rayleigh’s	Limit	The	above	imaging	resolutions	for	coherent	and	incoherent	light	are	theoretical	limits.	Let	us	calculate	the	practical	limit	to	the	resolution	of	a	lens.	Light	passing	through	a	circular	aperture	interferes	with	itself,	creating	ring-shaped	diffraction	patterns	known	as	an	Airy	pattern,
which	blurs	the	image	(see	Figures	5.13	and	5.14).	It	is	named	for	George	Biddell	Airy,	a	British	astronomer,	who	first	explained	2	¨	¥	PD	sin	Q	´	·	µµ	¸	©	2J1	¦¦	µµ	¸	©	¦§	L	¶¸	©	©	¥	PD	sin	Q	´	¸	µµ	¸	©	¦¦	©	¦§	µµ¶	¸¸	L	©ª	¹	(5.10)	where	E	=	electrical	field	I	=	intensity	J1	=	a	Bessel	function	of	the	first	kind	of	order	1	in	x	with	x	=	πDsin	θ/λ	(see	Figure
5.12)	D	=	diameter	of	the	aperture	λ	=	wavelength	of	light	The	expression	of	I(r)	is	called	the	point	spread	function	(PSF),	and	the	radius	of	the	Airy	disc	is	derived	from	it.	The	PSF	extends	to	infinity,	but	the	“width”	of	the	central	intensity	peak	can	be	described	from	its	first	minimum	where	J1	is	zero,	i.e.,	at	x	=	3.8	(see	Figure	5.12).	The	radius	of
the	PSF(r),	at	a	distance	s	of	the	aperture,	is	defined	by	the	radius	of	the	first	dark	ring	in	the	image	plane,	corresponds	to	the	radius	of	the	Airy	disc,	and	is	calculated	as:	*	Exercise:	In	Chapter	2	we	calculated	the	diffraction	of	x-rays	from	a	crystal	(see	Equation	2.39).	Demonstrate	that	Equations	2.39	and	5.10	are	identical	expressions.	Photonics
307	Jn(x)	x	1	3	0.8	0.6	J0(x)	J1(x)	J2(x)	J3(x)	0.4	J4(x)	J5(x)	0.2	2	2	4	6	8	10	x	–0.2	–0.4	1	(a)	(b)	FIGURE	5.12	(a)	1)	pinhole,	2)	lens	system,	and	3)	point	spread	function	(PSF).	(b)	Bessel	functions.	J1		0	when	x		PDsin	Q		3.8	or,	for	small	Q,	L	1.22L	D	and	since	Q	Q	r	s	(5.11)	1.22Ls	D	Fraunhofer	diffraction	patterns	are	obtained	by	moving	the	screen	far
enough	away	from	the	aperture.	To	obtain	the	Fraunhofer	diffraction	pattern	at	the	focal	point	of	a	lens,	we	set	the	lens	against	the	aperture	and	use	the	focal	length	(f)	of	the	lens	as	the	aperture	to	screen	distance	(i.e.,	replace	s	with	f	in	Equation	5.11),	or:	r		r		1.22Lf	D	(5.12)	This	is	illustrated	in	Figure	5.13.	Or,	based	on	Equation	5.4,	for	an	ideal
lens	system	of	focal	length	f,	the	Rayleigh	criterion	yields	a	minimum	spatial	resolution	as:	d	1.22L	2NA	(5.13)	In	this	expression	d	is	the	radius	of	the	smallest	object	that	the	lens	can	resolve	and	also	the	radius	of	the	smallest	spot	on	which	a	collimated	beam	of	light	can	be	focused.	The	Rayleigh	criterion	is	illustrated	in	Figure	5.14.	In	Figure	5.15	we
show	a	schematic	of	a	single	lens	with	diameter	D	imaging	a	small	circular	aperture.	By	definition,	the	magnification	M	of	a	lens	is	given	by:	M	Si	S0	(5.14)	where	S0	is	the	object	distance	and	Si	is	the	image	distance.	Combining	this	expression	for	magnification	with	the	Gaussian	lens	formula	we	obtain:	1	1	1		f	Si	S0	(5.15)	S	i		(M	1)f	(5.16)	which
leads	to:	1.22	f/D	FIGURE	5.13	Image	by	a	point	source	forms	a	circle	with	diameter	of	2.44	λf/D	(=2	×	r)	surrounded	by	diffraction	rings	(Airy	pattern).	308	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	FIGURE	5.14	Rayleigh	criterion:	two	light	spots	are	considered	resolved	if	the	intensity	minimum	of	one	¥
1.22L	´	coincides	with	the	maximum	of	the	other	¦	d	=	.	2NA	µ¶	§	where	f	is	the	focal	length	of	the	lens.	If	the	object	distance	(S0)	and	the	image	distance	(Si)	are	set	equal	to	the	focal	lengths,	the	magnification	can	be	written	in	terms	of	the	focal	lengths,	or:	M	Si	f		i	S0	f0	(5.17)	In	the	case	Si	=	S0	and	f	i	=	f0,	the	magnification	M	obviously	equals	1.
The	F	number	(F#)	of	such	a	setup	is	then	by	definition	given	as	F#	=	f0/D	=	f	i/D	(see	Equation	5.4);	its	numerical	aperture	is	NA0	=	NA	i	=	NA,	and	these	factors	are	linked	with	the	magnification	M	via:	F		f0	f	1	1	(1	M)f		i				D	D	2NA	0	2NA	i	D	(5.18)	D	is	the	diameter	of	the	lens	or	the	diameter	of	the	light	beam,	whichever	is	the	smaller	of	the	two.
The	larger	the	NA	of	the	projection	lens	in	the	lithography	system	of	Figure	5.10,	the	greater	the	amount	of	light	(containing	diffraction	information										FIGURE	5.15	Schematic	of	a	single	thin	lens	with	aperture	diameter,	D.	The	object	distance	is	S	0,	and	the	image	distance	is	Si.	The	point	spread	function	through	a	circular	aperture	is	the	well-
known	Airy	function	of	width	or	diameter,	d	=	2.44Siλ/D	(see	Equation	5.13	with	D	=	2r).	of	the	mask)	collected	and	subsequently	imaged.	Because	the	image	is	constructed	from	diffracted	light,	and	the	collection	of	higher	orders	of	diffracted	light	enhances	the	resolution	of	the	image,	a	larger	NA,	allowing	a	larger	acceptance	angle,	results	in	a
better	lithography	resolution.	Therefore,	for	a	set	wavelength,	the	resolution	in	a	lithography	system	has	traditionally	been	improved	by	increasing	the	NA	of	the	optical	system.	This	is	usually	achieved	by	increasing	the	lens	diameter	D.	Lately,	work	is	also	directed	at	increasing	NA	by	increasing	the	refractive	index	n	of	the	medium	surrounding	the
imaging	lens	(Equation	5.3).	The	latter	approach	is	exploited	in	immersion	lithography,	an	advanced	lithography	approach	with	the	potential	to	keep	the	semiconductor	industry	on	track	with	Moore’s	law.	The	physical	limit	to	NA	for	lithography	exposure	systems	using	air	as	a	medium	between	the	lens	and	the	wafer	is	1	because	the	sine	of	any	angle
is	always	≤1	and	n	=	1	for	air.	What	happens,	though,	if	a	medium	with	a	higher	index	of	refraction	is	substituted	for	air,	as	is	often	done	in	microscopy,	where	oil	is	placed	between	the	lens	and	the	sample	being	viewed	for	resolution?	Abbe	and	Zeiss	developed	these	oil	immersion	systems	using	oils	that	matched	the	refractive	index	of	glass.	Thus,
they	were	able	to	reach	a	maximum	NA	of	1.4,	allowing	light	microscopes	to	resolve	two	points	distanced	only	0.2	μm	apart.	In	Volume	II,	Chapter	1,	we	will	further	detail	immersion	lithography.	Refraction	Snellius	Law	Geometric	optics,	also	ray	optics,	has	light	propagate	as	“rays.”	These	rays	are	bent	at	the	interface	between	two	dissimilar	media.
The	“ray”	is	an	abstract	object,	perpendicular	to	the	wavefronts	of	the	electromagnetic	(EM)	waves.	Geometric	optics	provides	rules	for	propagating	these	rays	through	an	optical	system,	revealing	how	actual	wavefronts	propagate.	Ray	optics	is	a	significant	simplification	of	optics	and	fails	to	account	for	many	important	optical	effects,	such	as
diffraction	and	polarization.	The	latter	phenomenon	will	only	be	understood	properly	after	we	introduce	Maxwell’s	equations.	Photonics	Light	refracts,	which	means	that	it	bends	when	passing	from	one	medium	to	another.	Thus,	refraction	is	the	change	in	direction	of	a	ray	of	light	passing	from	one	transparent	medium	to	another	one	with	a	different
optical	density.	When	light	enters	a	denser	medium	(say,	water)	coming	from	one	that	is	less	dense	(say,	air),	it	bends	toward	a	line	normal	to	the	boundary	between	the	two	media	as	illustrated	in	Figure	5.16.	The	deviation	is	greater	for	shorter	wavelengths.	The	ratio	of	the	speed	of	the	light	going	from	one	material	into	another	material	is
proportional	to	the	ratio	of	the	sine	of	the	angle	of	incidence	and	the	sine	of	the	angle	of	refraction	as	illustrated	in	Figure	5.16.	This	is	the	so-called	Snellius	law	[1621;	also	Willebrord	Snell	(1580−1626)]:	sin(i)	n		1	sin(r	)	n	2	(5.19)	with	i	being	the	angle	of	incidence	and	r	the	angle	of	refraction,	n1	is	the	index	of	refraction	of	material	1,	and	n2	is	the
index	of	refraction	of	material	2.	Two	familiar	examples	to	demonstrate	refraction	are	a	pencil	in	a	glass	of	water	(Figure	5.17)	and	a	rainbow	(Figure	5.18).	In	Figure	5.17	we	show	a	pencil	in	a	glass:	first	in	an	empty	glass,	then	in	one	with	water	(positive	refractive	index),	and	then	in	a	glass	filled	with	a	negative	refractive	index	material.	S	i	Air	R
309	At	the	boundary	between	air	and	water,	the	light	wave	changes	direction;	its	wavelength	increases	or	decreases,	but	its	frequency	remains	constant.	We	will	see	in	the	next	section	that	the	refractive	index	of	a	medium	is	related	to	the	speed	of	light	and	that	in	a	denser	medium	a	“slow-down”	of	the	light	occurs	relative	to	the	speed	of	light	in	free
space.	When	light	slows	down	it	appears	bent.	The	case	of	negative	refractive	index	water	(Figure	5.17c)	will	be	discussed	further	below	under	“The	μ-ε	Quadrant	and	Metamaterials.”	A	bright	vividly	colored	rainbow	as	shown	in	Figure	5.18	is	caused	by	dispersion	of	sunlight	refracted	by	raindrops	between	0.1	and	2	mm	in	diameter	where	geometric
optics	applies.	Complex	Mie	scattering	effects	are	important	for	smaller	drops,	which	do	produce	white	fog	(see	further	below).	The	light	is	first	refracted	as	it	enters	the	surface	of	the	raindrop,	reflected	off	the	back	of	the	drop,	and	again	refracted	as	it	leaves	the	drop.	This	angle	is	independent	of	the	size	of	the	drop	but	depends	a	lot	on	its	shape
and	refractive	index.	Definition	of	Refractive	Index	Maxwell	demonstrated	that	for	electromagnetic	(EM)	waves	the	wave	velocity	v	in	a	homogeneous,	isotropic	dielectric	medium	is	determined	by	the	magnetic	permeability	μ,	and	the	dielectric	constant	(or	permittivity),	ε	(for	the	detailed	derivation	see	further	below):	1	(5.20)	v		EM	H	Water	r	A	C
FIGURE	5.16	Snellius	law	illustrated:	the	ratio	of	the	horizontal	length,	RH,	to	the	diagonal,	RA,	is	just	the	sine	of	the	angle	RAH,	which	is	equal	to	the	angle	of	incidence	i	measured	from	the	line	drawn	perpendicular	to	the	refracting	surface	at	R.	Likewise,	the	ratio	RH/RC	is	just	the	sine	of	the	angle	of	refraction	RCH,	or	r.	Thus,	Snell’s	ratio	RC/RA
is	the	same	as	(sin	i)/(sin	r).	FIGURE	5.17	Refraction	illustrated.	(a)	Empty	glass:	no	refraction;	(b)	typical	refraction	with	pencil	in	water	with	n	=	1.3;	(c)	what	would	happen	if	the	refractive	index	were	negative	with	n	=	−1.3	(see	“The	μ-ε	Quadrant	and	Metamaterials”).	(From	Gennady	Shvets,	The	University	of	Texas	at	Austin.)	310	Solid-State
Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	FIGURE	5.18	A	rainbow	is	caused	by	dispersion	of	sunlight	refracted	by	raindrops.	For	a	wave	traveling	in	free	space	(where	we	use	the	permeability	and	dielectric	constant	for	vacuum	μ0	and	ε0	instead	of	μ	and	ε)	v	=	c	=	2.998	×	108	m/s.	The	“slow-down”	factor,	relative	to
free	space,	is	by	definition	the	refractive	index	n:	n	c	v	(5.21)	or	also:	n	=	εμ	2	(5.22)	For	example,	because	the	speed	of	light	in	air	is	v		1	E	air	M	air	(with	the	permeability	and	dielectric	constant	for	air	given	by	μair	and	εair,	respectively),	the	refractive	index	of	air	is	given	by:	n	E	air	M	air	c		v	E0M	0		1.003	(5.23)	For	most	materials	μ/μ0	=	1,	so	the
expression	for	n	E	air	c	is	often	written	out	as	n			).	In	Chapter	3,	v	E0	2	1	2	1	=	c	2	1	2	1	<	c	we	saw	how	the	dielectric	constant	ε	in	the	most	general	terms	is	a	dielectric	function	dependent	on	both	frequency	(ω)	and	wave	vector	k:	ε(ω,k).	There	is	also	a	dispersion	function	for	the	magnetic	permeability	[μ(ω,	k)];	thus,	from	Equation	5.23	we	can
expect	the	refractive	index	n	to	be	frequencydependent	as	well.	When	a	material	is	subject	to	an	applied	electric	field	E,	the	internal	charge	distribution	is	distorted,	which	generates	an	electric	dipole	moment	per	unit	volume	called	the	electric	polarization	P.	After	introducing	the	Maxwell	equations,	we	will	link	the	dielectric	function	to	this
polarization	P	and	to	the	dispersion	of	the	refractive	index	n	for	metals,	semiconductors,	and	dielectrics.	Dispersion	of	light	is	most	familiar	with	respect	to	dispersion	of	white	light	on	a	prism.	If	a	beam	of	white	light	enters	a	glass	prism,	what	emerges	from	the	other	side	is	a	spread-out	beam	of	manycolored	light.	The	various	colors	are	refracted
through	different	angles	by	the	glass	and	are	“dispersed,”	or	spread	out.	Reflectance	and	Total	Internal	Reflectance	To	illustrate	reflectance	and	total	internal	reflectance	(TIR)	we	show	a	sequence	of	four	images	from	ray	optics	in	Figure	5.19.	A	light	beam	goes	from	medium	1	(say,	water	with	refractive	index	n1)	into	a	medium	2	(say,	air	with
refractive	index	n2)	at	different	angles	θ1.	When	the	light	coming	from	the	water	strikes	the	surface,	part	will	be	reflected	and	part	will	be	refracted.	Measured	with	respect	to	the	normal	line	perpendicular	to	the	surface,	the	reflected	light	comes	off	at	an	angle	equal	to	that	at	which	it	entered,	whereas	that	for	the	refracted	light	is	larger	than	the
incident	angle.	In	fact,	the	greater	the	incident	angle,	the	more	the	refracted	light	bends	away	from	the	normal.	2	=	90°	2	1	1	=	c	1		1	1	1	(b)	(c)	2	1	1	1	1	>	c		1	1	(a)	(d)	FIGURE	5.19	Illustration	of	reflection	and	total	internal	reflectance	(TIR).	Material	1	(bottom)	has	the	higher	index	of	refraction	(n1	>	n2).	For	explanation	of	(a)−(d),	see	text.
Photonics	Thus,	increasing	the	angle	of	incidence	from	the	path	shown	in	Figure	5.19a	to	the	one	shown	in	Figure	5.19b	will	eventually	reach	a	point	where	the	refracted	angle	is	90°,	at	which	point	the	light	appears	to	emerge	along	the	surface	between	the	water	and	air	(Figure	5.19c).	If	the	angle	of	incidence	is	increased	further,	the	refracted	light
cannot	leave	the	water	(Figure	5.19d).	It	gets	completely	reflected.	The	interesting	thing	about	TIR	is	that	100%	of	the	light	gets	reflected	back	into	the	denser	medium,	as	long	as	the	angle	at	which	it	is	incident	to	the	surface	is	large	enough.	At	a	given	critical	angle	when	θ1	=	θc	TIR	occurs	(Figure	5.19c);	the	light	cannot	escape	medium	1	with
refractive	index	n1	anymore,	except	for	some	really	weak	evanescent	wave.	Any	light	incident	at	an	angle	θ1	>	θc	is	also	totally	reflected	(Figure	5.19d).	Thus,	TIR	is	an	effect	that	combines	both	refraction	and	reflection.	The	critical	angle,	also	called	the	Brewster	angle,	named	after	the	Scottish	physicist	Sir	David	Brewster	(1781−1868),	is	given	by:
sin	Qc		n2	n1	(5.24)	A	common	and	useful	application	of	TIR	is	in	fiberoptics	to	keep	light	beams	focused	inside	a	fiber	without	significant	loss	(see	Figure	5.20).	Further	below,	after	launching	the	Maxwell	equations,	we	calculate	the	reflectance	R	in	terms	of	the	refractive	index	n.	Light	Polarization	Polarized	light	is	light	that	has	its	electric	vector	(E)
oriented	in	a	predictable	fashion	with	respect	to	Light	rays	311	the	propagation	direction.	Ordinary	white	light	is	unpolarized	and	made	up	of	numerous	orthogonal	electrical	and	magnetic	field	pairs	(E,	B)	that	fluctuate	at	all	possible	angles	around	the	propagation	direction.	Even	in	short	time	intervals,	it	appears	to	be	oriented	in	all	directions	with
equal	probability.	Light	is	considered	to	be	“linearly	polarized”	when	it	contains	waves	that	only	fluctuate	in	one	specific	plane	(see	Figure	5.21).	Linear	polarization	“tries	to”	induce	a	linear	charge	motion,	but	the	Lorentz	force	prevents	this	from	being	purely	linear.	For	example,	charge	oscillation	along	the	x-axis	introduces	a	small	Ey	component
(field	rotation.	Specifying	the	orientation	of	one	of	the	field	vectors	(E	or	B)	determines	the	polarization	of	the	EM	wave.	The	plane	containing	the	E-field	vector	defines	the	polarization	of	the	EM	wave.	Of	course,	the	B-field	vector	would	then	always	lie	in	a	plane	perpendicular	to	this	plane	containing	the	E-field	vector.	But	according	to	theoretical	and
experimental	evidence,	it	is	the	electric	vector	(E)	rather	than	the	magnetic	vector	(B)	of	a	light	wave	that	is	responsible	for	all	polarization	effects.	Therefore,	the	electric	vector	of	a	light	wave,	for	all	practical	purposes,	can	be	identified	as	the	light	vector	in	this	respect.	The	simplest	way	of	producing	linearly	polarized	light	is	by	reflection	from	a
dielectric	surface.	In	the	preceding	section	we	learned	that	when	light	strikes	a	material	such	as	glass,	part	of	the	light	might	get	reflected	and	part	of	it	refracted.	Reflection	also	causes	the	light	to	become	unpolarized,	partially	polarized,	or	completely	polarized,	depending	on	the	angle	at	which	the	light	strikes	the	surface,	or	the	angle	of	incidence
(see	Figure	5.22).	The	light	Vibration	direction	(VD)	E	Wavelength,		Total	internal	reflection	Travel	direction	(TD)	B	Polarized	light	E	Core	Cladding	FIGURE	5.20	A	fiberoptic	is	based	on	the	principle	of	total	internal	reflectance.	Unpolarized	light	E	E	E	E	E	E	E	E	E	E	F	FIGURE	5.21	Unpolarized	and	polarized	light.	312	Solid-State	Physics,	Fluidics,
and	Analytical	Techniques	in	Micro-	and	Nanotechnology	1	B	B	2	2	FIGURE	5.22	Reflection	causes	the	light	to	become	either	unpolarized,	partially	polarized,	or	completely	polarized,	depending	on	the	angle	at	which	the	light	strikes	the	surface,	or	the	angle	of	incidence.	The	angle	θB	is	known	as	the	polarizing	angle,	or	the	Brewster	angle.	is
unpolarized	only	if	the	incident	light	angle	is	0°,	which	does	not	occur	often.	It	is	more	common	that	polarization	does	occur,	and	the	greater	the	angle	of	incidence,	the	greater	the	polarization.	When	the	light	strikes	at	an	angle	θB	of	90°	or	perpendicular	to	the	surface,	the	light	is	completely	polarized.	At	this	particular	angle	of	incidence	the
reflectivity	for	light	whose	electric	vector	is	in	the	plane	of	incidence	becomes	zero.	Thus,	the	reflected	light	is	linearly	polarized	at	right	angles	to	the	plane	of	incidence.	This	angle	θB	is	known	as	the	polarizing	angle,	or	the	Brewster	polarizing	angle,	because	it	was	discovered	by	the	same	David	Brewster	of	the	critical	angle	θc	(see	previous	section):
tan	QB		n2	n1	(5.25)	Certain	natural	materials	absorb	linearly	polarized	light	of	one	vibration	direction	much	more	strongly	than	light	vibrating	at	right	angles.	Such	materials	are	termed	dichroic.	Tourmaline	is	one	of	the	best-known	dichroic	crystals,	and	tourmaline	plates	were	used	as	polarizers	for	many	years.	Dichroic	crystals	were	studied	by
Edwin	Land	in	1930;	Land	invented	a	polarizing	material	that	would	be	called	Polaroid	and	give	a	huge	benefit	to	the	camera	industry.	Polarization	of	light	is	also	possible	by	refrac	tion,	in	which	case	the	light	is	bounced	off	of	numerous	surfaces,	instead	of	only	one.	Often	a	stack	of	thin	films	of	a	transparent	material	is	used	for	this	purpose.	The
beam	of	light	that	is	refracted	is	continuously	polarized	because	refraction	causes	polarization.	Because	of	this	polarization,	the	beam	of	light	that	is	refracted	is	shown	to	increase	in	intensity.	Polarization	obviously	occurs	frequently:	even	the	light	from	a	rainbow	is	polarized	because	the	angle	of	incidence	of	light	off	a	water	beam	is	similar	to	a
Brewster	angle.	Other	natural	materials	exist	in	which	the	velocity	of	light	depends	on	the	vibration	direction.	These	materials	are	called	birefringent.	We	will	discuss	these	in	more	detail	after	we	have	introduced	the	Maxwell	equations.	Circular	(and	elliptical)	polarization	is	possible	because	the	propagating	electric	(and	magnetic)	fields	can	have	two
orthogonal	components	with	independent	amplitudes	and	phases	(and	the	same	frequency).	The	electric	vector,	at	one	point	in	time,	describes	a	helix	along	the	direction	of	wave	propagation.	Circular	polarization	may	be	referred	to	as	right	or	left,	depending	on	the	direction	in	which	the	electric	field	vector	rotates.	The	magnitude	of	the	electric	field
vector	is	constant	as	it	rotates.	Circular	polarization	is	a	limiting	case	of	the	more	general	condition	of	elliptical	polarization.	A	circularly	polarized	wave	may	be	resolved	into	two	linearly	polarized	waves,	of	equal	amplitude,	in	phase	quadrature	(90°	apart)	and	with	their	planes	of	polarization	at	right	angles	to	each	other.	Such	polarization	occurs	in
chiral*	materials,	for	example,	with	helical	polarizable	molecules	in	a	solution.	Maxwell’s	Equations	Introduction	As	stated	earlier,	ray	optics	is	a	significant	simplification	of	optics	and	fails	to	account	for	many	important	optical	effects	such	as	diffraction	and	polarization.	The	latter	phenomena	are	only	understood	properly	from	Maxwell’s	equations.
Light	*	Definition	of	chirality	by	Kelvin:	“I	call	any	geometrical	figure,	or	group	of	points,	chiral,	and	say	it	has	chirality,	if	its	image	in	a	plane	mirror,	ideally	realized,	cannot	be	brought	to	coincide	with	itself.”	Photonics	with	its	wave	and	particle	character	is	not	the	easiest	of	natural	phenomena	to	describe.	Its	ambivalent	nature	requires	two
complementary	models	for	a	satisfactory	description	of	its	properties.	In	Chapter	3,	we	mentioned	how	Dirac’s	quantum	field	theory	removed	the	paradox	of	particle-wave	duality:	it	showed	that	if	a	particle	was	probed	in	a	way	that	was	meant	to	demonstrate	its	particle-like	properties,	it	would	appear	to	be	a	particle,	and	if	it	was	probed	in	a	way	that
was	meant	to	demonstrate	its	wave-like	properties,	it	would	appear	to	be	a	wave.	Maxwell’s	electromagnetic	(EM)	wave	model,	the	topic	of	this	chapter,	follows	logically	from	Dirac’s	model	and	describes	light	as	a	continuous	transfer	of	energy	through	space	by	a	combination	of	waves	of	electrical	and	magnetic	fields.	The	Scottish	physicist	James
Clerk	Maxwell	(1831−1879)	unified	in	one	magnificent	theory—	four	elegant	equations—all	that	was	known	of	electricity	and	magnetism.	For	the	first	time	it	became	apparent	that	EM	fields	could	travel	through	space,	and	the	theory	suggested	the	revolutionary	concept	that	light	was	nothing	but	an	EM	wave	itself.	Maxwell’s	equations	are	even	more
fundamental	than	Newton’s	three	laws	of	motion	because	they	agree	with	Einstein’s	relativity	theory,	whereas	Newton’s	laws	do	not.	The	refractive	index	of	a	material	as	introduced	above	comes	about	through	the	interaction	of	light	with	many,	many	atoms	(1022	atoms/cm3),	and	it	is	impossible	to	describe	the	individual	response	of	so	many
electrons	and	atoms.	So	we	have	to	make	do	with	“effective”	materials	properties,	such	as	the	refractive	index,	an	average	over	many	atoms.	This	works	very	well	for	many	materials	because	atom	spacings	in	solids	are	much	smaller	than	the	wavelength	of	the	light	at	hand.	For	visible	light,	e.g.,	green	light,	a	volume	of	λ3	corresponds	to	a	volume	of
∼	(500	nm)3	∼	(5	10	−5	cm)3	∼	10	−13	cm3,	and	the	number	of	atoms	in	such	a	volume	∼10	−13	×	1022	=	109!	So	working	with	spatially	averaged	fields	will	give	good	results	in	many	cases.	Before	we	launch	into	the	Maxwell’s	equations	for	plane	wave	EM	radiation,	we	remind	the	reader	of	some	important	vector	relations.	Because	both	the
electric	field	and	the	magnetic	field	have	a	direction,	we	describe	light	as	vector	fields.	Two	important	313	integral	theorems	we	need	for	manipulating	those	equations	are	Gauss’	divergence	theorem	and	Stokes’	theorem.	We	also	introduce	Ampère’s	law,	Gauss’	electric	and	magnetic	laws,	and	Faraday’s	law,	as	they	are	the	foundation	for	Maxwell’s
famous	unifying	equations.	Gauss	and	Stokes	Theorems	The	first	theorem	we	introduce,	the	divergence	theorem,	comes	from	vector	calculus	and	is	also	known	as	Gauss’	(1777−1855)	or	Green’s	(1783−1841)	theorem.	The	divergence	of	a	vector	field	is	a	scalar	(a	number)	and	represents	the	net	outward	flux	per	unit	volume	(one	can	think	of	it	as	a
“source	density”).	The	divergence	theorem	relates	volume	and	surface	integrals	and	expresses	the	fact	that	the	volume	integral	of	the	divergence	of	any	conservative	vector	(or	tensor)	field	equals	the	total	outward	flux	of	the	vector	through	the	surface	that	bounds	the	volume	(	.	html).	More	simply	stated:	the	sum	of	all	sources	minus	the	sum	of	all
sinks	gives	the	net	flow	out	of	a	region.	Mathematically:	°	v		–	Adv		t°	A	–	ds	s	(5.26)	where	A	is	a	vector	field	or	tensor	field	(for	example,	A	could	be	a	stress	tensor	S	or	an	electric	field	vec	tor	E);	ds	is	a	differential	vector	element	of	surface	area	S,	with	infinitesimally	small	magnitude	and	direction	normal	to	surface	S;	and	dv	is	a	differential	element
of	volume	V	enclosed	by	surface	S.	We	remind	the	reader	that	in	vector	analysis	∇	⋅	A	is	the	same	as	div	A.	This	equation	applies	to	any	volume	V	bounded	by	surface	S.	Effectively	this	comes	down	to	saying	that	“field	lines	are	conserved.”	We	see	where	field	lines	originate	on	the	left	side	of	the	equation	or	count	them	as	they	leave	through	the	surface
on	the	right	side	of	the	equation	(Figure	5.23).	The	second	theorem	we	need	to	refamiliarize	ourselves	with	is	Stokes’	theorem,	or	the	curl	theorem.	It	is	named	after	Sir	George	Gabriel	Stokes	(1819−1903),	although	the	first	known	version	of	the	theorem	is	by	William	Thomson	(Lord	Kelvin).	Stokes’	theorem	deals	with	the	problem	of	a	3D	314	Solid-
State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Surface	(S)	ds	ds	Contour	(C)	+	+	++	+	+	+	+	Q	+	+	+	V	dl	D	S	+	FIGURE	5.23	The	divergence	or	Gauss’	theorem	illustrated	for	the	case	where	A	is	equal	to	D,	the	electric	displacement	which	is	related	to	the	electric	field	E	via	a	materials-dependent	constant	called
the	permittivity,	ε	(as	given	by	the	constitutive	relation,	D		E	E	;	Equation	3.38	in	Volume	I).	Consider	a	total	amount	of	charge	Q	in	a	volume	V	bounded	by	the	closed	surface	S.	The	area	integral	gives	a	measure	of	the	net	charge	enclosed,	and	the	divergence	of	the	electric	displacement	gives	the	density	of	the	sources	(see	Equations	5.34–5.36
below).	FIGURE	5.24	Illustrating	Stokes’	law.	S	is	an	open	surface	bounded	by	a	closed	curve	C.	With	Gauss’	and	Stokes’	theorems	Maxwell’s	equations	can	be	transformed	from	differential	format	to	integral,	and	vice	versa.	Ampère’s	Law,	Gauss’	Electric	and	Magnetic	Laws,	and	Faraday’s	Law	Ampère’s	Law	Ampère’s	law	states:	curve	in	space,	and
the	line	integral	around	such	a	curve;	it	relates	a	surface	integral	to	a	line	integral:	°	(	s	A)	–	ds		t°	S	C	A	–	dl	The	magnetic	circulation	around	a	closed	loop	is	proportional	to	the	net	electric	current	flowing	through	the	loop,	including	the	actual	flow	of	electric	charge	as	well	as	the	displacement	current,	which	is	the	time	derivative	of	the	electric	flux.
The	positive	directions	of	circulation,	current	and	flux	are	related	by	the	right-hand	rule.	(5.27)	where	S	is	an	open	surface	bounded	by	a	closed	curve	C,	and	dl	is	a	differential	vector	element	of	path	length	tangential	to	contour	C	enclosing	surface	area	S.	The	vector	ds	is	an	outward	surface	normal	vector	of	magnitude	ds.	Stokes’	theorem	says	that	if
S	is	a	surface	in	three	dimensions	having	a	closed	curve	C	as	its	boundary,	then	the	surface	integral	of	the	curl	of	a	vector	field	over	that	open	surface	equals	the	closed	line	integral	of	the	vector	along	the	contour	C	bounding	the	open	surface.	Integrating	the	curl	across	a	surface	gives	the	same	answer	as	integrating	the	tangential	vector	components
along	the	line	bounding	that	surface.	Also,	rotation	in	adjacent	spots	cancels	out,	and	what	is	not	canceled	is	present	at	the	edge	of	the	surface.	This	is	a	fairly	remarkable	theorem	because	S	can	be	any	surface	bounded	by	the	curve	C	and	have	just	about	any	shape	(Figure	5.24).	We	remind	the	reader	that	in	vector	analysis	∇	×	A,	rot	A,	and	curl	A	are
equivalent	notations.	Another	way	of	saying	this	is	that	the	curl	of	a	field	defines	the	“amount	of	rotation”	in	a	field.	An	electric	current	J	running	through	a	straight	wire	generates	a	magnetic	field	strength	H	(in	A/m)	around	that	wire	(Figure	5.25).	The	integral	of	H	along	the	circular	path	C	is	equal	to	the	current	I,	which	in	turn	can	be	obtained	as
the	integral	H	S	J	D	H	J	C	D	increasing	when	the	capacitor	is	charged	FIGURE	5.25	Ampère’s	law	illustrated.	The	magnetic	field	is	induced	by	electrical	currents	(J)	and	changes	in	electric	field,	uD	(the	displacement	current	is	also	called	Maxwell’s	ut	displacement	D).	Photonics	of	the	current	density	J	across	the	cross-section	of	the	wire:	t°	H	–	dI		I		°
J	–	ds	C	(5.28)	S	This	is	the	original	Ampère’s	Law	(1775–1836).	Using	Stokes’	theorem	(Equation	5.27)	we	transform	Equation	5.28	to:	°	(	s	H)	–	ds		I		°	J	–	ds	S	(5.29)	S	From	the	latter	expression	it	follows	that:	∇×H=J	(5.30)	James	Clerk	Maxwell	made	an	important	correction	to	Ampère’s	law;	he	recognized	that	a	changing	uD	,	is	equivalent	to	a
current	J,	and	he	electric	field,	ut	uD	the	displacement	current.	The	electric	flux	called	ut	density,	also	called	Maxwell’s	displacement	D,	is	expressed	in	units	of	As/m2.	The	more	general	Ampere’s	law,	in	which	a	changing	electric	field	¥	uD	´	¦§	µ	and	a	current	(J)	both	produce	a	magnetic	ut	¶	field	(H),	is	then	given	as:	sH 	J	uD	ut	(5.31)	The	electric
displacement	D,	expressed	in	coulombs	per	square	meter	(C/m2)	is	related	to	the	electric	field	E	(in	units	of	V/m)	via	the	permittivity,	ε	(ω,k),	as:	D	=	ε(ω,k)E	(3.37)	The	permittivity	ε	(As/Vm)	is	a	scalar	if	the	medium	is	isotropic	or	a	3	×	3	matrix	otherwise,	and	its	frequency	dependence	defines	the	so-called	dielectric	function,	i.e.,	ε(ω,k).	To	obtain
εr(ω,k),	the	relative	dielectric	response	of	a	material,	one	divides	by	ε0	because	ε(ω,k)/ε0	=	εr(ω,k).	Similarly,	the	magnetic	field	or	flux	density	B	is	linked	to	the	magnetic	field	strength	H	(in	A/m)	within	the	material	through	a	second	constitutive	relation:	B	=	μH	(5.32)	with	μ	=	μ0μr	and	μr	the	dimensionless	relative	permeability.	The	magnetic
permeability	μ	is	a	tensor	315	that	reduces	to	a	scalar	in	isotropic	materials.	The	magnetic	inductive	capacity,	μ,	or	permeability,	is	related	to	the	ability	of	a	medium,	such	as	air,	to	store	magnetic	potential	energy.	The	permeability	of	vacuum,	μ0,	is	1.257	×	10	−6	Hm−1,	and	in	the	case	of	air	is	μair	=	1.260	×	10	−6	Hm−1.	As	in	the	case	of	the
dielectric	“constant”	the	response	of	the	relative	magnetic	permeability	μr	of	normal	media	to	externally	applied	fields	depends	on	the	frequency	of	the	field	as	well	and	on	the	wave	vector,	i.e.,	μr(ω,k).	A	third	constitutive	relation,	the	basis	of	Ohm’s	law	(V	=	IR),	introduced	in	Chapter	2,	links	current	density	J	(A/m2)	to	electrical	conductivity	σ	(in
A/Vm)	of	the	material:	J	=	σE	(2.2)	In	the	most	general	case,	the	electrical	conductivity	σ	is	a	second-rank	tensor	and	is	also	frequencydependent,	i.e.,	σ(ω,k).	For	an	isotropic	material,	σ	becomes	a	scalar.	Gauss’	Law	for	Electric	Fields	Gauss’	law	for	electric	fields	states:	The	net	electric	flux	exiting	a	closed	surface	is	proportional	to	the	net	electric
charge	enclosed	by	the	surface.	Gauss’	law	is	an	extended	form	of	Coulomb’s	law.	Both	Coulomb’s	and	Gauss’	laws	relate	electric	fields	to	charges:	charges	make	electrical	fields.	Consider	a	total	amount	of	charge	Q	in	a	volume	V	bounded	by	a	closed	surface	S.	The	electric	charger	Q	equals	the	surface	integral	of	the	electric	flux	density	over	the
closed	surface	S:	t°	D	–	ds		Q	S	(5.33)	With	the	divergence	theorem	this	can	be	rewritten	as:	t°	D	–	ds		°		–	Ddv	S	v	(5.34)	or	also:	°	V		–	Ddv		Q		°	RV	dv	(5.35)	V	and	finally	one	obtains:	∇	⋅	D	=	ρv	(5.36)	316	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	where	ρV	is	the	electric	charge	per	unit	volume	(C/m3).	For
linear	materials,	D	=	ε	E	(Equation	3.38)	and	Equation	5.36	can	be	rewritten	as:	RV	–E		E	(5.37)	From	Equation	5.37	we	can	derive	the	so-called	Poisson	equation	for	the	potential:	Rv		V		E	2	(5.38)	because	E	=	−∇V.	In	the	case	that	the	total	charge	density	is	zero,	Equation	5.38	reduces	to	Laplace’s	Equation:	2	∇	V=0	Faraday’s	Law	Faraday’s	law
states:	The	electric	circulation	(or	emf)	around	a	closed	loop	is	proportional	to	the	negative	time	derivative	of	the	magnetic	flux	through	the	loop,	where	the	positive	circulation	and	flux	directions	are	related	by	the	right-hand	rule.	Faraday	(1791−1867)	discovered	that	a	voltage	V	(or	emf)	is	induced	in	a	coil	when	a	magnetic	flux	Φ	[Webers	(Wb)]	in
the	environment	changes	with	time,	and	he	formulated	a	law	stating	that	a	changing	magnetic	field	¥	uB	´	produces	an	electric	field	(E):	¦§	ut	µ¶	(5.39)	t°	C	marking	a	constant	electric	field.	uB	–	ds	S	ut	E	–	dl		°	With	Equation	5.27	(Stokes)	we	rewrite	this	expression	as:	Gauss’	Law	for	Magnetic	Fields	Gauss’	law	for	magnetic	fields	states:	uB	–	ds	S	ut
°	(	s	E)	–	ds		°	S	The	net	magnetic	flux	exiting	a	closed	surface	is	always	zero.	We	know	that	magnetic	poles	always	occur	in	pairs	(north	and	south).	Therefore,	a	magnetic	field	will	be	produced	in	space	if	there	is	a	changing	electric	field,	but	this	magnetic	field	is	changing	as	the	electric	field	is	changing.	A	changing	magnetic	field	produces	an
electric	field	that	is	changing—in	other	words,	we	have	a	self-perpetuating	system.	Because	a	single	magnetic	charge	does	not	exist,	the	equivalent	expression	to	Equation	5.33	for	magnetism	reads:	t°	B	–	ds		0	S	(5.40)	This	means	that	the	magnetic	field	lines	must	form	closed	loops,	i.e.,	the	mathematical	formulation	of	the	fact	that	the	field	lines
cannot	originate	from	somewhere	or	that	there	are	no	magnetic	monopoles.	Using	Gauss’	theorem	we	obtain:	t°	B	–	ds		°	S	V		–	Bdv		0	(5.41)	In	other	words:	∇⋅B=0	(5.43)	(5.42)	(5.44)	or:	sE	uB	ut	(5.45)	Finally,	we	introduce	the	continuity	equation	for	the	conservation	of	charge.	Say	that	in	a	time	dt,	a	charge	dQ	is	lost	from	volume	V;	because	of	this
flux	of	charge,	a	current	density	J	leaves	the	surface	element	ds.	We	use	the	divergence	theorem	to	convert	the	integral	over	the	surface	S	into	an	integral	over	the	volume	V.	We	assume	that	the	volume	does	not	change,	so	only	the	charge	density	ρ	in	the	volume	changes.	This	leads	to	the	continuity	equation:	uRV	–	J		0	ut	(5.46)	From	Equation	5.46
the	current	density	flux	flowing	out	of	a	closed	surface	equals	the	rate	of	decrease	of	the	positive	charge	density.	Example	5.1:	Place	some	charges	on	a	conductor	with	a	conductivity	σ;	how	long	does	it	take	for	the	charges	to	spread?	From	the	continuity	uR	relation	(Equation	5.46)	we	have		–	J		V	.	In	ut	the	conductor	we	have	Ohm’s	law	stating	J	=
σE	Photonics	–E		0	uR	(Equation	2.2),	and	because	S	–	E		V	and	ut	¥	R´	using	Poisson’s	equation	¦		–	E		µ	,	the	solu§	E¶	tion	is:	R		R0	e	t	T	°	E	–	ds		0	(5.47)	–B		0	with	the	time	constant	τ	=	ε/σ	With	typical	values	for	ε	and	σ	one	obtains	a	τ	of	1.5	10	−19	s.	Thus,	charge	density	decays	exponentially	with	time.	For	a	very	good	conductor,	charges	flow
instantly	to	the	surface	to	form	a	surface	charge	density	and	(for	time-varying	fields)	a	surface	current	is	established.	Inside	a	perfect	conductor	(σ	→	∞)	and	E	=	H	=	0.	t°	B	–	ds		0	sE	C	Maxwell’s	Elegant	Summary	uE		s	B		M	0	E0	ut	C	uE	–	ds	S	ut	B	–	dI		M	0	E	0	°	S	uB	ut	(5.50b)	(5.51a)	uB	–	ds	ut	Faraday	(5.51b)	where	E	(in	V/m)	is	the	electrical
field	strength	and	B	(in	Tesla,	T,	or	kgA−1s−2)	the	magnetic	flux	density,	and	μ0	and	ε0	the	permeability	and	electric	permittivity	of	free	space,	respectively;	dl	is	a	line	element,	and	ds	a	surface	element.	The	permittivity	of	free	space,	ε0,	is	8.854	pF/m.	The	permeability	of	vacuum,	μ0,	is	1.257	10−6	H	m−1.	Vacuum	is	a	linear,	homogeneous,
isotropic,	and	dispersionless	medium.	Except	for	a	multiplicative	scalar,	electric	and	magnetic	fields	appear	in	these	equations	with	remarkable	symmetry,	and	this	mathematical	symmetry	implies	physical	symmetry.	We	note	here	that	the	four	Maxwell	equations	are	not	independent.	In	fact,	the	two	divergence	equations	can	be	derived	from	the	two
curl	equations.	The	time-varying	Maxwell’s	equations,	in	a	medium	and	in	the	presence	of	charges	and	currents,	in	their	differential	and	integrated	forms	are	given	as:	sH 	J	t°	C	H	–	dI		¥	°	¦§	J	S	uD	ut	uD	´	–	ds	ut	µ¶	Ampere		–	D		RV	(5.48c)	(5.48d)	(5.49c)	(5.48a)	°	D	–	ds		Q	S	t°	E	–	dI		°	(5.49b)	(5.50a)	Magnetic	Gauss	S	t°	It	was	in	1864	that	Maxwell
summarized	the	above	set	of	equations	for	all	frequency	ranges	and	size	scales	larger	than	atoms.	He	was	the	first	to	show	that	the	four	equations	describing	electric	and	magnetic	fields	could	be	rearranged	to	form	a	wave	equation,	with	a	speed	of	propagation	equal	to	the	speed	of	light.	Maxwell	also	corrected	Ampère’s	law	by	introducing	an
additional	term	for	the	displacement	current	(changing	electric	fields	act	like	currents,	likewise	producing	magnetic	fields;	see	above).	The	elegant	modern	mathematical	formulation	introduced	here	is	by	Oliver	Heaviside	(1850–1925),	who	in	1884	reformulated	Maxwell’s	equations	using	vector	calculus.	His	more	symmetric	mathematical
representation	reinforces	the	physical	symmetries	between	the	magnetic	and	electrical	fields.	Maxwell’s	equations,	as	remarked	earlier,	can	be	transformed	from	differential	format	to	integral	representation,	and	vice	versa,	by	using	the	theorems	from	Gauss	and	Stokes.	Remarkably,	as	we	will	see	below,	Maxwell’s	equations	are	perfectly	consistent
with	the	transformations	of	special	relativity.	Maxwell’s	equations	in	the	absence	of	electric	charge	density	ρ	(in	units	of	C/m3	=	0)	and	current	J	(in	units	of	A/m2)	in	a	vacuum	in	differential	and	integral	form	are:	(5.49a)	Electrical	Gauss	S	317	Ampere	(5.48b)	Electrical	Gauss		–B		0	(5.49d)	(5.50c)	318	Solid-State	Physics,	Fluidics,	and	Analytical
Techniques	in	Micro-	and	Nanotechnology	t°	B	–	ds		0	Magnetic	Gauss	S	C	E	–	dI		°	S	uB	–	ds	ut	(5.51c)	Faraday	1.	Diverging	D	fields	relate	to	charges:	∇	⋅	D	=	ρV	2.	Diverging	magnetic	flux	does	not	exist:	∇	⋅	B	=	0	The	curl	equations	state	that	changes	in	magnetic	fluxes	give	rise	to	electrical	fields	and	changes	in	currents	give	rise	to	H	fields	or
changing	E	field	results	in	changing	H	field,	which	results	in	changing	E	field.	.	.	.	(Figure	5.26):	3.	Rotating	E	fields	relate	to	changing	currents:	uB	sE	ut	4.	Rotating	H	flux	lines	relate	to	changing	D,	and	several	currents	could	be	added	(e.g.,	magnetiuD	zation):		s	H		J	ut	If	we	now	consider	solutions	for	time-harmonic	electric	and	magnetic	fields	(e.g.,
sinusoidal)	and	replace	the	time	derivative	∂/∂t	by	−iω	[because	u		iWt	e		iWe	iWt	],	we	arrive	at	the	following	ut	Maxwell	expressions:	(5.48e)		s	H		J	iWD	C	H	–	dI		°	S	J	iWD	Ampere		–	D		RV	°	D	–	ds		Q	S	Electrical	Gauss	Magnetic	field	Magnetic	field	Magnetic	field	(5.51d)	where	D	[in	coulombs	per	square	meter	(C/m2)]	is	the	electric	displacement,	H
(in	A/m)	is	the	magnetic	field	strength,	J	is	current	density	(A/m2),	Q	(C)	is	the	total	charge,	and	ρV	is	the	volume	density	of	free	electric	charges	(C/m3).	Note	that	no	constants	such	as	μ0,	ε0,	μ,	ε,	c,	χ	…	appear	when	the	equations	are	written	in	this	way.	The	divergence	equations	basically	say	that	flux	lines	start	and	end	on	charges	or	poles:	t°
Electric	field	Electric	field	Curent	uB	sE		ut	t°	Electromagnetic	wave	(5.50d)	(5.48f)	(5.49e)	(5.49f)	Direction	FIGURE	5.26	Changing	E	field	results	in	changing	H	field,	which	results	in	changing	E	field.	–B		0	t°	B	–	ds		0	(5.50e)	Magnetic	Gauss	S	(5.51e)		s	E		iWB	t°	C	E	–	dI		iW	°	B	–	ds	S	(5.50f)	Faraday	(5.51f)	Boltzmann	was	so	impressed	with
Maxwell’s	equation	that	he	used	a	quotation	from	Goethe	to	describe	them:	“War	es	ein	Gott	der	diese	Zeichen	schrieb?”	(Is	it	a	God	who	has	written	these	signs?).	These	equations,	together	with	the	continuity	equation	(Equation	5.46),	the	Lorentz	force*	(Equation	3.64),	and	the	constitutive	equations	for	ε,	μ,	and	σ,	form	the	foundation	of	all
macroscopic	electromagnetic	phenomena.	In	the	case	of	no	time	variation	(∂/∂t	=	0),	the	Maxwell	equations	describe	electrostatics	and	magnetostatics	as	summarized	in	Table	5.1.	In	the	next	section	we	will	find	that	Maxwell’s	equations	allow	for	solutions	that	have	the	form	of	propagating	plane	waves,	and	that	the	wavelength	is	affected	by	the
amount	of	polarization	P	of	the	material,	leading	to	a	refractive	index	n.	Plane	Wave	Solutions	of	Maxwell’s	Equations	Plane	Wave	Propagation	Earlier	we	saw	how	electromagnetic	(EM)	plane	waves	are	observed	when	moving	far	enough	away	from	the	source,	just	like	dropping	a	rock	in	a	pond	and	looking	at	waves	a	few	hundred	feet	away	from	the	*
An	electric	charge	moving	in	the	presence	of	an	electric	and	a	magnetic	field	experiences	a	vector	force	per	unit	charge	that	is	equal	to	the	sum	of	the	electric	field	and	the	cross	product	of	the	velocity	with	the	magnetic	field.	Photonics	TABLE	5.1	Electrostatics	(Capacitor	Equations)	and	Magnetostatics	(Inductor	Equations)	Magnetostatics	∇	⋅	D	=	ρV
∇×E=0	∇⋅B=0	∇×H=J	t°	D	–	ds		Q	t°	B	–	ds		0	t°	t°	S	C	E	–	dl		0	Electrical	capacitance	(in	Farad)	C	=	Q/V	both	are	zero)	from	the	Maxwell	equations.	Taking	the	curl	of	Equation	5.51c	leads	to	the	homogenous	vector	wave	equations	(Equations	5.53	and	5.54)	for	electromagnetic	(EM)	radiation	in	such	a	medium	we	obtain:	u(	s	B)	ut	L.H.S:	(	–	E)		2E		
2E	(	–	E		0;	Equation	5.49a)	u	2E	R.H.S:	ME	2	(Equation	5.48c	with	u	t	J		0	and	D		EE	and	B		MH)	S	C		s	(	s	E)		H	–	dl		I	Electric	inductance	(in	Henry)	L	=	Φ/I*	Φ	is	magnetic	flux,	and	I	is	current.	*	impact	point	so	that	the	wavefronts	are	essentially	flat.	When	close	enough	to	the	EM	source	the	radiated	field	must	be	considered	mathematically
spherical	rather	than	planar.	The	first	situation	is	called	far	field,	and	the	second	is	near	field	(Figures	5.4	and	5.5).	In	Chapter	2,	we	defined	a	plane	wave,*	ei(kr-cot),	as	a	wave	that	is	constant	in	a	plane	perpendicular	to	k	(in	rad/m)	and	is	periodic	parallel	to	it.	The	wave	number	or	wave	vector	k	measures	the	number	of	wavelengths	in	a	complete
cycle;	thus,	it	has	a	value	of	2π/λ,	and	ω	=	2πv	=	ck	(free	space)	is	the	period	of	the	wave.	In	the	plane	wave,	equation	r	is	the	3D	position	vector.	A	bit	simpler:	a	plane	wave	is	a	continuous	wave	(CW)	whose	amplitude	and	phase	are	constant	in	the	directions	transverse	to	the	propagation	direction.	We	will	now	embark	on	a	discussion	of	the
interaction	of	light	with	materials.	In	optical	experiments	one	measures	reflectivity,	transmission	coefficient,	luminescence,	or	light	scattering	to	learn	a	great	deal	about	energy	band	structure,	impurities,	phonons,	defects,	etc.	In	particular,	optical	measurements	are	used	to	determine	the	complex	dielectric	or	complex	conductivity,	which	is	directly
related	to	band	structure.	or		2E		ME	*	The	complex	exponential	representation	for	periodic	functions	is	convenient	for	adding	waves,	taking	derivatives	of	wave	functions,	and	so	on.	It	is	equivalent	to	a	linear	combination	of	a	sine	and	cosine	function	because	e	iθ	=	cos	θ	+	i	sin	θ	(Euler’s	formula).	u	2E	u2	t	(5.52)	(5.53)	and	similarly		2B		ME	u	2B	u2
t	(5.54)	For	the	left-hand	side	(L.H.S.)	of	Equation	5.52	we	used	the	“BAC-CAB”	rule.†	Equations	5.53	and	5.54	represent	wave	equations	for	electromagnetic	(EM)	waves	in	bulk	materials.	In	free	space,	μ	and	ε	in	these	equations	are	replaced	by	μ0	and	ε0.	The	2	Laplacian	∇	operates	on	each	component	of	E	and	B,	so	that	the	two	vector	equations
(Equations	5.53	and	5.54)	represent	six	1D,	homogeneous	scalar	wave	equations.	One	of	these	expressions,	the	Ex	component,	in	Cartesian	coordinates,	is	written	out	as:	u	2E	x	u	2E	x	u	2E	x	u	2E	x	EM		ux	2	uy	2	uz	2	ut	2	(5.55)	Therefore,	each	component	of	the	EM	field	(Ex	,	Ey,	Ez,	Bx	,	By,	Bz)	obeys	a	generic	scalar	differential	wave	equation	of	the
type:	Wave	Equations	for	a	Medium	without	Charges	or	Currents	We	now	derive	the	wave	equations	for	plane	wave	propagation	in	a	simple	linear	isotropic,	homogeneous,	nonconducting	medium	characterized	by	ε	and	μ	without	any	charges	or	currents	present	(source-free	region,	i.e.,	a	region	where	ρV	and	J	319	u29	u29	u29	1	u29		ux	2	uy	2	uz	2	v
2	ut	2	(5.56)	provided	that	the	following	important	identity	holds:	v=	†	1	(5.20)	EM	We	are	taking	advantage	in	this	derivation	of	the	“BAC-CAB”	rule:	A	×	(B	×	C)	=	B(A	⋅	C)	−	C(A	⋅	B),	or	in	the	current	case:	∇	×	(∇	×	E)	=	2	∇(∇	.	E)	−	(∇	.	∇)E	=	−∇	E.	320	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	The
velocity	v,	the	propagation	speed	of	the	wave,	is	solely	determined	by	the	medium.	For	a	wave	traveling	in	free	space	we	substitute	the	values	for	μ0	and	ε0	in	Equation	5.20	and	calculate	the	speed	for	all	EM	waves	as	v	=	c	=	2.998	108	m/s.	At	the	time	of	Maxwell,	the	values	for	μ0,	ε0,	and	c	were	uncertain	enough	that	the	correspondence	between	c
and	Equation	5.20	was	not	all	that	definitive.	However,	it	was	close	enough	that	Maxwell	wrote	in	1864:	“This	velocity	is	so	nearly	that	of	light	that	it	seems	we	have	strong	reason	to	conclude	that	light	itself	(including	radiant	heat	and	other	radiations)	is	an	electromagnetic	disturbance	in	the	form	of	waves	propagated	through	the	electromagnetic
field	according	to	electromagnetic	laws.”	It	is	largely	for	this	reason	that	this	whole	set	of	equations	is	named	after	Maxwell.	When	Heinrich	Hertz	(1857–1894)	produced	low-frequency	radio	waves	(low-frequency	light)	and	demonstrated	that	these	waves	were	identical	in	all	respects	to	light,	save	frequency,	he	confirmed	Maxwell’s	hypothesis.	It	was
also	Hertz	who,	in	1887,	discovered	the	photoelectric	effect	(see	Chapter	3).	Maxwell’s	equations	show	that	electric	and	magnetic	forces	travel	at	a	definite	predicted	speed—this	is	not	instantaneous	“action	at	a	distance.”	James	Clerk	Maxwell’s	Treatise	on	Electricity	&	Magnetism	(1873)	is	the	last	word	on	classical	electricity	and	magnetism	and
ranks	with	Newton’s	work	as	one	of	the	great	accomplishments	of	physics.	Newton’s	and	Maxwell’s	equations	describe	all	“classical	physics.”	In	Chapter	3	we	introduced	Bohr’s	correspondence	principle,	according	to	which	the	predictions	of	the	quantum	theory	must	also	cover	the	predictions	of	the	classical	theories	of	physics.	In	other	words,	the
above	equations	derived	here	from	Maxwell’s	equations	should	also	be	a	solution	of	Schrödinger’s	equation.	We	demonstrated	that	this	is	so	in	Chapter	3,	“Solution	of	the	Wave	Equation	for	Free	Particles.”	equations	to	obtain	the	following	two	equivalent	expressions	(using	the	BAC-CAB	rule	again):		s	(	s	E)		(	–	E)		2E		M	uJ	u	2D	uE	u	2E	M	2		MS	ME
2	ut	ut	ut	ut		2E	MS	¥R	´	uE	u	2E	ME	2			¦	v	µ	ut	§	E¶	ut	(5.57)	uH	u	2H	ME	2		0	ut	ut	(5.58)	and	similarly:		2H	MS	In	solving	these	equations,	one	often	invokes	the	electric	scalar	and	the	magnetic	vector	potential.	The	magnetic	vector	potential	A	(in	Weber	per	meter)	is	related	to	B	as:	B=∇×A	If	one	can	find	A	for	a	given	current	distribution,	then	B
can	be	obtained	by	taking	the	differential	(curl)	from	A.	This	is	similar	to	obtaining	the	electrical	field	E	from	the	scalar	electrical	potential	V	(E	=	−∇V).	Substituting	Equation	5.59	into	the	differential	Faraday	expression	(Equation	5.51a)	gives:	sE	To	obtain	the	most	general	wave	equations—in	the	presence	of	sources	(charges,	ρ)	and	a	current	(J)	in	a
medium—we	first	combine	the	constitutive	relations	with	the	general	time-varying	Maxwell’s	u	(	s	A)	or	ut	(5.60)	uA		s	(E	)0	ut	The	electric	field	intensity	stems	from	both	charge	accumulations	(through	the	−∇V	term)	and	from	the	time-varying	magnetic	field	(through	the	−	uA	term),	ut	or:	E	Wave	Equations	for	a	Medium	with	Charges	and	Currents
(5.59)	uA	V	ut	(5.61)	uA		0),	this	reduces	back	to	ut	the	familiar	E	=	−∇V,	so	that	we	can	obtain	E	from	V	alone	and	B	from	Equation	5.59.	With	varying	fields,	E	depends	on	both	V	and	A.	The	inhomogeneous	For	the	static	case	(with	Photonics	vector	potential	wave	equation	to	be	solved	then	becomes:		2	A	MS	uA	u2	A	ME	2		MSV	ut	ut	(5.62)	Using	the
constitutive	equations	and	substituting	Equations	5.59	and	5.61	into	5.48e,	we	obtain:		s		s	A		MJ	ME	u	uA	(	V)	ut	ut	(5.63)	or	also:	¥	u	A	uV	´		MJ	¦¦		A	ME	µµµ	2	¦	ut	µ¶	ut	§	(5.64)	By	choosing	the	divergence	of	A	such	that:		–	A	ME	uV	0	ut	(5.65)	which	is	the	so-called	Lorentz	condition	for	potentials	(for	static	fields	this	condition	becomes	∇	⋅	A	=	0).
The	Lorentz	condition	enables	us	to	simplify	Equation	5.64	to:	u2	A		A	ME	2		MJ	ut	2	(5.66)	This	is	the	nonhomogeneous	wave	equation	for	vector	potential	A;	solutions	are	waves	traveling	with	1	.	The	corresponding	wave	a	velocity	v	equal	to	ME	equation	for	the	scalar	potential	V	is	obtained	by	substituting	Equation	5.61	in	Equation	5.49c,	or:		–	E(V
uA	)		RN	ut	(5.67)	u	R		V	(	–	A)		N	ut	E	(5.68)	With	the	Lorentz	condition	(Equation	5.65)	applied,	this	leads	to:		2	V	ME	u2	V	R		N	2	E	ut	The	Overall	Solutions	Are	Plane	Waves:	E(r,t)	=	Emei(k	⋅	r	–	ωt)	and	B(r,t)	=	B	ei(k	⋅	r	–	ωt)	The	solutions	of	the	wave	m	equations	for	plane	wave	propagation	in	a	simple	linear	isotropic,	homogeneous,	nonconducting
medium	(ρV	and	J	both	are	zero)	characterized	by	ε	and	μ	(Equations	5.53	and	5.54)	in	one	dimension	(say	with	the	E	field	propagating	along	the	z-axis,	the	B	field	along	y,	and	the	propagation	vector	in	the	x-direction)	are:	E(r	,t)		E	m	e	i(k	x	–	x	Wt	)	and	B		Bm	e	i(k	–	x	Wt	)	(5.69)	This	result	represents	nonhomogeneous	wave	equation	for	the	scalar
potential	V.	Both	wave	equations	(5.70)	Rewriting	these	expressions	in	sines	and	cosines	instead	of	the	complex	variable	form	(e	x	=	cos	x	+	i	sin	x),	one	obtains	as	the	simplest	form	of	a	light	wave:	E	=	E	msin(k	x	x	−	ωt)	and	B	=	Bmsin(k	x	x	−	ωt)	(5.71)	Generalizing	for	3D,	Equation	5.70	converts	to:	E(r	,t)		E	m	e	i(k	–r	Wt	)	and	B(r	,t)		Bm	e	i(k	–r	Wt
)	With	ε	constant	this	can	be	written	out	as:	2	(Equations	5.66	and	5.69)	reduce	to	the	Poisson’s	equations	in	static	cases.	The	above	derived	wave	equations	are	the	basis	for	modeling	electromagnetic	fields	in	microelectromechanical	systems	(MEMS)	and	nanoelectromechanical	systems	(NEMS).	For	more	details	on	deriving	and	working	with
Maxwell’s	equations,	consult	David	K.	Cheng’s	Field	and	Wave	Electromagnetics1	and	Minoru	Taya’s	Electronic	Composites.2	Plane	Wave	Solutions	for	Media	without	Charges	or	Currents	2	2	A	ME	321	(5.72)	with	r	the	3D	position	vector	and	k	a	complex	propagation	constant,	with	the	real	part	of	it	corresponding	to	the	wave	vector	and	the
imaginary	part	corresponding	to	the	absorption	(analogous	to	our	treatment	of	x-rays	in	Chapter	2).	The	complex	propagation	constant	k	is	obtained	by	substitution	of	this	solution	in	the	wave	equations	(see	Equations	5.53	and	5.54).	It	should	be	noted	that	plane	waves	are	not	the	only	solutions	to	Maxwell’s	equations;	the	differential	322	Solid-State
Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	wave	equation	allows	many	solutions,	including	spherical	waves.	Constraints	to	the	Plane	Wave	Solutions:	E	⊥	k	and	B	⊥	k	(I)	Let	us	assess	what	we	have	so	far:	the	source-free	Maxwell	equations	(Equations	5.48a–	5.51a)	were	manipulated	in	such	a	way	as	to	obtain	the
vector	wave	Equations	5.53	and	5.54,	and	solutions	for	these	equations	are	given	by	E(r	,t)		E	m	e	i(k	–r	Wt	)	and	B(r	,t)		Bm	e	i(k	–r	Wt	)	(Equation	5.72).	But	we	are	not	done	yet:	in	addition	to	satisfying	the	vector	wave	equation,	we	must	also	verify	these	solutions	satisfy	the	other	Maxwell	equations.	We	can	write	down	lots	of	functions	that	satisfy
the	wave	equations	but	that	are	not	valid	electromagnetic	fields	for	the	given	boundary	conditions	(ρV	and	J	both	are	zero).	We	first	plug	these	proposed	solutions	into	the	divergence	Equations	5.49a	and	5.50a	to	find	the	following	additional	constraints:		–	E		0	(Equation	5.49a)	m	k	–	E		0	(5.73)		–	B		0	(Equation	5.50a)	m	k	–	B		0	(5.74)	In	other	words,
the	divergence	equations	require	that	the	electric	and	magnetic	fields	are	orthogonal	to	the	propagation	direction:	E	⊥	k	and	B⊥	k.	The	E	and	B	fields	have	no	component	of	vibration	in	the	direction	of	propagation:	there	are	no	longitudinal	components,	or	E	and	B	are	exclusively	transverse	in	nature.	Constraints	to	the	Plane	Wave	Solutions:	E	⊥	B	⊥
k	(II)	Let	us	now	substitute	these	same	solutions	in	the	curl	equations	(Equations	5.48a	and	5.51a)	and	establish	how	this	adds	the	following	constraints:		s	E			s	B		ME	uB	(Equation	5.51a)	}}	m	k	s	E		WB	ut	(5.75)	uE	W	(Equation	5.48a)	}}	mk	s	B		2	E	ut	c	(5.76)	uE	one	of	the	curl	equations:	ut	on	the	right-hand	side,	we	have	the	time	derivative	of	E,
pointing	in	the	same	direction	as	E	because	the	time	derivative	does	not	change	the	vector’s	direction.	Consider		s	B		ME	On	the	left,	we	have	∇	×	B;	this	is	perpendicular	to	B	because	the	curl	of	any	vector	is	orthogonal	to	that	vector.	Therefore,	the	first	thing	the	curl	equations	tell	us	is	that	radiation’s	electric	and	magnetic	fields	are	orthogonal	to
each	other.	Second,	the	curl	equations	also	require	that	E	×	B	is	parallel	to	the	propagation	vector	k.	In	other	words,	the	symmetry	of	Maxwell’s	equations	results	in	E	⊥	B	⊥	k	as	illustrated	in	Figure	5.1.	In	electromagnetic	waves,	the	E	and	B	fields	are	obviously	intimately	linked.	To	test	this	further,	let	us	try	out	the	solutions,	E	x		E	m	e	i(k	–	x	Wt)
and	B	y		Bme	i(k	–	x	Wt)	[E	along	the	z-axis,	B	along	the	y-axis,	and	propa·	gation	direction	k	along	the	x-axis	¥¦¦	uE	x		0´µµ¸	in	µ¶¸	§	ux	¹	Equation	5.51a,	which	leads	to:	sE		uB	or	ut	uB	y	uE	z		and	thus	E	m	(ik)e	i(k	–	x	Wt)	ux	ut		Bm	(	iW)e	i(k	–	x	Wt)	or	(5.77)	Em	W		Bm	k	For	planar	waves,	k	=	2π/λ	and	ω	=	2πv	=	vk	with	v	being	the	speed	of	the
wave,	and	because	E	and	B	are	in	phase	we	conclude	that	E	and	B	are	related	at	any	point	in	space	by	the	velocity	of	the	propagating	wave:	E	W			v	B	k	(5.78)	This	relates	the	wave	vector	k,	relating	to	phase	variations	in	space,	to	ω,	the	angular	frequency,	relating	to	phase	variations	in	time.	In	the	case	of	a	wave	in	free	space,	v	=	c	=	2.998	×	108
m/s.	Thus,	boundary	conditions	for	planar	waves	propagating	in	a	medium	without	charges	lead	to	Equation	5.78	expressing	an	important	constraint	for	the	proposed	solution	in	a	dispersion	relation,	i.e.,	a	relation	between	the	energy	of	the	system	and	its	corresponding	momentum	k	(ω).	In	the	case	of	free	space,	this	is	a	linear	function	(ω	=	kc)	with
a	slope	c,	the	so-called	light	line	(see	Figure	5.27).	Photonics	Summarizing,	we	conclude	that	in	a	source-free	region	for	time-harmonic	signals	Maxwell’s	equations	are	reduced	to	two	coupled	curl	equations,	and	these	two	curl	equations	combine	to	produce	the	wave	equation	for	E	or	B.	The	eigenfunctions	for	these	wave	equations	are	plane	waves
described	by	propagation	direction	vectors	called	k-vectors	that	have	a	length	of	2π/λ	and	result	in	wave	velocity	v	(the	k-vector	is	reciprocal	to	the	space	variation	of	the	wavelength).	The	two	curl	equations	have	zero	divergence,	and	this	requires	the	vectors	E	and	B	to	be	perpendicular	to	the	direction	of	propagation,	whereas	the	E	and	B	vectors
must	also	be	perpendicular	to	each	other.	In	the	section	below	on	electromagnetic	waves	at	boundaries,	we	will	learn	that	to	solve	electromagnetic	problems	involving	adjacent	regions	of	different	constitutive	parameters,	it	is	necessary	to	establish	the	boundary	conditions	that	the	field	vectors	E,	D,	B,	and	H	must	satisfy	at	the	interfaces	between	the
different	optical	materials.	These	boundary	conditions,	we	will	see,	are	established	by	applying	the	integral	form	of	Maxwell’s	equations	to	a	small	region	at	the	interface	of	the	contacting	media.	Plane	Wave	Solutions	for	Media	with	Charges	or	Currents	We	now	substitute	the	time-harmonic	electric	field	wave	E(r	,t)		E	m	e	i(k	–r	Wt	)	=	E	m	e	ik	–r	e
iW	–t		E	r	(r	)e	iW	–t	in	the	most	general	wave	equation	for	media	with	uE	u2E	ME	2	(Equacharges	and	currents		2E	MS	ut	ut	tion	5.57).	We	will	assume	here	nonmagnetic	materials	with	μ	=	μ0	(remember	that	the	magnetic	permeability	μ	=	μ0	⋅	μr,	where	μr	is	the	dimensionless	relative	permeability,	which	is	1	in	this	case)	to	obtain:	Substituting	E	r
(r	)	=	E	m	e	ik	–r	in	Equation	5.79	leads	to	the	following	constraint	expressed	in	a	new	dispersion	equation:	k2		W2	E(W)	v2	(5.80)	This	is	a	relation	between	the	wave	vector	k,	related	to	phase	variations	in	space,	and	ω,	the	angular	frequency,	related	to	phase	variations	in	time.	Note	that	a	higher	temporal	frequency	yields	a	higher	spatial	frequency,
and	a	large	permittivity	will	result	in	a	large	k	(short	wavelength).	The	“slow-down”	factor	of	an	electromagnetic	wave	in	a	material	relative	to	free	space	is	by	definition	the	refractive	c	c	index	n		(Equation	5.21).	With	n		we	can	v	v	rewrite	Equation	5.80	in	terms	of	the	refractive	index	n	and	the	velocity	of	light	in	free	space	c	as:	n2	2	W	or	c2	n	|k|		W
c	k2		(5.81)	which	in	the	case	of	free	space	with	n	=	1	simplifies	back	to	ω	=	kc.	Thus,	the	wave	equation	again	imposes	a	constraint	on	the	length	of	the	k-vector.	Below	we	will	analyze	this	dispersion	relation	in	terms	of	the	phase	velocity	of	a	wave	(v	p	=	ω/k	=	E/p)	and	the	group	velocity	(vg	=	dω/dk	=	dE/dp)	of	that	wave.	Characteristic	Vacuum	and
Medium	Impedance—η0	and	η	The	vacuum	impedance	η0	is	a	universal	constant	relating	the	magnitudes	of	the	electric	and	magnetic	fields	of	electromagnetic	radiation	traveling	through	free	space.	From	Equation	5.75:	H0		2	323	E	H		k	1	WM	0		M	0c				WE	E	0	c	k	M0	E	0	(5.82)	2		E(r	)		iWSE(r	)	EW	E(r	)	W2		E(r	)		2	E(W)E(r	)	v	2	with	an	effective
dielectric	contstant:	iS	E(W))		1	W	(5.79)	which	equals	376.73	ohms.	More	general,	for	a	uniform	plane	wave	the	ratio	of	the	magnitudes	of	E	and	H	is	the	intrinsic	impedance	of	the	medium	and	is	designated	η.	Again	from	Equation	5.75	it	follows:	H 	E	H		k	WM			WE	k	M	E	(5.83)	324	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-
and	Nanotechnology	Like	the	velocity	of	propagation,	the	intrinsic	impedance	is	independent	of	the	source	and	only	determined	by	the	properties	of	the	medium.		vg	Dispersion	Relations	in	Vacuum	and	in	Media	k	In	Vacuum	In	physics,	the	dispersion	relation	is	the	relation	between	the	energy	of	a	system	and	its	corresponding	momentum.	Here	we
analyze	the	dispersion	relation	ω(k)	from	Equation	5.81	in	terms	of	the	phase	velocity	of	a	wave	(v	p	=	ω/k	=	E/p)	and	the	group	velocity	(vg	=	dω/dk	=	dE/dp).	Remember	that	the	phase	velocity	of	a	wave	(v	p	=	ω/k	=	E/p)	is	not	necessarily	the	same	as	the	group	velocity	(vg	=	dω/dk	=	dE/dp)	of	that	wave.	Two	velocities	must	be	defined	when	dealing
with	multiple	waves,	with	the	phase	velocity	corresponding	to	the	speed	of	the	high-frequency	components	and	the	group	velocity	to	the	speed	of	a	localized	envelope.	Also,	the	phase	velocity	of	the	wave	is	the	rate	at	which	the	phase	of	that	wave	propagates	in	space,	or	it	is	the	velocity	at	which	the	phase	of	any	one	frequency	component	of	the	wave
propagates	and	the	group	velocity	we	saw	earlier	also	corresponds	to	the	light	“particle”	speed	(Chapter	3).	Because	the	group	velocity	vg	is	given	as	dω/dk,	we	calculate:	vg		dv	p	dW	d		(kv	p	)		v	p	k	dk	dk	dk	(5.84)	dv	P	=	In	a	nondispersive	medium	such	as	a	vacuum	dk	0,	the	group	and	phase	velocity	is	the	same	(v	p	=	vg),	or:	W	dW	vp			vg		c	k	dk
FIGURE	5.27	The	dispersion	relation—the	relation	between	the	energy	of	the	system	and	its	corresponding	momentum	k(ω)—is	a	linear	function	of	ω	in	the	case	of	vacuum	with	a	slope	c	=	vg	=	vp.	In	a	Medium	Dispersion	occurs	when	the	phase	velocity	vp	depends	on	k	(or	λ),	i.e.,	the	group	velocity	does	not	equal	the	phase	velocity	(see	Equation
5.85):	dv	p	x	0	or	v	g	x	v	p	dk	(5.86)	A	wave	packet	or	group	velocity	with	vg	=	dω/dk	less	than	the	phase	velocity	v	p	=	ω/k	is	illustrated	in	Figure	5.28	for	a	case	where	vg	=	v	p/2.	We	can	rewrite	the	group	velocity	(vg	=	dω/dk)	of	light	in	a	medium	also	in	terms	of	refractive	index	n	and	the	velocity	of	light	c.	For	the	group	velocity	we	then	derive	for
the	most	general	case:	vg		dW	c			dk	n	c	EM	(5.87)	c	and	n(W)2		EM	vg	(Equations	5.21	and	5.22),	and	the	dispersion	relation	then	becomes:	where	we	used	the	fact	that	n(W)		k(W)		W	n(W)W	W			EM	c	vg	c	(5.88)	(5.85)	This	is	of	course	the	same	result	we	obtained	earlier	as	a	constraint	when	substituting	a	planar	wave	[E(r	,t)		E	m	e	i(k	–r	Wt)	]	in	the
wave	equation	for	free	uE	space		2E		ME	2	(Equation	5.53).	Thus,	the	disu	t	persion	relation—the	relation	between	the	energy	of	the	system	and	its	corresponding	momentum	k(ω)—is	a	linear	function	of	ω	with	a	slope	c	=	vg	=	v	p	in	the	case	of	vacuum	as	shown	in	Figure	5.27.	We	will	use	this	important	equation	to	construct	a	μ-ε	quadrant	to	classify
all	materials	according	to	their	magnetic	permeability	μ	and	their	dielectric	constant	(or	permittivity)	ε.	From	Equation	5.88	we	can	also	calculate	the	group	velocity	vg	as	a	function	of	the	refractive	index:	vg		c	c/n		Wdn	Wdn	n	1	dW	ndW	(5.89)	Photonics	325	positive	for	most	frequencies	(vg	<	vp).	The	exception	is	in	regions	of	anomalous	dispersion,
regions	that	are	not	only	dispersive	but	also	absorbing,	that	is,	near	a	resonance.	To	explain	these	anomalous	regions	we	will	introduce	the	Lorentz	model	further	below.	We	can	summarize	the	frequency	dependence	of	the	refractive	index	n	shown	here	as	follows:	λ0	y(x,	t)	◾	Low	frequencies:	All	transitions	contribute	their	low-frequency	response	⇒
high	n.	◾	Between	resonances:	n	slowly	increases	=	“normal	dispersion.”	◾	Close	to	resonances:	n	rapidly	decreases	=	“anomalous	dispersion.”	◾	Above	resonance,	contribution	vanishes	⇒	n(ω)	mostly	because	of	higher	resonances.	◾	At	high	frequencies	(∼x-ray	wavelengths)	n	approaches	1.	We	more	often	think	of	the	refractive	index	in	terms	of
wavelength,	so	let	us	write	the	group	velocity	also	in	terms	of	the	vacuum	wavelength	λ0.	Using	the	chain	rule	we	can	write:	dn	dn	dL	0		dW	dL	0	dW	(5.91)	Now	λ0	=	2πc/ω	and:	2Pc	2Pc	L	02	dL	0				2	dW	2Pc	W2	¥	2Pc	´µ	¦¦	µµ	¦§	L	0	µ¶	(5.92)	Substituting	this	in	Equation	5.89,	we	obtain:	FIGURE	5.28	A	wave	packet	or	group	velocity	with	vg	=	dω/dk
less	than	the	phase	velocity	vp	=	ω/k	with	vg	=	vp/2.	Phase	velocity	vp	is	marked	by	blue	arrows,	and	the	group	velocity	vg	is	marked	with	red	dots.	and	finally:	vg		vp	W	dn	1	ndW	vg		c	c/n		Wdn	L	dn	n	1	0	dW	ndL	0	(5.93)	Right-	and	Left-Handed	Materials	(Metamaterials)	(5.90)	The	group	velocity	vg	equals	the	phase	velocity	when	dn/dω	=	0,	such	as
in	vacuum.	Otherwise,	because	n	usually	increases	with	ω,	dn/dω	>	0	and	vg	is	less	than	the	phase	velocity	vp.	This	is	illustrated	in	Figure	5.29,	where	we	plot	the	refractive	index	as	a	function	of	ω.	We	see	that	the	refractive	index	is	From	Maxwell’s	equations	we	derived	that	for	planar	waves	with	a	positive	μ	and	ε,	the	vectors	E	and	H	and	k	do
constitute	a	right	set	of	vectors	and	thus	one	defines	right-handed	materials	(RHMs)	as	illustrated	in	Figure	5.30a.	The	direction	of	E	×	H	is	called	the	beam	or	ray	direction.	In	vacuum	and	for	most	materials	the	“righthand	rule”	relates	E,	H,	and	k	because	normally	326	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology	"		#														!				!		!	!				FIGURE	5.29	Refractive	index	n	as	a	function	of	frequency	ω:	n(ω).	The	refractive	index	is	positive,	so	vg	<	vp	for	most	frequencies!	The	exception	is	in	regions	of	anomalous	dispersion,	absorbing	regions	near	a	resonance.	μ	>	0	and	ε	>	0.	But	in	1968,	Victor	G.	Veselago	postulated	that	if	the	permittivity	ε	and
permeability	μ	of	materials	are	negative	simultaneously,	there	is	no	violation	of	any	fundamental	physical	rules,	and	the	materials	will	have	special	optical	properties.3	For	a	material	with	μ	and	ε	negative,	the	vectors	E	and	H	and	k	form	a	left	set	of	vectors,	and	one	refers	to	them	as	left-handed	materials	(LHMs)	(Figure	5.30b).	For	left-handed
materials	n(ω)2	=	εμ	(Equation	5.22)	is	modified	to:	n(W)		p	EM	which	for	E		0	and	M		0	(5.94)	n(W)		EM	So	we	are	forced	by	Maxwell’s	equations	to	choose	a	negative	square	root	for	the	refractive	index.	Because	no	naturally	occurring	material	or	compound	has	ever	been	demonstrated	with	both	ε	and	μ	negative,	Veselago	wondered	whether	this
apparent	asymmetry	in	material	properties	was	just	(a)	If		then			and	is	a	right	set		of	vectors:	(b)	If		then			and	is	a	left	set	of	vectors:		FIGURE	5.30	(a)	Right-handed	(RHM)	and	(b)	left-handed	materials	(LHM).	happenstance	or	perhaps	had	a	more	fundamental	origin.	From	1996	onward,	strong	theoretical	and	experimental	evidence	started	emerging
that	lefthanded	materials,	now	called	metamaterials,	could	be	fabricated	(at	least	in	the	RF	range,	not	yet	in	the	optical	range).	In	Figure	5.17	we	show	a	picture	of	a	drinking	straw	in	a	glass	with	a	negative	refractive	index	water	n	=	−1.3	and	observe	an	apparent	bending	of	the	straw	in	the	opposite	direction	of	what	we	are	used	to	in	the	case	of
“normal”	water.	We	will	detail	metamaterials	further	below.	Whereas	in	conventional	materials	properties	derive	from	their	constituent	atoms,	in	metamaterials	properties	derive	from	their	constituent	units.	These	units	can	be	engineered	as	we	please.	Birefringence—Double	Refraction	In	the	daily	world	we	are	most	familiar	with	EM	waves	or	light



that	propagates	according	to	the	righthand	rule	(k	is	in	the	E	×	H	direction)	as	illustrated	in	Figure	5.30a.	Materials	in	which	this	is	the	case	are	isotropic	media,	and	the	dielectric	constant	ε	in	the	constitutive	relation	(D	=	ε	E;	Equation	3.38)	in	this	case	is	a	scalar.	Glass	is	an	example	of	an	isotropic	material	because	it	does	not	matter	how	light
passes	through	it.	The	characteristics	of	the	glass	are	such	so	that	it	has	no	different	effects	on	the	light	even	though	the	direction	of	the	beam	varies.	In	nature	one	also	has	materials	in	which	the	direction	of	k	is	not	exactly	along	the	E	×	H	direction;	the	angle	between	the	two	is	then	smaller	than	90°.	In	mathematical	terms,	this	means	k	⋅	(E	×	H)	>
0.	These	are	optically	anisotropic	media,	such	as	birefringent	calcite	crystals	(CaCO3),	quartz,	ice,	sugar,	Photonics	and	so	on.	Birefringence,	also	called	double	refraction,	was	first	observed	and	explained	in	the	17th	century	after	sailors	visiting	Iceland	brought	back	to	Europe	transparent	calcite	crystals	(Iceland	spar)	that	showed	double	images	of
objects	that	were	viewed	through	them	(Figure	5.31).	The	effect	was	first	explained	by	the	Dutch	physicist	Christiaan	Huygens	(1629–1695),	who	called	the	effect	double	refraction	that	involved	an	ordinary	and	an	extraordinary	wave.	The	extraordinary	ray	is	so	named	because	it	does	not	exhibit	ordinary	Snellius	law	(Equation	5.19)	behavior	on
refraction	at	the	crystal	surface.	As	light	travels	through	an	anisotropic	material,	such	as	calcite,	the	electromagnetic	waves	become	split	into	two	principal	vibrations,	which	are	oriented	mutually	perpendicular	to	each	other	and	perpendicular	to	the	direction	that	the	waves	propagate.	The	wave	whose	electric	vector	vibrates	along	the	major	axis	is
termed	the	ordinary	or	slow	wave	because	the	refractive	index	for	this	wave	is	greater	than	the	refractive	index	for	the	other	wave.	The	wave	vibrating	perpendicular	to	the	slow	wave	is	termed	the	fast	or	extraordinary	wave.	The	dielectric	tensor	in	the	constitutive	Equation	3.38	(D	=	εE)	in	the	case	of	an	optically	anisotropic	material	with	a	single
optical	axis	(calcite,	quartz,	or	any	tetragonal,	hexagonal,	or	rhombohedral	crystal)	is	a	tensor	of	rank	two	given	by:	¨	E	xx	©	E	©0	©ª	0	0	E	xx	0	0·	¸	0¸	E	zz	¸¹	(5.95)	In	a	crystal	like	this	there	exists	a	single	optical	axis,	the	ordinary	optical	axis,	where	light	propagation	is	327	isotropic.	In	all	other	directions,	two	orthogonally	polarized	waves	with
different	velocities	do	propagate;	these	are	called	the	extraordinary	rays.	Birefringence	is	widely	used	in	optical	devices,	such	as	liquid	crystal	displays,	light	modulators,	color	filters,	wave	plates,	optical	axis	gratings,	and	so	on.	In	Volume	III,	Chapter	6	on	metrology	we	encounter	the	phenomenon	in	both	ellipsometry	(measures	the	polarization	of
light),	and	in	Volume	II,	Chapter	10	(Figure	10.8),	we	compare	birefringence	of	polymer	MEMS	structures	made	with	different	replication	techniques	to	evaluate	their	stress	levels.	Birefringence	should	not	be	confused	with	dichroism,	which	itself	has	two	related	but	distinctly	different	meanings	in	optics.	A	dichroic	material	is	either	one	that	causes
visible	light	to	be	split	up	into	distinct	beams	of	different	colors,	or	one	in	which	light	rays	having	different	polarizations	are	absorbed	by	different	amounts.	Light	that	passes	through	an	isotropic	crystal	is	absorbed	in	the	same	way	in	all	directions,	but	in	an	anisotropic	crystal,	the	light	is	absorbed	differently,	depending	on	its	direction	of	travel
through	the	crystal.	Isotropic	colored	crystals	show	no	color	change	as	they	are	rotated	in	plane	polarized	light,	whereas	anisotropic	crystals	show	a	distinct	change	in	color	when	they	are	viewed	in	different	directions.	An	anisotropic	crystal	may	produce	a	number	of	different	colors,	known	as	pleochroism.	When	only	two	colors	are	observed,	it	is
called	dichroism.	Such	devices	include	mirrors	and	filters,	usually	treated	with	optical	coatings,	which	are	designed	to	reflect	light	over	a	certain	range	of	wavelengths	and	transmit	light	that	is	outside	that	range.	An	example	is	the	dichroic	prism,	used	in	some	camcorders,	which	uses	several	Birefringent	crystal	n2	Extraordinary	Optical	axis
Unpolarized	ray	Ordinary	n1	FIGURE	5.31	As	light	travels	through	an	anisotropic	material,	such	as	calcite,	the	electromagnetic	waves	become	split	into	two	principal	vibrations.	In	this	double	diffraction	mode,	an	ordinary	and	an	extraordinary	wave	are	involved	that	are	oriented	mutually	perpendicular	to	each	other	and	perpendicular	to	the	direction
that	the	waves	propagate.	328	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	coatings	to	split	light	into	red,	green,	and	blue	components	for	recording	on	separate	charge-coupled	device	(CCD)	arrays.	This	kind	of	dichroic	device	does	not	usually	depend	on	the	polarization	of	the	light.	The	second	meaning	of
dichroic	refers	to	a	material	in	which	light	in	different	polarization	states	traveling	through	it	experiences	a	varying	absorption.	The	term	came	about	because	of	early	observations	of	the	effect	in	crystals	such	as	tourmaline.	In	these	crystals,	the	strength	of	the	dichroic	effect	varies	strongly	with	the	wavelength	of	the	light,	making	them	appear	to
have	different	colors	when	viewed	with	light	having	differing	polarizations.	This	is	more	generally	referred	to	as	pleochroism,	and	the	technique	can	be	used	in	mineralogy	to	identify	minerals.	Dichroic	crystals	were	researched	by	Edwin	Land	in	1930,	who	invented	a	polarizing	material	that	would	be	called	Polaroid	and	result	in	a	huge	benefit	to	the
camera	industry.	The	material	he	invented	was	herapathite	(iodoquinine	sulfate),	in	which	the	effect	is	not	strongly	dependent	on	wavelength,	and	so	the	term	dichroic	is	something	of	a	misnomer	but	still	used.	Energy	and	Momentum	and	Electromagnetic	Waves	may	also	write	it	out	in	terms	of	magnetic	field	B	to	obtain:	U		U		1	B2	1	E0E	2	2	M0	2
(5.98)	Writing	the	total	energy	out	in	terms	of	both	E	and	B,	we	derive:	U		E	0	E	2		E	0	EcB		E	0	EB	E0M	0	E0	EB	M0		S	1	dU	EB		A	dt	M0	(5.100)	The	direction	of	S	is	along	k	and	perpendicular	to	E	and	B	for	right-handed	materials;	for	lefthanded	materials,	k	is	still	perpendicular	to	E	and	H	(we	can	use	B	or	H	because	B	=	μH)	but	opposite	the
Poynting	vector	as	shown	in	Figure	5.32.	Mathematically	more	correct,	the	Poynting	vector	is	usually	written	out	as:	S	1	(E	s	B)	M0	(5.101)	Because	S,	E,	and	H	always	form	a	right-handed	set,	two	types	of	substances	can	be	identified:	righthanded	substances	with	S	parallel	to	k,	and	lefthanded	substances	with	S	antiparallel	to	k	(see	also	Figure
5.30).	Because	k	denotes	the	direction	of	phase	velocity	(v	p	=	ω/k	=	E/p)	and	S	denotes	the	direction	of	group	velocity	(vg	=	dω/dk	=	dE/dp),	in	right-handed	materials	phase	velocity	(along	k)	E	(5.96)	Right-handed	E*	k	From	Equation	5.78,	E/B	=	c,	and	because	(e0μ0)	1/c,	we	can	rewrite	Equation	5.96	as:	Total	energy		E	0	E	2	−1/2	=	(5.97)	The	E
field	and	the	B	field	each	contribute	half	of	the	total	energy	in	an	electromagnetic	wave.	As	we	just	wrote	out	the	total	energy	in	terms	of	the	E	field,	we	(5.99)	Now	let	us	get	back	to	the	Poynting	vector	S:	the	energy	the	wave	transports	per	unit	time	per	unit	area	is	given	by:	Energy	in	EM—The	Poynting	Vector	Electromagnetic	waves	transfer	energy
from	one	place	to	another.	The	Poynting	vector	S	describes	that	energy	flux	(Jm−2	s−1).	It	is	named	after	its	“inventor,”	the	English	physicist	John	Henry	Poynting	(1852–1914).	The	vector	S	points	in	the	direction	of	energy	flow,	and	its	magnitude	is	the	power	per	unit	area	crossing	a	surface	normal	to	it.	The	total	energy,	U,	in	an	EM	wave	is	the	sum
of	the	electrical	and	magnetic	contributions:	B2	M	S	k,	S	H	Left-handed	H*	(a)	(b)	FIGURE	5.32	The	phase	velocity	(along	k)	and	group	velocity	(along	the	Poynting	E	×	H	vector)	are	in	the	same	direction	(a)	but	in	left-handed	materials.	The	group	and	phase	velocities	are	in	opposite	directions	(b)	(see	also	Figure	5.30).	Photonics	and	group	velocity
(along	the	Poynting	E	×	H	vector)	are	in	the	same	direction.	In	left-handed	materials,	group	and	phase	velocity	are	in	opposite	directions.	The	left-handed	substances	have	negative	group	velocity	that	occurs	in	anisotropic	systems	or	when	there	is	spectral	dispersion.	We	delve	into	these	matters	deeper	when	we	discuss	metamaterials	in	more	detail
further	below.	$P		$P		$U	c	(5.102)	with	ΔU	the	energy	absorbed	by	the	material	over	a	time	Δt	and	c	the	speed	of	light.	If	in	contrast	the	radiation	is	completely	reflected,	the	momentum	transfer	becomes	twice	as	large,	or:	$P		2$U	c	(5.103)	For	intermediate	cases	between	total	absorption	and	total	reflection,	one	generalizes	Equations	5.102	and
5.103	to	read:	(5.104)	Because	a	real	surface	will	always	absorb	and	reflect	some	of	the	energy,	κ	is	a	constant	between	1	and	2.	From	Newton’s	second	law	we	can	calculate	the	force	and	the	pressure.	The	average	rate	of	energy	in	the	beam	is	related	to	the	Poynting	vector	by:	dU	A		SA		(E	s	B)	dt	M0	Momentum	of	EM:	Radiation	Pressure	Because
magnetic	waves	carry	energy,	see	above,	they	also	deliver	punch	or	momentum	to	a	surface	they	are	reflected	off	or	absorbed	in	(think	about	a	sun	sail;	Figure	5.33).	The	force	they	exert	on	the	material	as	a	result	is	given	by	F	=	dP/dt.	The	force	per	unit	area	exerted	by	electromagnetic	waves	is	called	radiation	pressure.	Maxwell	predicted	the
existence	of	radiation	pressure	and	showed	that	if	a	beam	of	electromagnetic	radiation	is	fully	absorbed	by	a	material,	then	the	momentum	transfer	is	given	by:	K$U	c	329	(5.105)	with	A	the	cross-section	of	the	object	that	the	beam	is	hitting.	The	radiation	pressure	is	given	by:	P	F	1	dP	1	dU	S				A	A	dt	Ac	dt	c	if	light	is	fully	absorbed	and	P	(5.106)	2S	c
if	light	is	fully	reflected	Laser	tweezers	are	another	example	dramatically	illustrating	the	utility	of	radiation	pressure	(Figure	5.34).	With	optical	tweezers	one	can	manipulate	nanometer	and	micrometer-sized	dielectric	particles	by	relying	on	the	small	forces	contained	in	a	highly	focused	laser	beam	(even	a	single	atom	can	be	manipulated!.	Arthur
Ashkin	and	colleagues	first	demonstrated	laser	tweezers	in	1970	at	Bell	Labs.4	With	forces	in	the	pN	range	optical	tweezers	can	be	used	to	manipulate	and	move	small	objects,	measure	small	forces,	and	build	up	structures	of	small	particles.	The	“Lilliputian”	optical	force	pulls	the	object	toward	the	focal	volume	of	the	beam,	and	FIGURE	5.33	Sun	sail.
Sunlight	striking	the	sail	creates	a	force	that	pushes	the	spaceship	away	from	the	sun,	much	as	the	wind	propels	a	sailboat.	330	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Specimen	plane	Objective	Laser	Optical	trap	(a)	Laser	light	y	Fgradient	x	Fscattering	z	(b)	FIGURE	5.34	Laser	tweezers—an	example	of
the	use	of	radiation	pressure.	(a)	The	beam	is	focused	through	a	microscope	objective.	The	beam	waist,	contains	a	very	strong	electric	field	gradient.	Dielectric	particles	are	attracted	along	the	gradient	to	the	region	of	strongest	electric	field,	which	is	the	center	of	the	beam.	(b)	This	spot	creates	an	“optical	trap”	which	is	able	to	hold	a	small	particle	at
its	center.	The	forces	felt	by	this	particle	consist	of	the	light	scattering	and	gradient	forces	due	to	the	interaction	of	the	particle	with	the	light.	by	moving	the	focal	volume	of	the	beam	one	can	cause	the	object	to	move.	In	Figure	5.34a	we	show	a	laser	beam	focused	by	a	microscope	objective	into	a	small	spot	on	a	specimen	(e.g.,	a	nanoparticle).	This
focussed	spot	constitutes	an	“optical	trap”	capable	of	holding	a	small	particle	at	its	center.	In	Figure	5.34b	we	illustrate	how	exactly	such	an	optical	trap	works.	Two	forces	are	shown	to	be	at	play	:	1)	Fscattering	which	is	the	scattering	force	and	points	in	the	direction	of	the	incident	light	(z,	see	axis),	and	2)	Fgradient,	which	is	the	gradient	force,	due
to	the	gradient	nature	of	the	Gaussian	light	intensity	profile	(x-y	plane).	As	we	just	learned,	light	carries	momentum	and	momentum	is	proportional	to	its	energy	in	the	direction	of	its	propagation.	A	change	in	direction	of	the	incoming	light	by	reflection	or	refraction,	results	in	a	change	of	the	momentum	of	the	incoming	photons.	That	momentum
change,	conservation	of	momentum	dictates,	causes	the	dielectric	particles	in	the	path	of	the	light	to	undergo	an	equal	and	opposite	momentum	change	and	this	is	what	causes	a	force	to	act	on	particles.	When	the	light	of	a	Gaussian	laser	beam	interacts	with	a	small	particle,	the	light	rays	are	bent	(two	example	rays	are	illustrated	in	Figure	5.34b).
Summing	all	the	forces	results	in	a	resultant	force	for	Fscattering	(z-direction)	and	one	for	Fgradient	(x-y	plane).	With	the	contribution	to	Fscattering	of	the	refracted	rays	larger	than	that	of	the	reflected	rays	a	restoring	force	is	created	along	the	z-axis,	and	a	stable	trap	is	established.	In	modern	equipment	the	image	of	the	trapped	particle	can	be
projected	onto	a	quadrant	photodiode	to	measure	nm-scale	displacements.	A	continuous	wave	(CW),	low-power	laser	was	used	to	“optically	trap”	individual	bacteria	and	protozoa.	Steven	Chu,	who	was	at	Stanford	at	the	time,	showed	that	lasers	could	be	used	to	manipulate	molecules.	He	and	his	team	famously	attached	polystyrene	beads	at	the	end	of
DNA	and	pulled	on	the	beads	to	stretch	the	DNA	molecule.	Others	have	used	laser	tweezers	to	study	kinesin	motors	(see	Volume	III,	Figure	2.33).	Laser	scissors	were	in	use	earlier	than	laser	tweezers.5	Laser	scissors	are	shortpulsed	and	high-irradiance	(energy	reaching	the	surface	in	a	given	amount	of	time)	beams,	whereas	tweezers	are	continuous
and	of	low	irradiance.	The	CW	lasers	can	cause	a	1.15–1.45°C	increase	per	100	mW	of	laser	power.	If	the	heat	dissipation	is	inefficient,	the	laser	can	produce	10	times	that	power.	Therefore,	in	the	case	of	tweezers,	the	target	must	be	transparent	to	not	store	significant	energy.	The	Complex	Refractive	Index	n	c	and	the	Complex	Wave	Vector	k	As	we
saw	above,	at	optical	frequencies,	electric	fields	in	homogeneous	media	have	solutions	of	the	form	E		E	me	i(k	x–	x	Wt	)	and	B		Bm	e	i(k	x–	x	Wt	)	(E	along	the	z-axis,	B	along	the	y-axis,	and	k	along	the	x-axis;	see	Equation	5.70).	For	nonmagnetic	materials	with	μ	=	μ0,	this	results	in	a	dispersion	equation	k	2	=	c	W2	E(W)	(Equation	5.80),	and	with	n	
this	can	2	v	v	n2	also	be	expressed	as	k	2		2	W	2	(Equation	5.81).	c	This	dispersion	relation	for	the	case	where	the	refractive	index	n	is	a	real	number	correctly	describes	transparent	materials.	To	describe	a	material	that	is	also	absorbing	and	features	the	anomalous	regions	we	typically	observe	in	plots	of	the	refractive	index	as	a	function	of	frequency
(see,	for	example,	Figure	5.29),	we	need	to	introduce	a	complex	wave	vector	k	and	a	complex	refractive	index	nc.	Photonics	n	2P	W		with	a	c	L/n	real	refractive	index	n	must	be	replaced	by	a	complex	n	2P	wave	vector	k		c	W		with	a	complex	c	L	/	nc	refractive	index	nc.	Thus,	the	real	wave	vector	k		The	complex	refractive	index	nc	is	given	as:	n	c		n	+
iK	(5.107)	with	n	the	refractive	index	and	κ	the	extinction	coefficient	of	the	material.	It	follows	that	the	dispersion	Equation	5.81	then	is	transformed	as:	E	x	(	x,t)		E	m	(	x	,	W)e	¥	Wn	´	WK	x	WK	µ	x	i	¦§	¶	c	c	damping/	absorption	e	331	(5.109)	propagation	which	represents	a	traveling	damped	wave	(Figure	5.35).	The	optical	intensity	of	this
electromagnetic	wave	is	calculated	as:	2	I	t	E		I0	e	2WK	x	c		I0	e	Ax	(5.110)	KW	4	PK			c	L	2kK.	Note	that	α	>	0	means	absorption	and	α	<	0	means	gain	(see	lasers	at	the	end	of	this	chapter),	and	a	propagation	coefficient	is	defined	as	¥	W´	B		¦	µ	n		kn	.	The	complex	wave	vector	in	§c¶	Equation	5.108	can	be	written	out	in	terms	of	this	absorption
coefficient	α	and	the	propagation	coefficient	β	as:	with	the	absorption	coefficient	A		2	k(W)		p	(n	+	iK)W	c	(5.108)	The	Kramers-Krönig	relation	links	the	real	and	complex	parts	of	the	complex	refractive	index	(i.e.,	the	refractive	index	n	and	κ	the	extinction	coefficient).	If	you	know	one,	you	can	calculate	the	other	one.	The	macroscopic	quantities	n	and
κ	in	Equation	5.108	will	now	be	derived	from	the	microscopic	functions	χ	and	εr,	i.e.,	from	the	complex	electric	susceptibility	and	the	complex	permittivity,	respectively.	Substituting	the	complex	wave	vector	in	the	proposed	wave	solution	(Equation	5.70),	we	obtain:										k		k	a	ik	aa		B	i	(5.111)	The	real	part	of	the	complex	wave	vector	(k)	is	k′	=	β	and
the	imaginary	part	k′′	=	α/2;	in	other	words,	the	real	part	of	the	complex	wave	vector	corresponds																			FIGURE	5.35	A	traveling	damped	wave.	A	2	332	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	to	the	propagation	coefficient	and	the	imaginary	part	corresponds	to	the	absorption	coefficient	of	the
material.	Substituting	the	complex	wave	vector,	written	out	in	this	format,	into	the	proposed	wave	solution	[E	=	E	mei(k	⋅	x−ωt)]	(for	simplicity	we	have	dropped	the	sub	x	for	the	wave	vector	k),	we	obtain:		E	x	(	x,t)		E	m	(	x,W)e	k	aax	e	i	k	ax	Wt	A	x		E	m	(	x,W)e	2	e	iBx	Wt	absorption	(5.112)	propagation	for	transparent	materials	κ	(5.143)	Note	that
the	reflection	coefficient	r	in	Equations	5.136	and	5.138	can	be	positive	or	negative,	depending	on	the	relative	sizes	of	the	intrinsic	impedances	of	the	two	media.	The	transmission	coefficient	t,	on	the	other	hand,	is	always	positive	(see	Equations	5.137	and	5.139).	Importantly,	Equations	5.136–5.139	also	hold	when	the	media	are	dissipative,	i.e.,	when
η1	and/or	η2	are	complex.	A	complex	r	(or	t)	means	that	a	phase	shift	is	introduced	at	the	interface	on	reflection	(or	transmission).	Reflection	and	transmission	are	related	by:	t(ω)	=	1	+	r	(ω)	(5.144)	The	same	boundary	conditions	derived	above	require	the	components	of	the	complex	wave	vector	k	(see	Equation	5.111)	parallel	to	the	surface	to	be	the
same	on	both	sides	of	the	boundary.	When	a	sinusoidal	plane	wave,	with	angular	frequency	ω	and	propagation	wave	vector	k,	travels	in	the	x-direction	in	a	linear	dielectric	with	a	scalar	permittivity	and	no	free	charge	or	currents	present,	any	dissipative	process	leads	to	phase	lag	and	a	complex	wave	vector.	Thus,	a	transmitted	wave	in	a	medium	is
attenuated	because,	by	the	dispersive	relation	for	electromagnetic	waves,	the	wave	vector	in	the	medium	is	related	to	the	incident	k	in	vacuum	by	(n	+	iκ)k,	or	the	incident	wave,	E	i	(	x	)		E	im	e	i(k	–	x	Wt),	is	modified	to:	E	mt		E	m	exp	[i(n	iK)k	x	Wt)]		exp	(	Kk	x)	exp	[i(nk	x	Wt)]	(5.145)	attenuation	propagation	Continuity	of	E	and	B	at	the	interface
(surface	of	i	r	t	the	medium)	dictates	that	E	m	E	m		E	m	(Equation	5.133),	or:	kE	im	kE	rm		(n	iK)kE	mt	or	E	im	E	rm		(n	iK)(E	im	E	rm	)	(5.146)	(n	iK	1)E	im		(1	n	iK)E	rm	Thus,	we	obtain	for	the	reflectivity	at	normal	incidence:	r(W)		E	rm	¥	n	iK	1	´	n	c	1			E	im	¦§	n	iK	1	µ¶	n	c	1	(5.147)	But	the	quantity	measured	in	experiments	is	reflectance	R,	defined
as	the	ratio	of	the	reflected	intensity	to	the	incident	intensity	(see	above),	or:	R(W)		E	rm	E	im	2	2	2	(n	1)2	K	2	n	1		c		nc	1	(n	1)2	K	2	(5.148)	When	R	=	0,	there	is	no	reflection,	and	this	occurs	with	n	=	1,	κ	=	0,	and	R	=	1	when	either	n	or	κ	becomes	large.	It	is	difficult	to	measure	the	phase	θ(ω)	of	the	reflected	wave,	but	it	can	be	shown	that	it	can	be
calculated	from	the	measured	reflectance	R(ω)	if	this	is	known	over	all	frequencies.	With	both	R(ω)	and	θ(ω)	known	we	can	use	Equation	5.148	to	calculate	n(ω)	and	κ(ω).	Above	we	saw	that	n(ω)	and	κ(ω)	are	related	to	the	complex	dielectric	function	εr	as:	n	c	(W)		n(W)	iK(W)		E	ra	(W)	iE	raa(W)	(5.113	and	5.115)	Thus,	plugging	the	values	for	n(ω)
and	κ(ω)	in	Equation	5.113	we	obtain	the	complex	dielectric	function.	The	values	for	the	refractive	index	n	and	extinction	coefficient	κ	are	not	independent;	they	are	linked	by	the	Kramers-Krönig	relations.	The	KramersKrönig	relations	enable	us	to	find	the	real	part	of	the	response	of	a	linear	passive	system	if	we	know	337	Photonics	TABLE	5.3	Optical
Coefficients	TABLE	5.4	Semiconductors:	Transparency	Range	(T),	Bandgap	Wavelength,	and	Refractive	Index	Relative	Dielectric	Constant	εr	=	1	+	χe(ω)	Crystal	na		(	Era	)2	(	Eraa	)2	Era	2	Imaginary	part	of	refractive	index	naa		(Era	)2	(Eraa	)2	Era	2	Absorption	coefficient	A		2	W	naa	c	Reflectivity	r(W	)		¥	n	iK	1´	nc	1	Erm	¦		i	Em	§	n	iK	1µ¶	nc	1	Real
part	of	refractive	index	Reflectance	R(W	)		r	m	i	m	2	2	Ge	Si	GaAs	CdTe	CdSe	ZnSe	ZnS	2	|E	|	(n	1)	K		|E	|2	(n	1)2	K	2	the	imaginary	part	of	the	response	at	all	frequencies,	and	vice	versa:	d	n(W)	1		1	K(W	a)	P°	dW	a	P	d	W	a	W	d	K(W)		(5.149)	1	n(W	a)	1	P°	dW	a	P	d	Wa	W	where	P	denotes	the	Cauchy	principal	value.	Either	of	these	equations,	plus	a
knowledge	of	R(ω)	at	all	frequencies,	permits	one	to	disentangle	the	separate	values	of	n(ω)	and	κ(ω).	The	previous	discussion	makes	it	clear	that	the	refractive	index	of	a	semiconductor	can	also	be	determined	from	a	sometimes	more	practical	transmission	measurement.	In	Table	5.3	we	summarize	the	important	optical	coefficient	properties	deduced
so	far.	In	Table	5.4	we	list	a	number	of	semiconductors	with	their	transparency	range,	the	refractive	index,	and	the	wavelength	corresponding	to	their	bandgap.	Example	5.3*:	Surface	reflectance	R	of	Ge.	At	400	nm	the	complex	refractive	index	nc	for	Ge	=	4.141	+	i2.215.	Calculate	the	1)	wave	propagation	speed	v,	2)	absorption	coefficient	α,	and	3)
reflectance	R.	1.	v	=	c/n	=	2.998	×	108/4.141	=	7.24	×	107	m/s	2.	α	=	4π	×	2.215/400	×	10	−9	=	6.96	×	107	m−1	(4.141	1)2	2.2152	3.	R	=		47.1%	(4.141	1)2	2.2152	*	All	three	examples	are	from	Mikael	Mulot’s	class	notes.	Transparency	Range	(μm)	λg	(μm)	n	1.8–23	1.2–15	1.0–20	0.9–14	0.75–24	0.45–20	0.4–14	1.8	1.1	0.87	0.83	0.71	0.44	0.33	4.00
3.42	3.16	2.67	2.50	2.41	2.20	Example	5.4:	Transmittance	T	through	Si.	The	reflectance	of	a	10-μm-thick	Si	slice	at	633	nm	=	35%	and	α	=	3.8	×	10	−5	m−1.	Calculate	the	transmittance	T.	For	αl	=	(3.8	×	10	−5)(10	×	10	−6)	=	3.8.	As	a	result	we	obtain	for	T	=	(1	−	R)2e−αl	=	(1–35%)2e−3.8	=	0.0095.	Example	5.5:	Reflectance	R	and	absorption
coefficient	α	of	NaCl.	The	complex	relative	dielectric	constant	at	60	μm	for	NaCl	is	−16.8	+	i91.4.	Calculate	1)	α	and	2)	R:	n	1	2	16.8	(	16.8)2	91.42		6.17	1	16.8	(	16.8)2	91.42		7.41	2	4	PK	4	P	s	7.41			1.55	s	106	m	1	we	derive	for	A		L	60	s	10	-6	1.	With	K		2.	R		(6.17	1)2	7.412		76.8%	(6.17	1)2	7.412	Bulk,	Surface,	and	Localized	Plasmons:	Plasmonics
Introduction	Plasmons	are	electron	density	waves	that	can	carry	huge	amounts	of	data	and	that	can	be	squeezed	into	miniscule	metal	structures,	holding	the	promise	of	a	new	generation	of	superfast	computer	chips,	ultrasensitive	molecular	detectors,	microscopes	with	improved	subwavelength	resolution	(near-field	scanning	optical	microscopes;
NSOMs),	better	exploitation	of	nonlinear	optics,	sensitive	optical	studies	of	surfaces	and	interfaces,	fabrication	of	an	infinite	variety	of	brightly	colored	metal	nanoparticles,	338	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	better	light-emitting	diodes,	higher-resolution	lithography,	and	perhaps	even	the
possibility	of	altering	the	electromagnetic	field	around	an	object	as	to	render	it	invisible	(cloaking).	In	2000,	Harry	A.	Atwater	from	Caltech	gave	the	name	of	“plasmonics”	to	this	promising	emerging	field.6	In	Chapter	3	we	saw	how	a	metal	may	exhibit	collective	longitudinal	oscillations	of	the	free	electron	gas	density,	often	at	optical	frequencies.	A
plasmon	is	a	quantum	of	a	plasma	oscillation	that	is	excited	by	passing	an	electron	through	a	material	or	by	reflecting	an	electron	or	a	photon	off	a	material.	It	is	a	result	of	the	quantization	of	the	plasma	oscillations	just	as	photons	and	phonons	are	quantizations	of	light	and	sound	waves,	respectively.	In	other	words,	reflected	or	transmitted
electrons/photons	lose	an	amount	of	energy	that	equals	an	integral	number	of	times	the	plasmon	energy.	A	plasmon	can	also	couple	with	a	photon	to	create	a	plasma	polariton.	The	most	discussed	types	of	polaritons	are	phononpolaritons,	resulting	from	the	coupling	of	an	infrared	photon	with	an	optical	phonon;	exciton-polaritons,	resulting	from	the
coupling	of	visible	light	with	an	exciton;	and	surface	plasmon-polaritons,	resulting	from	the	coupling	of	surface	plasmons	with	light.	Plasmons	can	be	observed	experimentally	using	electron	energy	loss	spectroscopy	(EELS).	In	EELS,	electrons	are	accelerated	to	a	defined	energy	and	are	then	shot	onto	a	thin	foil	of	the	material	under	investigation.	The
number	and	energy	of	the	transmitted	electrons	are	measured.	These	electrons	are	able	to	excite	plasmons,	which	then	appear	as	a	more	or	less	sharp	dip	in	the	number	of	transmitted	electrons	at	an	energy	loss	equal	to	the	plasma	frequency.	bulk	plasmon	frequency	ωp,	defined	as	W	p		ne	2	me	E	0	(Equation	3.41),	and	at	frequencies	above	ωp,	the
metal	becomes	transparent	and	dielectric-like,	whereas	below	it	is	reflective	and	conductive.	The	bulk	plasmon	resonance	of	silver,	for	example,	occurs	at	=	ωp	=	3.76	eV.	In	Figure	5.27,	we	saw	that	the	dispersion	relation,	the	relation	between	the	energy	of	the	system	and	its	corresponding	momentum	k(ω),	in	a	vacuum,	is	a	linear	function	of	ω	with
a	slope	c	=	vg	=	v	p	(velocity	of	light	=	group	velocity	=	phase	velocity).	The	straight	line	in	Figure	5.27	is	referred	to	as	the	light	line.	We	also	established	that	the	dispersion	relation	in	a	medium	is	no	longer	a	straight	W	n(W)W	W	line	but	is	given	by:	k(W)				EM	vg	c	c	(Equation	5.88).	If	we	consider	a	highly	conductive	system,	where	the	damping
factor	γ	is	very	small,	the	real	component	of	the	dielectric	constant	W	2p	E	ra	(W	,	k)	z	1	2	(Equation	3.44)	dominates	with	W	W	2p	G	the	imaginary	component	E	raa(W	,	k)	z	3	(Equation	W	3.45)	tending	to	zero.	In	other	words,	Equation	3.44	is	the	expression	for	the	dielectric	constant	when	only	the	conduction	electrons	contribute,	and	damping	is
neglected.	The	Drude	model,	in	this	case,	predicts	a	monotonous	decrease	of	E	r	(W	,	k)	for	decreasing	frequency,	and	experiments	confirm	that	E	ra	(W	,	k)	becomes	zero	when	ω	=	ωp	in	such	case	(see	Figure	3.9.	When	E	ra	(W)	becomes	zero	at	ω	=	ωp,	the	material	supports	free	longitudinal	collective	modes	for	which	all	electrons	oscillate	in	phase.
The	dispersion	relation	for	bulk	plasmons	from	Equation	5.88	is	then	given	as:	Bulk	Plasmons	In	Chapter	3	we	explained	electron	oscillations	in	a	metal	using	the	Drude	model	of	metals.	In	the	Drude	model	the	metal	is	treated	as	a	3D	crystal	of	positively	charged	ions	with	a	delocalized	electron	gas	moving	in	a	periodic	potential	of	this	ion	grid,	i.e.,	as
a	plasma.	Based	on	that	model,	we	calculated	the	complex	dielectric	constant	of	the	bulk	·	¨	W2	plasma	as	E(W	,	k	)		E	0	©1	2	p	¸	(Equation	3.40).	(W	iG	W)	¸¹	©ª	The	plasma	exhibits	resonance	absorption	at	the	W	2	W	2p		c	2	k	2	(5.150)	as	shown	in	Figure	5.39,	where	we	also	mark	the	light	line	(ω	=	ck).	It	is	clearly	seen	that	when	ω	is	less	than	ωp
there	is	no	propagating	solutions	and	the	wave	vector	is	imaginary.	Surface	Plasmons	Surface	plasmons	are	those	plasmons	that	are	confined	to	surfaces	and	that	interact	strongly	with	light,	resulting	in	a	polariton.	They	occur	at	the	interface	of	a	vacuum	or	a	material	with	a	positive	Photonics													!					FIGURE	5.39	Dispersion	of	bulk	plasmon.	The
light	line	is	also	marked	(vphase	=	c).	dielectric	constant	(a	dielectric)	and	that	of	a	negative	dielectric	constant	(usually	a	metal	or	doped	dielectric)	(Figure	5.40).	Surface	plasmons	are	a	subset	of	the	“eigenmodes”	of	the	free	electrons	in	a	metal	or	doped	dielectric,	with	the	electronic	oscillations	being	excited	parallel	to	the	surface	of	the	metal	and
a	surrounding	dielectric.	Because	all	electrons	may	participate	in	the	oscillations,	plasmons	can	interact	strongly	with	light	of	the	right	frequency.	With	wave	vectors	much	smaller	than	the	Fermi	wave	vectors	of	metals,	these	wave	modes	can	be	described	by	Maxwell’s	equations.	Quantum	mechanical	considerations	only	are	necessary	for	the	shortest
plasmon	wavelengths.	At	low-surface	plasmon	wave	vectors,	the	behavior	of	these	surface	modes	can	be	understood	intuitively.	In	this	regime,	they	are	essentially	transverse	in	character,	and	these	transverse	fields	generate	a	polarization	in	the	dielectric,	which	is	aligned	with	the	stimulating	field.	In	the	metal,	however,	the	polarization	is	in	the
opposite	direction	of	the	applied	field	owing	to	its	negative	dielectric	constant.	Now	the	stimulating	field	is	creating	equal	and	opposite	electric	displacements	(D),	in	phase	with	339	each	other	across	an	interface.	These	opposing	electric	displacements	serve	to	attract	and	confine	the	current	to	the	interface,	thus	generating	the	collective	electron
oscillations	of	the	surface	plasmon.	Figure	5.41	illustrates	vertical	and	horizontal	polarized	waves.	In	vertical	polarization	(s-polarization	from	the	German	senkrecht),	the	E	field	is	perpendicular	to	the	plane	of	incidence.	In	horizontal	polarization	(p-polarization),	the	E	field	is	parallel	to	the	plane	of	incidence.	Starting	from	the	Maxwell’s	equations,
we	derive	the	characteristics	for	the	plasmonic	system	shown	in	Figure	5.42a.	Light	that	is	p-polarized	(see	Figure	5.41)	will	create	polarization	charges	at	the	interface	as	illustrated	in	Figure	5.42b.	These	charges	give	rise	to	surface	plasmon	modes.	With	an	s-polarized	incident	radiation	no	such	polarization	charges	are	created	at	the	interface;	thus,
these	EM	waves	cannot	excite	surface	plasmon	modes.	We	assume	that	the	free	current	J	is	zero,	that	the	relative	permeability	(μr)	of	both	media	to	be	unity,	and	that	the	wave	is	propagating	in	the	x-direction.	The	EM	field	of	surface	plasmons	propagates	on	the	surface	in	the	x-direction.	The	Hy	is	the	magnetic	field	in	the	y-direction	of	the	incident
p-polarized	wave.	Thus,	the	components	of	the	E	and	H	fields	are	E	=	(E	x	,	0,	Ey)	and	H	=	(0,	Hy,	0),	and	the	interface	between	the	metal	and	dielectric	is	at	z	=	0.	As	we	saw	above,	the	constraints	imposed	on	the	transverse	E	and	H	field	components	at	a	boundary	are	that:	E1x		E	2x	H1y		H2y	(5.151)								FIGURE	5.40	Surface	plasmons	at
metal/dielectric	interface.	Illustrating	vertical	and	horizontal	polarized	waves.	FIGURE	5.41	The	p-polarization:	E	field	is	parallel	to	the	plane	of	incidence,	and	s-polarization:	E	field	is	perpendicular	to	the	plane	of	incidence	(German	senkrecht	=	perpendicular).	340	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology	Dielectric	1	E1z	Z	E1	z=0	H1y	E1x	Dielectric	y	E	~ei(kxxt)	x	Wave	propagating	in	x-direction	z	Metal	2	Hy	+++			+++	X	Metal	(b)	(a)	FIGURE	5.42	(a)	Surface	plasmons	a	subset	of	the	“eigenmodes”	of	the	free	electrons	in	a	metal.	Electronic	oscillations	being	excited	parallel	to	the	surface	of	the	metal	and	a	surrounding	dielectric.
The	local	field	intensity	depends	on	the	wavelength.	(b)	Polarization	charges	are	created	at	the	interface	between	two	materials.	i.e.,	the	components	of	the	E	and	H	fields	are	continuous	across	the	interface	from	metal	to	insulator.	It	is	also	informative	to	look	at	the	boundary	condition	for	the	normal	component	of	the	D	field:	D1z		D2z	(5.152)	H1		(0,
H1y	,	0)e	i(k1x	x	k1z	z	Wt)	(5.154)	E1		(E1x	,	0,	E1y	)e	i(k1x	x	k1z	z	Wt)	which	can	be	rewritten	as:	and	for	the	metal:	E	0	E	0z	P1z		E	0	E	0z	P2z	n	Thus,	a	suggested	solution	for	the	surface	plasmon	mode	of	wave	propagation	in	the	dielectric	may	be	written	as:	n	(5.153)	H	2		(0,	H	2y	,	0)e	i(k	2x	x	k	2z	z	Wt)	(5.155)	Creation	of	the	polarization	charges
E	2		(E	2x	,	0,	E	2y	)e	i(k	2x	x	k	2z	z	Wt)	If	one	of	the	contacting	materials	is	a	metal,	the	electrons	respond	to	the	polarization	by	the	p-polarized	light	(Figure	5.42,	right),	and	this	gives	rise	to	surface	plasmon	modes.	To	model	these	waves	we	are	looking	for	a	localized	surface	mode,	decaying	into	both	materials	as	shown	in	Figure	5.43a,	where	the
exponential	dependence	of	the	field	Ez	is	shown.	The	decay	in	the	two	media	is	characterized	by	the	penetration	depth,	i.e.,	the	depth	at	which	value	of	Ez	falls	to	1/e	≈	1/|κz|	(see	Equations	5.111	and	5.112:	k	∼	k′′	∼	α	∼	κ	(because	the	absorption	coefficient	α	=	2κω/c	=	2kκ,	with	κ	the	extinction	coefficient).	Substituting	these	suggested	solutions	in
Maxwell’s	equations	and	applying	the	continuity	boundary	conditions,	i.e.,	k1z	=	k	2z	(because	continuity	holds	for	both	E	and	H:	Equation	5.151),	we	find	the	following	additional	constraint	for	the	wave	vector:	(a)	~eikzz;	kz	=	iz	Intensity	(b)	k1x	k1z	E1	E		2	k1z	k	2z	(5.156)	From	the	vector	diagram	in	Figure	5.43b,	we	see	that	n1k	is	given	as:	2	2
(n1k)2		k1x	k1z	or	also	E1(W	,	k)	W2	2	2		k1x	k1z	c2	(5.157)	Dielectric	1	and	this	enables	us	to	establish	the	sign	of	k	z:	n1k	k1z		n	k	2	2	k1x	2	2	2x	1	(5.158)	z	Metal	2	FIGURE	5.43	(a)	We	are	looking	for	a	localized	surface	mode,	decaying	into	both	materials	so	that	k	z	has	to	be	imaginary;	(b)	n1	is	the	dielectric	constant	of	the	dielectric.	k	2z		n	k	1	k
because	k1z	and	k	2z	are	of	opposite	signs,	the	condition	in	Equation	5.156	will	be	satisfied	only	if	ε1	and	Photonics	ε2	are	of	opposite	signs	as	well.	This	is	the	case	when	one	material	is	dielectric,	ε1	>	0,	and	the	second	material	is	metal,	ε2	<	0.	It	also	follows	from	this	equation,	because	k1z	and	k	2z	must	both	be	imaginary,	that:	n	k	2	1	k	2	1k	k	2	2x
0	so	that	k1x		n1k	(5.159)	and:	n	k	2	2	0	so	that	k	2x		n	2	k	(5.160)	The	condition	in	Equation	5.160	is	always	satisfied	for	metals	because:	2		E2k	2	k	2x	(5.161)	with	ε2	for	a	metal	>	ω0,	the	real	part	of	the	dielectric	constant	becomes	zero	(ε′	=	0).	Also	note	that	ε′	drops	below	zero	between	ω0	and	ωp.	When	approaching	ω0	from	below,	ε′	starts	rising
to	reach	a	maximum	at	$W		W	W	0		G/2	and	a	minimum	at	$W		G	/2.	The	peak	(a	Lorentzian	line	shape)	in	the	imaginary	part	of	the	dielectric	function	(ε′′)	occurs	at	ω	=	ω0	and	has	a	full	width	at	half	maximum	(FWHM)	of	γ	(see	Figure	5.57,	inset).	The	quality	factor	(Q)	of	the	resonance	Q	=	ω0/γ	is	a	measure	of	the	dissipation	of	the	system.	For	an
isolated	molecule	the	damping	parameter	can	be	interpreted	as	the	inverse	of	the	lifetime	of	the	excited	quantum	state.	This	is	consistent	with	the	Heisenberg	uncertainty	principle	1	h	h	z	(HUP)	($E$t	z	;	Equaor	$t	z	2P$N	2P	2P.h$N	tion	3.107).	If	an	absorption	line	is	dampened	solely	by	the	natural	lifetime	of	the	state,	one	refers	to	natural
broadening.	This	is	also	the	peak	that	is	so	characteristic	for	bound	electrons	(see	the	example	of	Ag	with	bound	d-electrons	in	Figure	5.64).	If	one	knows	the	ω-dependence	of	the	dielectric	function,	then	the	ω-dependence	of	the	refractive	index	can	be	calculated.	From	the	relationship	between	the	complex	refractive	index	and	the	complex	dielectric
constant	(Equations	5.115,	5.116,	and	5.117),	the	real	and	imaginary	parts	of	the	complex	refractive	index	nc	as	a	function	of	ω	were	plotted	in	Figure	5.57b.	Comparing	Figure	5.57a	and	b,	one	recognizes	that	the	real	part	of	the	refractive	index	n(ω)	approximately	follows	the	frequency	dependence	of	E	ra	(see	Equation	5.118)	and	that	the	extinction
coefficient	κ	more	or	less	follows	εr′′(ω)/2n	(see	Equation	5.116).	This	correspondence	is	more	and	more	exact	if	κ	>	ω0,	n	gradually	rises,	and	above	the	highest-frequency	resonance	(usually	in	the	deep	UV/soft	x-ray	region)	tends	toward	1,	and	the	group	velocity	vg	becomes	equal	to	the	velocity	of	light	c;	in	other	words,	the	light	moves	through	this
medium	as	if	it	were	moving	through	a	vacuum.	In	the	region	between	ω0	and	ωp,	n	is	small	over	the	same	region	where	ε	is	negative.	At	low	frequencies	(ω	ωp),	in	other	words,	TART.	These	regions	become	more	distinct	the	smaller	γ	and	the	larger	ωp.	As	expected	for	smaller	damping	γ,	the	curves	are	narrower	and	have	larger	maximum	values.
The	reflectance	is	much	higher	and	has	sharper	edges.	The	high	R	starts	around	ω0	and	falls	near	ωp.	This	is	because	κ	>>	n	in	Photonics	(A)	(a)	0	=	4,	p=	8	and	=	1	(b)	10	0	=	4,	p=	357	8	and	=	0.3	20	Re	(	)	Re	(	)	Im	(	)	Im	(	)	0	0	−20	−10	−40	0	4	2	8	6	10	12	0	2	4	6	8	10	12	0	2	4	6	8	10	12	6	8	10	12	6	4	n(	)	n(	)	(	)	(	)	2	4	(	)	2	2	(	)	p	2	p	0	0	0	2	4	6	8
10	12	1	1	R(	)	0.5	R(	)	0.5	0	0	0	2	0	(B)	=	4,	4	p=	6	8	10	12	0	2	8	and	=	0.3	6	n(	)	4	(	)	2	4	Four	distinct	spectral	regions	(	)	p	Transmissive	Absorptive	Reflective	Transmissive	2	0	0	2	4	T	6	A	8	10	12	(frequency	ranges	are	approximate)	The	regions	are	more	distinct	for	smaller		and	larger	p.	T	R		<	0	−	/2		−	γ/2	<		<	0		+	γ/2	<		<	p		>	p	1	R(	)	0.5	0	0	2	4
6	8	10	12	FIGURE	5.61	(A)	Compare	the	real	and	imaginary	parts	of	a	dielectric	function	as	a	function	of	ω,	the	real	and	imaginary	parts	of	the	refractive	index	n	as	a	function	of	ω,	and	the	reflectivity	from	air	at	normal	incidence	for	γ	=	1	(broad	resonance,	a)	and	γ	=	0.3	(narrow	resonance,	b).	(B)	We	have	colored	in	four	distinct	spectral	regions,
marked	with	T	for	transmissive,	A	for	absorptive,	R	for	reflective,	and	T	for	transmissive	again—TART.	We	have	plotted	also	a	scaled	version	of	α	by	plotting	2ωκ	scaled	to	ωp.	358	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	the	reflecting	band.	Above	ω0,	n	is	well	below	unity.	Above	ωp,	n	rises,	but	only	in
the	high-frequency	limit	does	n	approach	unity.	Local	Field	Corrections	The	calculations	of	the	dielectric	constant	we	have	discussed	until	now	are	valid	for	a	rarefied	gas	with	a	low	density	of	atoms.	In	“dense	optical	media,”	such	as	solids,	there	are	other	factors	that	we	have	to	consider.	In	a	real	solid,	atoms	may	feel	a	field	from	an	incident	light
beam,	but	they	also	experience	an	induced	field	from	the	surrounding	atoms.	In	other	words,	the	local	field	E	L	is	the	sum	of	a	field	without	matter	E	0	and	an	induced	dipolar	field	E	dipole	from	all	the	other	surrounding	atoms,	or:	E	L		E	0	E	dipole	(5.203)	In	our	discussions	of	dipole	oscillators	in	solids,	we	should	have	been	using	E	L	not	E	0!	The
degree	of	polarization	in	a	solid	is	related	to	the	structure	of	the	material.	As	a	consequence,	dielectric	behavior	in	electrostatic	and	alternating	electric	fields	depends	on	both	static	and	dynamical	properties	of	the	solid.	The	local	electric	field	can	be	calculated	according	to	the	crystal	structure	by	the	method	of	Clausius	and	Mossotti.	For	example,
for	cubic	structures	the	Clausius-Mossotti	equation	reads	(e.g.,	see	Ashcroft	and	Mermin,	Solid-State	Physics,	p.	539):	EL		E0	P	,	3E	0	(5.204)	which	is	larger	than	E	0.	Similar	relations	can	be	derived	for	any	solid.	For	a	solid	consisting	of	atoms	of	type	j	with	a	concentration	Nj,	we	then	derive	for	the	polarization	P:	¥	P	´	P		E	0	¤	N	jE	L	C	j,e		E	0	¤	N	j	¦
E	0	C	j,e	3E	0	µ¶	§	j	j		E	0	¤	N	jC	j,e	E	0	j	¤N	C	j	j	j,e	¥P´	¦§	3	µ¶		(E	r	1)E	0E	0	(5.205)	fj	e2	.	But	we	know	¤	2	E	0	me	j	(W	0,j	–	W	2	–	iWG	j	)	that	D	=	ε0E	+	P,	D	=	ε0εrE,	and	P	=	ε0(εr	−	1)E,	and	where	C	j,e		this	way	we	obtain	the	Clausius-Mossotti	(CM)	relation:	(E	2	1)	NC	j,e		2	3	(E	2)	(5.206)	This	relation	links	the	polarizability	to	the	dielectric
constant.	Using	εr	=	n2	we	find	the	so-called	LorentzLorenz	relationship:	C	j,e	(n	2	1)		N	2	3	(n	2)	(5.207)	And	we	find	that	the	refractive	index	approximately	follows	the	formula:	Er	1	n2	1	Ne	2		2c		E	r	2	n	c	2	3E	0	me	¤	(W	j	2	0,j	fj	W	2	iWG	j	)	(5.208)	We	follow	with	some	examples	from	the	n,	κ	database	(	.	In	Figure	5.62a	we	show	the	refractive
index	n	and	absorption	index	κ	versus	photon	energy	for	silicon.	At	visible	frequencies,	i.e.,	below	the	resonance,	Si	is	“transmissive.”	But	the	high	refractive	index	of	Si	still	yields	high	reflectivity	(30–50%),	and	all	visible	frequencies	are	reflected	strongly,	so	Si	appears	as	a	grayish	reflector	throughout	the	visible	spectrum	(1.7–3.2	eV)	“gray
metallic.”	In	Figure	5.62b	we	show	the	refractive	index	for	two	common	dielectrics	(Si3N4	and	SiO2).	Dielectrics	typically	exhibit	one	resonance	only,	and	at	low	frequencies	they	are	transmissive.	The	resonances	are	typically	in	the	UV	range	associated	with	electron	polarization.	There	is	an	additional	resonance	in	the	IR	range	for	polar	materials
resulting	from	nuclear	motion	and	orientation	(see	Figure	5.63).	We	come	back	to	describe	these	polar	materials	in	more	detail	further	below.	To	design	a	material	with	a	high	dielectric	constant,	we	choose	ions	with	high	polarizability	and	a	high	density	of	them.	Example	5.6:	Estimation	of	εr(ω	=	0)	for	Si	The	reflectance	R	of	Si	increases	sharply	at
about	3	eV,	and	we	may	take	this	as	an	estimate	for	ω0.	Hence	ω0	≈	3	×	1.6	×	10−19	=	4.53	×	1015	rad/s.	Because	W	p2	W	p2	Er	(	W	)		1	2	,	,	so	if	E	(	W		0	)		1	r	W	20	W	0	W	2	iG	W	Photonics	7	Refractive	index	n	Absorption	index		Refractive	index	n	6	5.0	5	4.0	4	3.0	3	2.0	Absorption	index		(a)	359	2	1.0	1	1	(b)	2	3	4	5	Photon	energy	hv	(eV)	2.8	6	7
0.0	1.65	2.6	Refractive	index	n	Refractive	index	n	2.7	2.5	2.4	2.3	2.2	2.1	Si3N4	2	4	5	6	3	Photon	energy	hv	(eV)	7	1.55	1.50	SiO2	1.45	2.0	1	1.60	8	1	2	3	4	5	6	Photon	energy	hv	(eV)	7	FIGURE	5.62	Examples	from	the	n,	κ	database	(	.	(a)	Refractive	index	n	and	absorption	index	κ	versus	photon	energy	for	silicon.	(b)	The	refractive	index	for	two	common
dielectrics	(Si3N4	and	SiO2).	The	color	bands	in	the	three	figures	roughly	mark	the	visible	spectrum	(1.7–3.2	eV).	Ultraviolet	we	can	determine	ωp,	we	can	estimate	εr(ω	=	0).	Infrared	Visible	Absorption	coefficient	α	Electronic	transitions	No	transitions	Atomic	vibrations	Now	we	remember	that	W	p		ne2	/E	0m	,	and	because	each	Si	atom	has	four
valence	electrons,	n	=	4NSi	≈	4	×	2	1028	m−3.	This	gives	us	an	estimate	of	ωp	≈	1.6	×	1016	rad/s	(corresponding	to	about	10.5	eV),	and	hence	εr(ω	=	0)	≈	14.	This	compares	to	a	measured	value	for	εr(ω	=	0)	of	12,	so	our	approximations	are	reasonable.	Optical	Properties	of	Metals	Refractive	index	n	Introduction	0.01	0.1	1	10	100	Wavelength	λ
(μm)	FIGURE	5.63	The	absorption	coefficient	and	the	index	of	refraction	versus	wavelength	for	a	generic	polar	insulator.	As	we	derived	earlier:	A		2kK	.	The	Drude	model	implies	that	only	the	plasma	frequency	ωp	dictates	the	appearance	of	metals.	This	works	indeed	for	many	metals,	say	for	aluminum,	but	it	does	not	explain	why	copper	is	red,	gold	is
yellow,	and	silver	is	colorless.	In	fact,	the	appearance	360	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	(a)	100	Al	60	Au	40	20	0	200	nm	Ãp	=	15.8	eV	<	p	1.0	0.8	Reflectance	Reflectance	%	80	(b)	Experimental	data	for	Al	0.6	>	p	0.4	=	0	=	8.0	fs	0.2	Ag	0.0	500	nm	1	m	2	m	Wavelength	5	m	0	5	10	Energy	[eV]
15	20	FIGURE	5.64	(a)	Reflectance	curves	of	Ag,	Au,	and	Al.	(b)	Reflectance	versus	energy	for	an	ideal	metal	with	zero	damping	(γ	=	0)	and	experimental	data	for	aluminum.	See	also	Example	5.8.	of	these	metals	is	characterized	by	a	different	edge	in	the	reflectance	spectrum	(see	Figure	5.64a),	but	the	fact	is	that	these	three	metals	have	the	same
number	of	valence	electrons,	so	according	to	the	Drude	model	they	all	should	have	been	the	same.	Moreover,	the	calculated	plasma	frequency	for	all	three	should	lie	at	about	9	eV,	well	outside	the	visible	region,	so	the	Drude	plasma	frequency	cannot	in	itself	account	for	the	colors	of	Cu	and	Au.	Colored	metals	have	interband	transitions	in	the	visible
that	remove	particular	frequencies	from	the	reflected	spectrum.	The	combined	effects	of	the	free	electrons	and	the	bound	d-electrons	influence	the	reflectance	properties	of	the	metal	in	these	cases.	In	Chapter	3,	we	pointed	out	that	in	a	metal	where	both	bound	electrons	[εB(ω)]	and	conduction	electrons	[εr(ω)]	contribute	to	the	dielectric	constant,	an
effective	dielectric	constant	εEff(ω)	must	be	defined	as:	E	Eff	(W)		E	B	(W)	E	r	(W)	(3.48)	Whereas	the	Drude	model	explains	the	free	electron	contribution	[εr(ω)]	to	E	Eff	(W),	the	bound	electron	effect	[E	B	(W)]	can	only	be	treated	by	the	Lorentz	model.	Based	on	the	Drude-Lorentz	model,	we	will	now	review	optical	properties	of	bulk	metals	(3D)	and
metals	in	reduced	dimensionalities	in	plasmonics.	Reflectance	and	Absorption	of	Electromagnetic	Waves	in	Metals	Reflectance	of	Conductors	Metals	can	be	treated	as	plasmas	because	they	contain	equal	numbers	of	fixed	positive	ions	and	free	electrons.	In	Figure	5.64a,	we	plot	the	reflectance	R	of	Al,	Au,	and	Ag	as	a	function	of	wavelength.	In	Figure
5.64b,	we	show	the	reflectance	of	an	ideal	metal	and	that	of	aluminum	versus	the	energy	of	the	incoming	radiation.	A	characteristic	feature	of	all	metals	is	that	they	are	shiny	as	a	result	of	the	interaction	of	light	with	the	free	electrons	(plasma	excitations)	and	that	their	reflectance	is	close	to	100%	(R	=	1)	below	the	plasma	frequency	ωp	but	much
smaller	at	higher	ω.	At	low	frequencies,	metals	with	plenty	of	free	carriers	are	very	good	reflectors.	The	free	carriers	can	respond	rapidly,	on	a	time	scale	of	an	AC	cycle,	so	as	to	screen	the	external	applied	AC	fields.	Earlier	we	calculated	the	normal	incidence	reflectance	for	any	material	as:	R(W)		E	rm	E	im	2	2	2		nc	1	(n	1)2	K	2		nc	1	(n	1)2	K	2
(5.148)	If	we	consider	a	lightly	damped	(highly	conductive)	system,	where	the	damping	factor	γ	tends	to	zero	(an	ideal	metal	would	come	with	zero	damping	γ	=	0),	the	real	components	of	the	dielectric	constant	W	2p	E	ra	(W	,	k)	z	1	2	(Equation	3.44)	dominate	because	W	W	2p	G	the	imaginary	component	E	raa(W	,	k)	z	3	(Equation	W	3.45)	tends	to
zero.	For	the	complex	refractive	index	in	this	case	we	can	write:	n	c	(W)		E	ra	(W)		1	W	2p	W2	(5.209)	Substituting	this	expression	in	Equation	5.148	for	the	reflectance	R,	we	see	that	when	ω	<	ωp,	nc	is	imaginary,	R	=	1,	and	the	metal	is	shiny	(say,	up	to	361	Photonics	the	near-infrared).	At	higher	frequencies	(visible	and	UV),	with	ω	>	ωp,	nc	turns
real,	the	reflectance	R	suddenly	falls	(for	ω	→	∞,	R	→	0),	and	metals	are	transparent	in	the	UV.	It	follows	from	the	expression	for	the	plasma	frequency	of	an	FEG	in	a	metal	ne	2	[W	p		(Equation	3.41)]	that	the	higher	the	me	E	0	conductivity	(n	larger),	the	higher	the	plasma	frequency.	And	indeed,	plasma	frequencies	ωp	are	in	the	optical	range	(UV)	for
metals	and	in	the	terahertz	to	the	infrared	region	for	semiconductors	and	insulators	(see	also	Table	3.2).	Without	any	damping	(γ	=	1/τ	=	0),	the	reflectivity	R	equals	1	and	then	drops	very	steeply	(see	rectangular	box	in	Figure	5.64b).	Introducing	some	damping,	R	becomes	less	than	1,	and	the	reflectance	decrease	is	less	severe	(see	Figure	5.64b
where	we	used	τ	=	8.0	fs,	a	value	calculated	for	aluminum;	see	also	Example	5.8).	When	the	conduction	electrons	can	no	longer	move	rapidly	enough	to	screen	the	external	applied	field	on	the	time	scale	of	an	AC	cycle,	only	the	core	electrons	bound	to	the	atoms	can	contribute	to	the	dielectric	response;	the	metal	behaves	now	as	a	transparent
dielectric.	The	frequency	at	which	the	metallic-to-dielectric	transition	occurs	is	the	plasmon	frequency	ωp.	At	ω	=	ωp,	the	real	part	of	the	dielectric	constant	becomes	zero.	Hence	nc(ωp)	=	0,	which	means	the	phase	velocity	tends	to	∞.	(This	occurs	in	the	anomalous	dispersion	regions	shown	in	Figure	5.29.)	Another	way	to	describe	this	is	that	the
wavelength,	λ	=	2πc/ncω	→	∞	as	ω	→	ωp.	This	means	that	all	the	electrons	are	oscillating	in	phase	throughout	the	propagation	length	of	the	material.	Absorption	and	Penetration	Depth	of	Electromagnetic	Radiation	in	Conductors	Optical	measurements	of	the	complex	dielectric	constant	εr(ω,k)	of	a	plasma	are	equivalent	to	AC	conductivity
measurements.	This	can	be	gleaned	from	a	comparison	of	the	dielectric	function	of	a	free	electron	plasma	with	its	AC	conductivity.	In	Chapter	3	we	calculated	for	the	AC	conductivity	of	a	plasma:	S(W)		ne	2	¥¦	1	´µ	µµ	¦	µ	me	¦¦	1	¦¦	iW	µµµ	§T	¶	(based	on	Equation	3.30)	and	for	the	complex	dielectric	constant	we	derived:	·	E(W,	k)	¨©	ne	2	¸		1	2	©	E0	me
E	0	(W	iG	W)	¸¹	ª	E	r	(W,	k)		(based	on	Equation	3.40)	Comparing	these	expressions	we	note	that:	E	r	(W	,	k)		1	iS(W)	E0W	(5.210)	At	very	low	frequencies	(ω	c,	is	faster	than	the	speed	of	light,	but	the	latter	does	not	correspond	to	the	velocity	of	a	real	physical	propagation	of	any	physical	quantity.	A	wave	that	propagates	in	the	medium	with	the
dispersion	relation	2	2	2	2	W		W	P	c	k	is	also	shown,	as	is	the	region	of	longitudinal	plasma	oscillation.	The	yellow	area	is	the	forbidden	frequency	gap.	(Based	on	Kittel.)	¥	ck	´	phonons	W		.	However,	in	polar	materials,	¦	E(d)	µ¶	§	light,	close	to	the	vibrational	resonance	frequencies	(ω	∼	1014	rad/s),	does	interact	with	the	transverse	optical	phonon
modes,	and	εr	starts	to	vary	strongly	so	that	ω	versus	k	is	not	a	straight	line	anymore	as	evident	from	Figure	5.84.	At	large	k	wave	vectors	(k	>	105	cm−1),	we	derived	ck	a	positive	photon-like	solution	with	W		(just	E(d)	like	in	Figure	3.158b)	and	a	negative	phonon-like	mode	with	a	singularity	at	ω	=	ωT.	With	ω	approaching	ωT,	the	index	of	refraction
increases,	and	the	group	and	phase	velocities	of	the	wave	slow	down	(decreasing	slope	of	the	dispersion	curve)	to	a	value	close	to	that	of	the	lattice	modes	(AT	mode).	The	wave	now	propagates	as	a	strongly	coupled	polarization-electric	field	wave,	with	a	velocity	characteristic	of	the	lattice	transverse	acoustic	mode.	At	small	k	vectors	(k	0,	we	are
dealing	with	absorption,	and	with	α	<	0,	we	have	a	gain	g	(so	g	=	−α	is	used	for	negative	absorption).	The	increase	of	intensity	in	a	laser	is	much	greater	than	can	be	obtained	by	spontaneous	emission	mechanisms.	The	threshold	of	a	laser	is	the	state	where	the	gain	just	equals	the	cavity	losses.	For	electrically	pumped	lasers	this	corresponds	to	a
certain	threshold	current	Ith.	Quantum	Mechanics	and	Lasers	Quantum	Confinement	Lasers	work	because	of	the	quantum	properties	of	photons—one	photon	tends	to	cause	another	to	be	emitted—and	one	photon	cannot	be	distinguished	from	another	(they	are	bosons;	see	Chapter	3).	If	there	are	many	excited	atoms,	the	photons	can	“cascade,”	and
very	intense,	collimated	light	is	emitted,	forming	a	beam	of	precisely	the	same	color	of	light.	Because	photons	cannot	be	distinguished,	which	atom	emitted	a	given	photon	is	completely	uncertain,	but	that	also	means	that	the	direction	and	energy	of	the	photons	can	be	very	certain.	Current	Top	mirror	(99.0%	reflective)	Laser	cavity	(Length	=	)	Oxide
layer	Gain	region	Bottom	mirror	(99.9%	reflective)	–	(a)	(b)	FIGURE	5.147	Comparison	of	an	edge-emitting	laser	diode	(a)	and	a	vertical	cavity	surface-emitting	laser	(VCSEL)	(b).	Photonics	In	a	quantum	well,	we	saw	in	Chapter	3,	there	are	no	allowed	electron	states	at	the	very	lowest	energies	(zero-point	energy).	What	that	means	is	that	the	lowest
allowed	conduction	state	in	a	quantum	well	is	broad	so	that	many	electrons	can	be	accommodated.	Similarly,	the	top	of	the	valence	band	has	plenty	of	states	available	for	holes.	This	means	that	it	is	possible	for	many	holes	and	electrons	to	combine	and	produce	photons	with	identical	energy	for	enhanced	probability	of	stimulated	emission	(lasing),
making	the	quantum	well	laser	much	more	efficient	than	a	diode	laser.	The	two	important	reasons	that	better	lasers	are	enabled	with	lower-dimensionality	semiconductors	is	the	quantum	confinement	of	carriers,	which	leads	to	a	concentrated	density	of	states,	and	a	sharper	energy	distribution.	The	carrier	distribution	is	given	by	n(E)	=	G(E)f(E)	(see
Equation	3.230),	and	bulk	semiconductors	have	a	broad	carrier	distribution	compared	with	lower-dimensional	semiconductor	structures.	Arakawa	and	Sakaki	predicted	significant	increases	in	the	gain	and	decreases	in	the	threshold	current	Ith	of	semiconductor	lasers	using	QDs	or	boxes	in	the	active	layer	of	the	laser.50	The	gain	g	predicted	by	Asada
et	al.51	for	3D,	2D,	1D,	and	0D	semiconductor	structures	is	shown	in	Figure	5.148.	Quantum	Cascade	Lasers	Esaki	was	not	only	the	originator	of	the	Esaki	tunnel	diode,	covered	in	Chapter	4,	but	also	the	originator	104	Ga0.47In0.53As/InP	T		300K	in	1	s			1018cm 3	Gain	(cm 1)	Box	100	100	100Å3	Wire	100	100Å2	103	QW	film	100Å	Bulk			1.2	1.3	1.4
1.5	Wavelength	(	m)	1.6	1.7	FIGURE	5.148	Gain	for	3D,	2D,	1D,	and	0D	semiconductor	structures	proposed	by	Asada	et	al.51	1957	Bipolar	427	1969	Unipolar	E2	E1	Esaki	tunnel	diode	Double-barrier	resonant	tunnel	diode	Superlattice	Low-dimensional	quantum	structure	FIGURE	5.149	Esaki	inventions	from	the	1957	Esaki	tunnel	diode	to	the	double-
barrier	resonant	diode	to	the	superlat	tice.	In	bipolar	devices,	electrons	and	holes	are	involved;	in	unipolar	devices,	only	one	type	of	charged	particle	is	involved.	of	superlattices	(1969)	and	double-barrier	resonant	tunneling	diodes	(1974).	The	resonant	tunnel	diode	has	even	more	spectacular	characteristics	than	the	Esaki	tunnel	diode	and	constitutes
one	of	the	possible	contenders	to	replace	CMOS	technology.	In	Figure	5.149	we	summarize	the	intellectual	path	followed	by	Esaki	and	colleagues	in	going	from	the	first	tunnel	diode	to	the	double-barrier	resonant	tunnel	diode	and	finally	to	low-dimensional	quantum	structures.	Before	arriving	at	the	superlattice	concept,	Esaki	and	Tsu	examined	the
feasibility	of	structural	formation	of	potential	barriers	and	wells	that	were	thin	enough	to	exhibit	resonant	tunneling	(see	Figure	5.149).	Resonant	tunneling	in	quantum	mechanics	is	an	effect	observed	in	quantum	wells	that	are	coupled	to	electron	reservoirs	by	thin	tunnel	barriers	and	corresponds	to	a	resonant	enhancement	of	transmission	that	is
seen	whenever	the	energy	in	the	reservoirs	matches	one	of	the	quantized	values	in	the	well.	With	barriers	that	are	thin	enough,	an	electron	with	energy	lower	than	that	of	the	height	of	the	barrier	can	tunnel	through	the	barrier,	as	long	as	there	is	an	empty	state	of	the	same	energy	level	waiting	on	the	other	side.	The	well	is	then	“in	resonance.”
Resonant	tunneling	can	be	compared	to	the	transmission	of	an	EM	wave	through	a	Fabry-Pérot	resonator.	The	double-barrier	resonant	tunneling	diode	shown	in	Figure	5.150	is	a	variant	of	the	tunnel	diode	of	Chapter	4,	with	thin	barrier	layers	of	GaAlAs	and	a	GaAs	quantum	well	with	sharp	interfaces	and	layers	with	a	width	comparable	with	the
Schrödinger	wavelengths	of	the	electrons	428	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	A	E0	EF	B	eVB	Current	Energy	n+–GaAs	GaAIAs	GaAs	GaAIAs	n+–GaAs	C	eVC	A	Distance	C	B	Voltage	FIGURE	5.150	Semiconductor	resonant	tunneling	diode:	device	schematic	and	current	voltage	plot.	permitting
resonant	behavior.	In	the	device	schematic	we	see	that	the	contacts/leads	are	made	of	highly	doped	n-type	GaAs	(n+	GaAs)	and	that	two	thin	GaAlAs	barrier	layers	(e.g.,	20-Å	thick)	enclose	a	thin	GaAs	well	region	(e.g.,	50-Å	thick).	The	narrower	bandgap	material	GaAs	is	enclosed	by	the	considerably	larger	bandgap	of	GaAlAs	to	establish	potential
barriers	at	the	surface	of	the	GaAs	well.	Because	the	GaAs	well	is	thin,	the	motion	of	electrons	and	holes	is	restricted	in	one	dimension	and	is	forced	to	occupy	discrete	states	of	energy	instead	of	staying	arbitrarily	within	an	energy	continuum.	With	a	low	bias	applied,	the	quantized	energy	level	in	the	well	Eo	is	situated	above	EF,	and	no	current	flows
(A	in	the	schematic	and	the	current	voltage	plot).	At	a	medium	bias,	the	level	in	the	well	has	lined	up	with	the	conduction	band,	and	current	flows	(B	in	the	schematic	and	the	current	voltage	plot).	At	yet	higher	bias,	the	energy	level	in	the	well	is	now	situated	below	the	bottom	of	the	conduction	band,	and	the	current	decreases	(C	in	the	schematic	and
the	current	voltage	plot).	The	current	voltage	plot	is	typical	for	a	tunnel	diode	(see	Figure	5.150),	but	whereas	the	Esaki	diode	is	a	bipolar	device	(two	types	of	charge	carriers	are	involved:	electrons	and	holes)	and	features	relatively	large	dimensions,	the	resonant	tunnel	diode	is	a	unipolar	device	(only	one	type	of	charge	carrier)	with	layers	that	have
a	thickness	comparable	with	the	Schrödinger	wavelengths	of	the	electrons.	A	superlattice	is	a	material	with	periodically	alternating	layers	of	different	substances.	Such	structures	possess	periodicity	both	on	the	scale	of	each	layer’s	crystal	lattice	and	on	the	scale	of	the	alternating	layers.	Quantum	superlattices	are	a	type	of	superlattice	featuring
arrays	of	periodic	quantum	structures:	quantum	wells,	quantum	dots,	or	quantum	wires.	Esaki	and	Tsu	first	proposed	research	on	such	artificially	structured	materials	in	1960	to	the	Army	Research	Office	(ARO).	They	envisioned	engineered	semiconductor	superlattices	based	on	a	periodic	structure	of	alternating	layers	of	semiconductor	materials	with
wide	and	narrow	bandgaps	using	high-precision	heteroepitaxial	deposition	methods	such	as	molecular	beam	epitaxy	(MBE)	and	metalorganic	chemical	vapor	deposition	(MOCVD)	and	involving	III–V	semiconductors.	Although	the	proposal	was	favorably	received	by	ARO,	Physical	Review	rejected	their	first	paper	on	the	basis	that	it	was	“too
speculative”	and	involved	“no	new	physics.”	In	some	circles,	the	ARO	proposal	was	criticized	as	impossible	to	implement	in	practice.	The	main	objection	being	that	a	human-made	structure	with	compositional	variations	on	the	order	of	a	few	nanometers	would	be	thermodynamically	unstable	because	of	interdiffusional	effects.	Fortunately,	it	turned	out
that	interdiffusion	is	negligible	at	the	temperatures	involved,	and	innovations	and	improvements	in	epitaxial	techniques	such	as	MBE	and	MOCVD	made	it	possible	to	prepare	high-quality	heterostructures	Photonics	the	bandgap	of	GaAs	is	1.43	eV,	whereas	it	is	1.79	eV	for	Al	xGa1−x	As	(x	=	0.3).	Thus,	the	electrons	and	holes	in	GaAs	are	confined	in	a
1D	potential	well	of	length	L	in	the	z-direction.	Two	or	more	quantum	wells	side	by	side	give	rise	to	a	multiple	quantum	well	(MQW)	structure.	This	is	called	a	compositional	superlattice.	An	artificial	periodic	potential	in	a	semiconductor	crystal	can	also	be	fabricated	through	periodic	n-type	and	p-type	doped	layers	as	shown	in	Figure	5.151B.	Such	a
superlattice	is	called	a	doping	superlattice.	When	the	individual	quantum	wells	are	widely	separated,	the	wave	functions	of	the	electrons	and	holes	remain	confined	within	the	individual	wells,	and	the	array	can	be	treated	as	a	set	of	isolated	quantum	wells.	Noninteracting	MQWs	like	this	are	used	to	enhance/amplify	absorption	or	emission	of	photons
compared	with	what	is	possible	with	a	single	quantum	well.	In	lasing,	for	example,	with	predesigned	potential	profiles	and	impurity	distributions	with	dimensional	control	close	to	the	interatomic	spacing.	This	great	precision	opened	up	the	mesoscopic	quantum	regime	to	practical	experimentation.	Because	a	1D	potential	could	now	be	introduced
along	with	the	growth	direction	in	the	laboratory,	famous	examples	in	the	history	of	1D	mathematical	physics,	including	the	above-mentioned	resonant	tunneling	(1930s),	Krönig-Penney	bands	(1931),	Zener	band-to-band	tunneling	(1934),	and	so	on,	all	of	which	had	remained	textbook	exercises,	could	for	the	first	time	be	practiced	in	the	laboratory.
The	superlattice	example	shown	in	Figure	5.151A	is	formed	by	a	periodic	array	of	quantum	wells	produced	by	the	growth	of	alternate	layers	of	a	widebandgap	(AlGaAs)	and	narrower	bandgap	(GaAs)	semiconductors	in	the	growth	direction.	At	300	K,	(A)(b)	AlxGa1–xAs	GaAs	AlxGa1–xAs	AlxGa1–xAs	GaAs	AlxGa1–xAs	Z	AlxGa1–xAs	AlxGa1–xAs	GaAs
Multiple	quantum	wells	Quantum	well	GaAs	(A)(a)	429	Compositional	superlattice	Electron	energy	Conduction	band	Energy	gap	Eg1	Eg2	Valence	band	D	l	2	l	3l	2	5l	2	2l	3l	Distance	x	(B)	Doping	superlattice	Electron	energy	Conduction	band	+++	+++	Energy	gap–E–g	+	–––	–––	+	–––	Valence	band	FIGURE	5.151	(A)	Superlattice	formed	by	a	periodic
array	of	quantum	wells	produced	by	the	growth	of	alternate	layers	of	wider	bandgap	(AlGaAs)	and	narrower	bandgap	(GaAs)	semiconductors	in	the	growth	direction.	Schematics	of	the	arrangement	(a)	and	the	energy	bands	of	multiple	quantum	wells	(b).	This	is	a	compositional	superlattice.	(B)	Artificial	periodic	potential	in	a	semiconductor	crystal
made	through	periodic	n-type	and	p-type	doped	layers.	Such	a	superlattice	is	called	a	doping	superlattice.	430	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	the	stimulated	emission	is	amplified	by	photons	transversing	through	MQWs,	with	each	well	acting	as	an	independent	lasing	medium.	One	of	the	most
interesting	applications	of	superlattices	is	the	quantum	cascade	laser.	In	the	April	1994	issue	of	Science,	Faist,	Capasso,	Sivco,	Sirtori,	Hutchnson,	and	Cho	of	AT&T	Bell	Labs	reported	a	new	type	of	far-infrared	laser	called	the	quantum	cascade	laser.52	The	idea	of	this	superlattice	device	was	first	proposed	by	Rudolf	Kazarinov	(who	is	now	with	AT&T
Bell	Labs)	and	Robert	Suris	of	A.	F.	Ioffe	Institute	in	1971	(	pf	k/funkc_dariniai/nanostructures/super	lattice.	htm).	The	Bell	Labs’	work	thus	represents	a	real	breakthrough	that	had	been	anticipated	for	almost	a	quarter	of	a	century.	Unlike	quantum-confined	lasers,	which	involve	interband	transitions	between	the	conduction	band	and	valence	band,
these	quantum	cascade	lasers	involve	transitions	of	electrons	between	the	various	sub-bands	(minibands)	corresponding	to	different	quantized	levels	of	the	conduction	band.	Because	only	electron	transitions	are	involved,	one	refers	to	these	types	of	lasers	as	unipolar	lasers.	There	could	be	∼50	quantum	wells	in	an	MQW	laser	geometry.	The	barrier
layers	are	very	thin	(1–3	nm),	and	an	excited	electron	may	emit	25–75	photons	as	it	cascades	down	the	ladder	of	subbands	in	the	conduction	band.	Quantum	cascade	lasers	have	been	demonstrated	for	wavelengths	between	3	and	20	μm,	which	is	useful	for	sensing	atmospheric	pollution.	Quantum	cascade	lasers,	operating	on	intraband	transitions	and
emitting	in	the	mid-infrared	region,	are	used,	e.g.,	for	trace	gas	analysis.	In	what	follows	we	clarify	how	these	bands	within	the	conduction	band	come	about.	If	the	thickness	of	the	wide-bandgap	barrier	layer	in	Figure	5.151	is	small	enough	so	that	electrons	may	tunnel	through,	then	the	situation	becomes	similar	to	what	happens	when	individual
atoms	are	brought	together	in	a	crystal.	To	understand	the	interaction	between	these	very	closely	spaced	quantum	wells	better,	we	follow	the	thinking	of	Esaki	and	Tsu.	Let	us	bring	a	set	of	N	quantum	wells	together	as	shown	in	Figure	5.152.	These	wells	consist	again	of	alternate	layers	of	GaAs	(well)	and	AlGaAs	(barriers).	First,	consider	two	wells	in
this	array	only,	each	with	their	own	set	of	quantized	levels	En	and	labeled	with	their	own	quantum	numbers	n	=	1,	2,	3,	along	the	confinement	direction	(the	growth	direction).	Reducing	the	separation	between	these	two	wells	allows	the	wave	functions	to	overlap,	and	the	same	(degenerate)	energy	levels	En	of	the	two	wells	now	form	two	new	states:
En(1)	and	En(2)	(just	as	we	saw	in	Chapter	3	when	bringing	atoms	together),	where	En(1)	=	En	–	Δn	and	En(2)	=	En	+	Δn.	The	magnitude	of	the	splitting	2Δn	depends	on	the	level	En.	The	higher	the	energy	En,	the	more	the	wave	function	extends	into	the	energy	barrier	between	the	wells,	allowing	for	stronger	interaction	between	the	wave	functions
in	those	wells	and	leading	to	a	larger	splitting	Δ	n.	Bringing	N	wells	together,	instead	of	only	two,	increases	the	energy	degeneracy	for	all	N	wells,	producing	N	levels	closely	spaced	in	a	so-called	miniband.	In	the	Z	GaAs	AIGaAs	E2	E1	Ec	GaAs	AIGaAs	Ev	Substrate	Multiple	quantum	well	(GaAs/AIGaAs)	Z	Energy	bands	of	MQW	FIGURE	5.152
Schematic	of	formation	of	minibands	in	a	superlattice	consisting	of	alternate	layers	of	GaAs	(well)	and	AlGaAs	(barriers).	Photonics	case	illustrated	in	Figure	5.152,	individual	levels	E1	and	E2	in	the	quantum	wells	are	split	into	two	minibands;	the	higher-energy	miniband	has	a	greater	bandwidth	than	the	lower-energy	miniband	for	the	reason
explained	above	(larger	splitting	for	higherenergy	levels).	Just	as	in	a	crystal	where	the	periodic	atomic	potential	leads	to	band	formation	in	a	superlattice,	an	artificial,	human-made	periodical	potential	causes	the	formation	of	minibands.	Thus,	the	introduction	of	the	1D	superlattice	potential	perturbs	the	band	structure	of	the	host	materials,	yielding	a
series	of	narrow	sub-bands	and	forbidden	gaps	that	arise	from	the	subdivision	of	the	Brillouin	zone	into	a	series	of	minizones.	Most	semiconductor	devices	are	operated	based	on	the	interband	transitions,	namely,	between	the	conduction	and	valence	bands.	These	devices	are	usually	bipolar	involving	a	p-n	junction.	A	new	class	of	devices	is	based	on
the	transitions	between	the	sub-bands	or	minibands	in	the	conduction	or	valence	bands	as	described	here.	These	intraband	devices	are	unipolar	and	are	faster	than	the	intraband	devices.	Today	a	wide	variety	of	engineered	structures	have	been	developed	that	exhibit	extraordinary	electronic	transport	and	optical	properties	that	do	not	exist	in	any
natural	crystals.	This	new	degree	of	freedom	offered	in	semiconductor	research	through	advanced	materials	engineering	has	inspired	many	ingenious	experiments,	resulting	in	observations	of	not	only	predicted	effects	but	also	totally	unknown	results,	and	it	appears	that	nearly	half	of	all	semiconductor	physicists	in	the	world	are	working	now	in	this
area.	In	addition	to	being	used	in	quantum	cascade	layers,	superlattice	structures	have	been	used	in	field	effect	transistors,	where	several	quantum	wells	provide	parallel	conducting	channels,	increasing	the	device	current-carrying	capabilities	and	hence	the	output	power.	Superlattices	are	also	used	for	photodetectors	and	for	novel	LEDs.	Photonic
Crystal	and	Lasers	Earlier	in	this	chapter	we	listed	as	an	important	benefit	of	photonic	crystals	the	ability	to	control	spontaneous	emission	and	to	modify	the	state	density	and	group	velocity	of	light	by	creating	structure	defects.	We	pointed	out	that	these	structures	could	be	used	to	create	novel,	highly	efficient	lasers	that	emit	light	431	in	a	very
narrow	wavelength	range.	Point	defects	in	photonic	crystals	act	as	high-Q	resonator	cavities	and	have	been	used	in	low-threshold	photonic	crystal	lasers.	In	photonic	lasers,	only	the	wavelength	that	matches	the	wavelength	of	the	defect	mode	is	amplified	because	it	can	propagate	freely	through	the	material.	The	intensity	of	the	propagating	light
increases	as	it	undergoes	successive	reflections	and	travels	back	and	forth	through	the	photonic	crystal.	Meanwhile,	light	at	other	wavelengths	is	trapped	within	the	photonic	crystal	and	cannot	build	up.	This	means	that	the	laser	light	is	emitted	in	a	narrow	wavelength	range	that	is	directly	related	to	the	geometry	of	the	microcavity.	Questions
Questions	by	Chuan	Zhang,	UC	Irvine	5.1:	In	a	traditional	lithography	system	using	i-line	(365	nm)	wavelength,	the	numerical	aperture	is	NA	=	0.8.	Can	we	use	this	system	to	fabricate	a	pattern	with	a	minimum	line	width	of	65	nm?	List	several	ways	of	increasing	the	resolution	of	the	lithography	system.	5.2:	A	beam	of	light	with	a	wavelength	of	500
nm	goes	through	an	aperture	that	has	a	diameter	of	0.1	mm	and	generates	an	Airy	disk	on	the	image	plane	very	far	from	the	aperture.	If	the	diameter	of	the	Airy	disk	is	50	mm,	what	is	the	distance	between	the	aperture	and	the	image	plane?	If	the	distance	becomes	3	times	longer,	then	what	would	the	size	of	the	Airy	disk	be?	5.3:	A	beam	of
monochromatic	red	light	with	a	frequency	of	500	terahertz	and	a	wavelength	of	600	nm	goes	from	vacuum	into	a	piece	of	glass	with	an	incidence	angle	of	30°.	After	getting	into	the	glass,	the	wavelength	of	the	light	becomes	450	nm.	What	is	the	angle	of	refraction?	5.4:	A	beam	of	monochromatic	light	with	a	frequency	of	500	terahertz	and	a
wavelength	of	600	nm	transmits	in	water,	which	has	a	refractive	index	of	1.333,	and	then	the	light	is	totally	internally	reflected	at	the	interface	432	5.5:	5.6:	5.7:	5.8:	5.9:	5.10:	5.11:	5.12:	5.13:	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	of	water	and	an	unknown	material	with	an	incident	angle	60°.	What	is
the	minimum	possible	wavelength	of	that	light	when	it	is	transmitted	in	the	unknown	media?	Make	a	comparison	between	right-handed	and	left-handed	materials.	List	the	two	most	important	applications	for	left-handed	materials.	A	stationary	proton	with	an	electric	charge	of	1.60217653·10	−19	C	and	a	mass	of	1.6726·10	−27	kg	is	accelerated	to
0.8c	under	an	electric	field	intensity	of	E0	=	1·106	V/m;	what	is	the	weight	of	the	particle	at	this	speed	and	how	long	did	it	take	to	reach	the	final	speed?	In	an	optical	microscope,	if	we	replace	the	light	source	(⎣	=	550	nm)	of	visible	light	with	ultraviolet	(⎣	=	275	nm),	what	is	the	percentage	increase	of	resolution?	If	the	numeral	aperture	in	air	is	0.8,
what	is	the	smallest	distance	between	two	parallel	lines	that	can	be	resolved	with	the	ultraviolet	light	source?	And	what	if	we	immerse	the	lens	system	into	an	oil	medium	with	a	refractive	factor	of	1.5?	A	beam	of	light	has	a	wavelength	of	500	nm	in	air.	After	crossing	through	another	medium,	its	wavelength	becomes	200	nm.	Assuming	the	difference
of	permeability	between	this	medium	and	air	is	very	small,	what	is	the	relative	dielectric	constant	for	this	medium?	The	refractive	index	of	a	crystal	is	1.7,	dn/d⎣	=	–0.15	um–1;	what	is	the	ratio	of	phase	velocity	to	group	velocity	for	light	with	a	wavelength	of	400	nm?	What	is	the	optical	phenomenon	called	light	polarization?	A	beam	of	light	becomes
completely	polarized	after	being	reflected	from	the	interface	between	water	and	an	unknown	medium.	We	know	the	incident	angle	is	60°.	What	is	the	refractive	index	of	the	unknown	medium?	How	does	an	optical	fiber	work?	Explain	why	fiber	losses	increase	if	the	fiber	is	bent?	How	can	plasmonics	avoid	the	bending	problem?	How	can	surface
plasmons	be	excited?	What	are	some	applications?	What	is	the	difference	between	a	direct	bandgap	and	indirect	bandgap	semiconductor?	Which	one	has	a	higher	photon	absorption	and	electron	transition	possibility?	For	optoelectronic	applications,	which	kind	of	semiconductor	is	preferred?	5.14:	Compare	the	similarities	and	differences	between
photonic	crystals	and	metamaterials.	5.15:	Why	is	there	a	resolution	limit	for	traditional	lenses?	How	does	a	superlens	made	from	negative	refractive	index	material	exceed	that	limit?	5.16:	What	is	Raman	scattering?	Compare	Raman	spectroscopy	with	infrared	(IR)	spectroscopy.	5.17:	As	the	size	of	a	metal	particle	becomes	smaller	and	smaller,	will
there	be	any	changes	in	its	color?	Explain	why.	5.18:	Why	is	the	sky	blue,	while	clouds	are	white?	5.19:	Show	that	in	the	Maxwell	equation	Δ	×	H	=	uD	Jc	all	three	terms	have	the	same	dimenut	sions.	5.20:	If	an	eye	has	a	pupil	opening	(lens	diameter)	of	4	mm,	can	it	resolve	two	point	sources	of	600	nm	light	(direct	or	reflected)	that	are	5	mm	apart
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Meas	Sci	Technol	14:1047.	54.	Pendry,	J.	B.	2000.	Negative	refraction	makes	a	perfect	lens.	Phys	Rev	Lett	85:3966.	6	Fluidics	Outline	Introduction	Macroscale	Laws	for	Fluid	Flow	Breakdown	of	Continuum	Theory	in	Fluidics	Forces	at	Interfaces	Mixing,	Stirring,	and	Diffusion	in	Low	Reynolds	Number	Fluids	Chemical	Reactions	in	Microchambers—
Microreactors	Fluid	Propulsion	Electrowetting	Centrifugal	Fluidic	Platform—CD	Fluidics	Scaling	in	Analytical	Separation	Equipment	Acknowledgments	Questions	Further	Reading	References	Angry	Sea	at	Naruto	Ando	Hiroshige,	1830	Observe	the	motion	of	the	surface	of	the	water,	which	resembles	that	of	hair,	which	has	two	motions,	of	which	one	is
caused	by	the	weight	of	the	hair,	the	other	by	the	direction	of	the	curls;	thus	the	water	has	eddying	motions,	one	part	of	which	is	due	to	the	principal	current,	the	other	to	random	and	reverse	motion.	Leonardo	da	Vinci,	1510	The	current	nano	hype	makes	us	forget	that	already	Sir	Isaac	Newton	described	nanoscale	phenomena,	the	so-called	Newton
rings	(left;	no,	that	is	not	spaghetti	he	is	looking	at).	Newton	also	very	clearly	formulated	experiments	of	microfluidics	by	describing	experiments	with	capillary	flow	between	parallel	glass	plates	(below).	So,	neither	nano	nor	micro	are	[sic]	really	very	novel	it	seems!	Based	on	an	editorial	by	Andreas	Manz	and	Harpal	Minhas	for	Lab	on	a	Chip	These
[natural]	laws	may	have	originally	been	decreed	by	God,	but	it	appears	that	he	has	since	left	the	universe	to	evolve	according	to	them	and	does	not	now	intervene	in	it.	Stephen	Hawking	A	Brief	History	of	Time	435	436	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Introduction	Macroscale	Laws	for	Fluid	Flow
Fluid	mechanics	(fluidics)	is	the	study	of	motion	of	fluids	(liquids	and	gases)	and	the	forces	associated	with	that	motion.	In	Chapter	6	we	introduce	fluidics,	compare	various	fluidic	propulsion	mechanisms,	and	discuss	the	influence	of	miniaturization	on	fluid	behavior.	Our	treatment	deals	with	macroscale,	microscale,	and	nanoscale	fluidic	phenomena.
Given	the	current	academic	and	industrial	interest,	fluidics	in	miniaturized	analytical	equipment	is	detailed	in	this	chapter	as	well.	Example	applications	we	discuss	include	electro-osmotic	pumping	systems,	diffusive	separation	systems,	micromixers,	DNA	amplifiers	(PCR),	compact	disc	diagnostic	platforms,	and	cytometers.	Newton	and	da	Vinci	aside
(see	insets	above),	fundamental	work	on	the	physical	behavior	of	f	luids	in	micro-	and	nanomachined	structures	only	started	in	the	early	1980s.	In	the	micro-	and	nanodomain,	many	factors	seem	to	upset	the	old	f	luidics	continuum	order:	Navier-Stokes	equations	(NSEs),	with	no-slip	boundary	conditions	at	the	f	luid	interface,	cannot	always	be	applied,
and	slip	f	low,	creep	f	low,	intermolecular	forces,	etc.,	start	suggesting	molecular-based	f	low	models	instead.	For	gases,	breakdown	of	macroscale	physics	is	readily	recognized,	and	some	molecular-based	modeling	progress	has	been	made.	For	liquids,	with	molecules	much	more	closely	packed,	modeling	has	proven	to	be	much	more	elusive.
Microfluidics	and	nanofluidics	present	researchers	with	exciting	future	applications.	These	include	the	characterization	of	individual	molecules	(e.g.,	reading	the	base	sequence	in	DNA	by	feeding	the	molecule	through	a	nanopore),	studying	the	kinetics	of	very	fast	reactions,	isolating	a	molecule	in	a	nanometric	space	for	detection	purposes,	further
increasing	the	role	of	surfaces	in	catalytic	reactions,	manipulation	of	single	molecules,	labeling	and	studying	of	conformational	changes	of	single	molecules,	applying	intense	electrical	or	magnetic	fields	to	control	chemical	reactions,	constructing	hybrid	systems	by	assembling	biomolecules	in	NEMS	structures,	etc.	Definition	of	Fluids	and	Types	of
Flow	A	fluid,	in	our	common	experience,	is	a	substance	that	has	volume	but	no	shape;	that	is,	a	fluid	is	a	material	that	cannot	resist	a	shear	force	or	shear	stress	without	moving.1	The	two	most	important	parameters	characterizing	a	fluid	are	density	and	viscosity.	Density	or	specific	mass,	ρ,	of	a	fluid	is	the	mass	per	unit	volume	(in	kgm−3),	and
dynamic	viscosity,	η,	is	the	fluid	property	that	causes	shear	stresses	when	the	fluid	is	moving;	without	viscosity	there	would	be	no	fluid	resistance.	Dynamic	viscosity	is	measured	as	kg/ms	(SI	system),	that	is,	Pa·s	or	Poiseuille	(Pl)*,	and	is	given	as	the	ratio	of	shear	stress,	τs,	to	shear	rate,	Γs:	H 	Ts	's	(6.1)	The	dynamic	viscosity	of	air	is	1.85	×	10−5
kg/ms,	and	for	water	it	is	10−3	kg/ms.	Equation	6.1	can	be	better	understood	from	an	inspection	of	Figure	6.1,	in	which	we	illustrate	two	large	plates,	of	area	A,	separated	by	a	fluid	layer	of	uniform	thickness,	d.	When	one	of	the	two	plates	is	moved	in	a	straight	line	relative	to	the	other	at	an	average	velocity	V,	the	shear	force	required	for	obtaining	V
is	given	by	τzx	(=F/A	=	force/area	in	N	m−2,	i.e.,	Pa):	F	V		T	zx		H	d	A	(6.2)	and	V/d	corresponds	to	the	shear	rate	Γs	(velocity	gradient	in	s−1).	The	first	subscript	in	τzx	is	in	the	direction	normal	to	the	shearing	force	(z),	and	the	second	x	=	Vt	F	=	zx	A	B	E	C	F	V	d	V	Steady	state	d	A	D	FIGURE	6.1	Schematic	of	shearing	experiment.	*	In	the	CGS
system	it	is	measured	in	poise	(1	poise	or	P	=	10	–1	N·sm–2)	and	1	Pl	=	10	P.	Fluidics	subscript	is	in	the	direction	of	the	force	(x).	Equation	6.2	can	be	generalized	as:	T	zx		H	dV	dz	N	Bingham	plastic	Shear	stress	Shear	thinning	(6.3)	Yield	stress	This	relationship	is	known	as	Newton’s	Law	of	viscosity,	and	it	relates	the	velocity	gradient	in	the	fluid	to
the	shear	stress.	Thus,	viscosity	refers	to	friction	between	layers.	The	normal	component	of	stress	(Fn)	for	a	fluid	at	rest	is	called	the	pressure,	and	the	tangential	component	(Ft)	is	the	shear	stress	(Figure	6.2).	A	solid	can	resist	applied	shear	by	deforming,	and	the	stress	is	proportional	to	the	strain,	but	a	fluid	deforms	continuously	under	applied
shear,	and	the	stress	is	proportional	to	strain	rate.	The	kinematic	viscosity,	ν	in	m2/s,	or	also	myria	(=10,000)	Stokes	(ma	St,	where	the	Stokes	is	the	CGS	unit,	1	m2/s	=	104	St),	is	the	ratio	of	the	absolute	viscosity	to	density	given	by:	H	R	(6.4)	Its	value	is	1.43	×	10	–5	m2/s	for	air	and	10–6	m2/s	for	water.	For	Newtonian	fluids	such	as	water	and	air,
the	shearing	stress	and	the	velocity	are	linearly	related	so	that	the	viscosity	is	only	a	function	of	the	nature	of	the	fluid.2	For	non-Newtonian	fluids	such	as	milk	and	blood,*	the	viscosity	is	also	a	function	of	the	velocity	gradient	(see	Figure	6.3).	Most	often,	the	viscosity	in	these	cases	diminishes	when	the	velocity	gradient	increases,	and	these	types	of
materials	are	called	pseudoplastics.	A	Bingham	plastic	437	Newtonian	Shear	thickening	Shear	strain	rate	FIGURE	6.3	Newtonian	and	non-Newtonian	fluids	compared.	The	viscosity	usually	diminishes	when	the	velocity	gradient	increases,	and	these	types	of	materials	are	called	pseudoplastics.	is	a	viscoelastic	material	that	behaves	as	a	rigid	body	at
low	stresses	but	flows	as	a	viscous	fluid	at	high	stress.	Once	a	critical	shear	stress	(or	“yield	stress”)	is	exceeded,	the	material	flows	as	a	Newtonian	fluid.	Non-Newtonian	flow	behavior	of	fluids	can	offer	real	advantages.	Paint,	for	example,	should	be	easy	to	spread,	so	it	must	have	a	low	viscosity	at	the	high	shear	caused	by	the	paintbrush.	Many
cleaning	fluids	and	furniture	waxes	have	similar	properties.	The	causes	of	non-Newtonian	flow	depend	on	the	colloid	chemistry	of	the	particular	product.	The	fundamental	laws	governing	fluid	motion	are	the	so-called	Navier-Stokes	equations	(NSEs)	(see	Navier	and	Stokes	in	Figure	6.4).	The	NSEs	are	3D	vector	equations	and	represent	the
differential	forms	of	three	equations:	1)	the	conservation	of	mass,	2)	the	conservation	of	linear	momentum,	and	3)	the	conservation	of	energy	(this	third	equation	Normal	to	surface	Force	acting	F	on	area	dA	Fn	dA	Ft	Tangent	to	surface	FIGURE	6.2	Pressure	and	shear	stress	in	a	fluid.	*	Although	serum	is	a	Newtonian	fluid,	the	presence	of	red	blood
cells	makes	whole	blood	non-Newtonian.	The	same	is	true	for	mayonnaise;	the	oil	in	it	is	Newtonian,	but	the	emulsion	with	yolk	makes	it	non-Newtonian.	(a)	(b)	FIGURE	6.4	(a)	French	mathematician	L.	M.	H.	Navier	(1758–1836)	and	(b)	English	mathematician	Sir	G.	G.	Stokes	(1819–1903)	formulated	the	Navier-Stokes	equations	by	including	viscous
effects	in	the	equations	of	motion.	438	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	that	makes	up	the	complete	set	of	NSEs	will	not	be	separately	derived	here).	The	Navier-Stokes	equations	are	applicable	to	the	description	of	the	motion	of	a	fluid	volume	at	an	arbitrary	location	in	a	flow	field	at	any	instant	of
time.	One	often	classifies	flows	as	a	means	to	simplify	the	assumptions	governing	the	partial	differential	Navier-Stokes	equations.	Lower	dimensional	flows	reduce	the	complexity	of	analytical	and	computational	solutions.	We	start	by	introducing	the	NSEs	and	show	how	they	simplify	depending	on	the	type	of	flow.	Next	we	derive	two	of	the	actual
NSEs.	1.	The	Conservation	of	Mass	Equation.	The	continuity	equation	in	differential	form	is	given	as:	uR		–		RV		0	ut	(6.5)	Mass	is	neither	created	nor	destroyed;	there	are	no	sources	or	sinks,	or	the	net	inflow	rate,	i.e.,	(inflow	−	outflow),	must	equal	the	accumulation	rate.	For	one	direction	(e.g.,	the	x-direction	with	velocity	component	u)	this	yields:
uR	u		Ru	0	ux	ut	(6.6)	A	flow	is	classified	as	incompressible	if	the	density	remains	constant.	For	an	incompressible	fluid	¥	´	uR	¦§	R		constant	or	ut		0µ¶	,	this	results	in:		–	u		0	(for	1D)	and		–	V		0	(for	3D)	(6.7)	Note	that	the	above	is	true	even	for	unsteady	flows.	Liquid	flows	typically	are	incompressible,	but	gas	flows	are	compressible,	especially	at	high
speeds.	The	Mach	number,	Ma	=	V/c,	is	the	ratio	of	flow	velocity	to	the	speed	of	sound	(c)	and	may	be	regarded	as	the	ratio	of	inertial	forces	to	elastic	ones.	The	Mach	number	is	a	good	indicator	of	whether	compressibility	effects	are	important	(Figure	6.5).	2.	The	Conservation	of	Momentum.	In	vector	notation,	the	conservation	of	momentum	is	given
as:	R	uV	R	V	–		V		p	H 	2	V	Rg	ut	a	b	c	d	e	(6.8)	FIGURE	6.5	Ma	=	V/c.	With	Ma	<	0.3	(∼100	m/s),	incompressible;	with	Ma	<	1,	subsonic;	with	Ma	=	1,	sonic;	with	Ma	>	1,	supersonic;	and	with	Ma	>>	1,	hypersonic.	where	g	is	the	gravitational	acceleration,	p	is	the	driving	pressure,	and	t	is	time.	The	gravitational	acceleration	is	related	to	the
gravitational	potential	Ω	as	g	=	−∇Ω.	Each	term	in	Equation	6.8	has	the	dimension	of	{m/L	2t	2}.	The	term	a	is	the	local	acceleration	of	the	fluid	element.	For	a	steady	flow	this	term	is	zero.	Steady	flow	implies	no	change	at	any	point	with	time;	transient	terms	in	the	NSE	are	then	also	zero:	uV	uR		0	ut	ut	(6.9)	Transients	usually	describe	a	starting	or
developing	flow	(Figure	6.6).	A	change	in	coordinate	system	(e.g.,	Cartesian,	cylindrical,	spherical)	may	facilitate	the	mathematical	treatment.	For	example,	from	Figure	6.6,	for	a	fully	developed	pipe	flow,	velocity	V(r)	is	a	function	of	radius	r,	and	pressure	p(z)	is	a	function	of	distance	z	along	the	axis.	The	next	term	in	Equation	6.8	is	the	term	b,	which
represents	the	convective	acceleration	of	the	fluid	particle,	and	it	predicts	how	the	flow	differs	from	one	location	to	the	next	at	the	same	instant	of	time.	Uniform	flow	has	no	convective	acceleration.	The	c	term	is	the	pressure	acceleration	caused	by	the	“pumping”	action.	The	d	term	is	the	viscous	deceleration	term	resulting	from	the	fluid’s	frictional
resistance.	The	e	term	is	the	acceleration	caused	by	gravity	(weight).	Regions	where	frictional	effects	are	dominant	are	called	viscous	regions.	They	usually	are	close	to	solid	surfaces	(Figure	6.7).	Regions	where	frictional	forces	are	small	compared	with	inertial	or	pressure	forces	are	called	inviscid.	Such	fluids	are	Fluidics	Developing	velocity	profile,
V(r,	z)	439	Fully	developed	velocity	profile,	V(r)	r	z	FIGURE	6.6	From	a	developing	velocity	profile	to	a	fully	developed	velocity	profile.	considered	to	be	ideal,	and	in	that	case	the	d	term	in	Equation	6.8	can	be	neglected:	R	uV	R	V	–		V		p	Rg	ut	(6.10)	This	expression	is	known	as	the	Euler	equation	of	motion.	Even	though	this	relation	is	simpler	than	the
Navier-Stokes,	an	analytical	solution	is	still	not	generally	possible	because	the	advective	accelerations	make	the	equations	nonlinear.	Internal	flows	(e.g.,	inside	a	pipe),	as	illustrated	in	Figure	6.6,	are	dominated	by	the	influence	of	viscosity	throughout	the	flow	field,	whereas	in	external	flows,	viscous	effects	are	limited	to	the	boundary	layer	and	wake
as	illustrated	in	Figure	6.8.	In	the	case	of	very	slow	fluid	motion,	the	total	acceleration	term	(a	+	b)	as	well	as	the	acceleration	caused	by	gravity	(e)	are	zero.	Equation	6.8	then	reduces	to	the	equation	for	Stokes	flow	or	creep	flow:	p		H 	2	V	(6.11)	This	equation	applies	when	dealing	with	very	viscous	fluids,	capillary	flow,	and	certain	molten	metals.
Flows	are	also	distinguished	as	being	laminar,	turbulent,	or	transitional,	as	shown	in	Figure	6.9.	An	important	concept	in	fluidics	concerns	the	idea	of	streamlines.	A	streamline	is	a	path	traced	out	by	a	Inviscid	flow	region	FIGURE	6.8	External	flow.	Viscous	effects	are	limited	to	the	boundary	layer	and	wake	around	the	object	in	the	flow.	massless
particle	as	it	moves	with	the	flow.	Velocity	is	tangent	to	a	streamline	at	every	point.	In	the	laminar	case,	the	fluid	motion	is	highly	ordered	with	smooth	streamlines.	In	the	case	of	turbulence,	one	has	a	highly	disordered	fluid	motion	characterized	by	velocity	fluctuations	and	eddies.	In	the	transitional	case,	one	obtains	a	flow	that	contains	both	laminar
and	turbulent	regions.	We	will	see	below	that	it	is	the	Reynolds	number,	Re	=	ρVL/η,	that	is	the	key	parameter	in	determining	whether	a	flow	is	laminar	or	turbulent.	A	rotational	flow	is	one	where	streamlines	close	in	on	themselves	while	in	an	irrotational	flow	the	streamlines	do	not	close	in	on	themselves.	Boundary	Conditions	Continuum	Hypothesis
In	a	continuum	all	quantities	are	defined	everywhere	and	vary	continuously	from	point	to	point.	To	understand	this	better,	consider	an	“average”	density,	ρ,	averaged	over	a	fluid	“particle”	with	volume	L3	as	illustrated	in	Figure	6.10.	For	the	“average	density,”	it	Laminar	Transitional	Viscous	flow	region	Inviscid	flow	region	FIGURE	6.7	Inviscid	and
viscous	regions	in	a	liquid	flow.	Turbulent	FIGURE	6.9	Laminar,	transitional,	and	turbulent	streamlines.	440	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Molecular	fluctuations	System	size	variations		Local	value	of	the	density	L1	L2	L3	L	FIGURE	6.10	Schematic	representation	of	the	variation	of
instantaneous	density	of	the	fluid	particle	with	respect	to	its	volume.	holds	that	ρ	=	N·m/L3,	with	N	the	number	of	molecules	and	m	the	mass	of	each	molecule.	The	continuum	assumption	fails	when	the	sampling	volume	becomes	too	small.	For	the	smallest	particle	size	(L1),	molecular	fluctuations	may	cause	density	variations.	Also,	for	large	volume
elements,	of	the	scale	of	the	system	itself	(L3),	density	can	evolve	because	of	spatial	variations	caused	by	changes	in,	for	example,	pressure	(e.g.,	shocks)	or	temperature.	It	is	only	in	the	intermediate,	“mesoscopic”	size	regime	(L2),	the	plateau	in	Figure	6.10,	where	it	is	possible	to	establish	equations	of	fluid	flow	assuming	a	continuous	medium.	The
continuum	hypothesis	thus	assumes	that	in	the	L2	regime	(with	L1	1	such	as	silicone	oils	(Pr	=	10	to	107).	Convection:	Newton’s	Cooling	Law	Fourier’s	Law,	as	explained	above,	describes	heat	transport	in	solids	through	conduction.	Convection	heat	transfer	is	the	mode	of	energy	transfer	between	a	solid	surface	and	an	adjacent	liquid	or	gas	that	is	in
motion,	and	it	involves	the	combined	effects	of	conduction	and	fluid	motion.	In	Figure	6.28	we	show	velocity	and	temperature	variation	of	air	flowing	over	a	hot	substrate	and	illustrate	the	difference	between	forced	and	natural	convection.	In	Newton’s	Cooling	Law,	the	heat	flux	between	a	solid	surface	at	temperatures	Ts	and	the	bulk	temperature	of	a
fluid,	T∞,	is	proportional	to	the	temperature	difference,	the	exposed	area	A,	and	the	convective	heat	transfer	coefficient	h:		q		hA	Ts	Td	Velocity	variation	of	air	V	T∞	Air	flow	(6.62)	T	Temperature	variation	of	air	Qconv	A	Ts	Hot	block	Forced	convection	Natural	convection	Air	Air	Hot	egg	Hot	egg	FIGURE	6.28	Velocity	and	temperature	variation	of	air
flowing	over	a	hot	substrate,	and	the	difference	between	forced	and	natural	convection.	452	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	The	units	of	h	are	W/m2K.	For	most	experiments,	h	is	related	to	the	fluid	velocity	u,	or	h	∼	u,	which	in	turn	is	proportional	to	l−1.	As	in	the	case	of	conductive	heat	transfer,
10	times	reduction	in	size	will	give	10	times	reduction	in	heat	transfer.	It	is	important	to	keep	in	mind	that	the	energy	exchange	at	the	solid/	fluid	interface	is	by	conduction	and	that	this	energy	is	then	convected	away	by	fluid	flow.	Convective	heat	transfer	also	can	be	discussed	in	terms	of	the	Nusselt	number	(William	Nusselt,	1882–	1957),	the
dimensionless	heat	transfer	coefficient:	Nu	=	hL/κ	(6.63)	with	L	(in	W/mK)	the	characteristic	length	and	κ	the	thermal	conductivity	of	the	solid,	so	this	number	may	be	viewed	as	the	ratio	of	convection	to	conduction	for	a	layer	of	fluid.	With	Nu	=	1,	we	have	pure	conduction,	and	higher	values	mean	that	heat	transfer	is	enhanced	by	convection.	In	a
boundary	layer	situation,	L	is	the	thickness	of	the	boundary	layer.	To	determine	a	numerical	value	for	Nu	in	a	forced	convection	situation,	one	uses	the	relationship	Nu	=	α	(Re)β	(Pr)γ,	and	for	a	free	convection	at	low	velocity	Nu	=	α(Re)β(Pr)γ	(Gr)δ	.	The	parameters	α,	β,	γ,	and	δ	in	this	last	expression	are	determined	by	the	experimental	setup.	From
the	dimensionless	numbers—	the	Reynolds	number	(Re),	the	Prandtl	number	(Pr),	and	the	Grashof	number	(Gr)—Re	has	the	dominant	effect	on	h.	The	Grashof	number	Gr	is	defined	as:	Gr		L3R2	gB$T	H	(6.64)	with	L	the	characteristic	length	(m),	ρ	the	density	(kg/m3),	g	the	acceleration	resulting	from	gravity	(9.080665	m/s2),	β	the	coefficient	of
volumetric	expansion	(K−1),	ΔT	the	temperature	difference	between	the	wall	and	the	surrounding	bulk	(°C),	and	η	is	the	viscosity	(Pa·s).	The	Grashof	number	is	a	ratio	between	the	buoyancy	forces	and	viscous	forces.	Typical	values	of	the	convection	heat	transfer	coefficient	h	(W/m2K)	are	shown	in	Table	6.2.	Radiation	The	third	mode	of	heat
transmission	is	the	result	of	electromagnetic	wave	propagation,	which	occurs	both	in	fluidic	media	and	in	an	absolute	vacuum	(Figure	6.29).	TABLE	6.2	Typical	Values	of	the	Convection	Heat	Transfer	Coefficient	h	[W/m2K]	Free	convection	Gases	Liquids	h	2–25	50–1,000	Forced	convection	Gases	Liquids	25–250	50–20,000	Convection	with	phase
change	Boiling	or	condensation	2,500–100,000	Radiation	is	the	energy	emitted	by	matter	that	is	at	a	finite	temperature.	Radiant	heat	transfer	is	proportional	to	the	fourth	power	of	the	absolute	temperature,	whereas	we	learned	that	conduction	and	convection	are	linearly	proportional	to	temperature	differences.	The	fundamental	Stefan-Boltzmann’s
law	E	=	σT	4	(Chapter	3):	E	=	5.67	×	10−8	T	4	(3.71)	where	T	is	the	absolute	temperature,	and	the	constant	is	independent	of	surface,	medium,	and	temperature.	The	ideal	emitter,	or	blackbody,	is	one	that	gives	off	radiant	energy	according	to	Equation	3.71.	All	other	surfaces	emit	somewhat	less	than	this	amount,	and	the	thermal	emission	from
many	surfaces	(gray	bodies)	can	be	represented	by:	E		E	5.67	s	10	8	T	4	(6.65)	where	ε,	the	emissivity	of	the	surface,	ranges	from	zero	to	one.	Example	6.4:	Thermal	Problem	in	Miniaturization	Let	us	apply	the	insights	gathered	so	far	to	a	simple	practical	problem,	i.e.,	the	calculation	of	Person	30°C	Fire	900°C	Air	5°C	Radiation	FIGURE	6.29	Example
of	radiation	heat.	Fluidics	the	thermal	time	constant	associated	with	the	sudden	transfer	of	an	object	from	one	temperature	to	another.	The	heat	flow	into	a	material	of	volume	V0,	at	a	uniform	temperature	T0,	through	boundary	surface	A,	when	the	volume	is	suddenly	immersed	in	an	environment	of	temperature	T∞,	is	equated	to	the	rate	of	increase
of	the	internal	energy	of	the	material	in	volume	V0,	or:	q		hA		T0	Td		Rcp	V0	dT	dt	(6.66)	Solving	this	differential	equation	gives	us	the	temperature	of	the	solid	as	a	function	of	time:	¥	h!	´	¦	µt	T	Td	Rc	V		e	§	p	0¶	T0	Td	(6.67)	The	term	on	the	left	represents	the	dimensionless	temperature,	and	it	can	be	verified	that	the	temperature	in	the	solid	decays
exponentially	with	time	and	that	the	shape	of	the	curve	is	determined	by	the	time	constant	τc	given	by:	Tc	=	Rcp	V0	hA	(6.68)	To	develop	a	feeling	for	the	above	expression,	we	compare	how	fast	a	Ni	rod	of	0.5-in.	diameter	and	one	with	a	50-μm	radius	come	to	equilibrium	with	their	surroundings.	For	a	cylinder,	with	V0	=	πr2l	and	A	=	2πrl,	the	above
equation	transforms	to:	Tc	=	Rcpr	2h	(6.69)	m−3,	Assuming	h	=	10	W/m	K,	ρ	=	8900	kg	and	−	1	cp	=	0.44	J	kg	/K	gives	a	τc	=	1.24	s	for	the	bigger	cylinder.	If	we	assume	equilibration	with	the	surrounding	temperature,	T∞,	in	4	τc,	equilibration	is	reached	in	5	s.	For	the	50-μm	Ni	rod,	equilibrium	is	reached	after	0.039	s.	2	Biot’s	Number	When	a	solid
body	is	placed	in	a	surrounding	of	a	different	temperature,	the	body	heats	up	or	cools	down,	and	internal	temperature	gradients	that	cause	thermal	stresses	are	set	up.	The	dimensionless	number	that	characterizes	the	magnitude	of	the	established	thermal	gradient	is	the	Biot	number	(Bi),	the	ratio	of	the	average	surface	heat/transfer	coefficient	for
convection	from	the	entire	surface	(h),	to	453	the	conductivity	of	the	solid	(κ),	for	a	characteristic	dimension	L,	or:	Bi		hL	K	(6.70)	As	L	becomes	smaller,	the	Biot	number	goes	down.	For	Bi	1,	convective	and	inertial	forces	do.	Similarity	of	flow	will	always	be	maintained	if	the	Reynolds	number	has	an	identical	value	for	the	bodies	being	considered.6	In
laminar	flow	the	resistance,	caused	by	intermolecular	viscous	forces,	is	proportional	to	velocity,	with	turbulence	the	resistance,	generated	along	the	channel	perimeter	and	related	to	channel	shape,	particle	size,	and	concentration	is	proportional	to	the	square	of	the	velocity.	Laminar	flow	is	characterized	by	smooth	flow	of	fluid	in	layers	that	do	not
mix:	such	flow	also	is	called	streamline	flow.	Turbulent	flow	is	characterized	by	eddies	and	swirls	that	mix	layers	of	fluid	together.	At	sufficiently	high	velocity,	a	fluid	flow	can	change	from	streamline	to	turbulent	flow.	The	onset	of	turbulence	can	be	found	from	the	Reynolds	number.	If	Re	=	2000	or	below,	the	flow	is	streamline;	if	2000	<	Re	<	3000,
the	flow	is	unstable;	and	if	Re	=	3000	or	above,	the	flow	is	turbulent.	1010	Reynolds	number	454	105	100	10−5	Whale	Tuna	Dragonfly	Squid	Cabbage	butterfly	Goald	beetle	Housefly	Paramecium	Spermatozoa	DC	10	Benjamin	Franklin	(an	aeroplane)	Submarine	Eel	Honeybee	Nematoda	Bacteria	1	nm	1	μm	1	mm	1	km	Size	FIGURE	6.30	Reynolds
number	for	mobile	machines	in	their	fluidic	environment	as	a	function	of	their	size.	A	tiny	rotor	blade	in	an	air-filled,	10-μm-wide	capillary	will	only	be	able	to	rotate	in	milliseconds	rather	than	microseconds.	The	consideration	of	moving	small	things	in	water	is	even	more	daunting,	because	water	is	like	syrup	to	the	submerged	micromachine.	Fluid
systems	in	the	microdomain	are	damped	heavily	and	exhibit	slow	response	times.	In	Figure	6.30,	the	Reynolds	number	for	mobile	machines	in	their	fluidic	environment	is	plotted	as	a	function	of	size	(length),	and	Table	6.3	lists	some	additional	example	Reynolds	numbers.	Bacteria	must	be	seen	as	truly	autonomous	micromachines.	Swimming	in	an
aqueous	environment,	such	small	vessels	are	up	against	the	tide	with	an	Re	of	10	−5	(see	Table	6.3).	Mechanical	engineers	have	avoided	designing	such	machines,	but	that	is	exactly	how	nature	has	done	it,	and	bacteria	are	the	most	abundant	life	form	on	Earth.	Friction	Factor	Example	6.5:	Equation	6.71	may	be	used	to	calculate	the	Reynolds
number	for	the	flow	of	air	(η	=	1	×	10–6	m2s−1)	and	water	(η	=	15	×	10–6	m2s−1)	in	a	50-μmdiameter	capillary.	Assuming	a	velocity	V	=	500	×	10–6	ms−1	(10	times	the	diameter	of	the	pipe	per	second),	we	obtain	0.0016	for	air	and	0.025	for	water.	Both	are	considerably	less	than	1,	indicating	that	if	fluids	behave	as	a	continuum,	as	is	assumed	in
classical	fluids,	microsystems	will	operate	in	a	viscous-dominated	Stokes	regime.	We	touched	upon	frictional	resistance	when	discussing	a	falling	sphere	and	when	deriving	pipe	flow.	When	a	fluid	flows	through	a	fluidic	channel	it	experiences	frictional	resistance,	and	as	a	consequence,	useful	mechanical	energy	is	degraded	into	unusable	heat	energy.
Knowledge	of	frictional	characteristics	is	vital	for	the	design	of	any	fluidic	system.	For	a	tube	of	circular	cross-section,	friction	loss	or	head	loss	can	be	determined	in	terms	of	shear	stress	at	the	wall,	τ:	T	$pL	41	(6.72)	Fluidics	TABLE	6.3	Example	Reynolds	Numbers	and	Hydrodynamic	Layer	Thickness	Description	Re	Earth’s	tectonic	plates	(100	km	at
10−8	m/s,	kinematic	viscosity	is	1020	m2/s)	Glacier	Bacteria	in	water	(1	μm	at	10	μm/s	and	kinematic	viscosity	ν	in	water	=	10−6	ma	St)	Sperm	cells	in	semen	A	small	marble	falling	in	honey	Fish	in	a	tropical	aquarium	Human	swimmer	Bird	Car	(1.5	m	long	at	90	km/h,	kinematic	viscosity	ν	in	air	=	15	×	10−6	ma	St)	10−23						FIGURE	6.31	Friction	in
pipe	flow	(τ	=	FD/A).	10−11	10−5	it	is	used	mostly	for	heat	transfer	problems	in	pipe	flow.	In	other	words	(see	also	Volume	III,	Equation	7.27	with	τ	=	FD/A):	10−3	10−2	102	105	106	2.5	×106	Airplane	taking	off	at	300	km/h,	9-m	wingspan	Pleasure	boat	(10-m	long	at	21.6	km/h	or	1,166	knots,	and	kinematic	viscosity	υ	in	water	=	10−6	ma	St)	Large
fish	in	the	ocean	CD		50	×	106	Size	of	δ,	hydrodynamic	boundary	layer	(mm)	∼0.9	1.2	60	×	106	1.3	108	where	l	is	the	length	of	the	tube	in	meters	and	L	is	the	internal	diameter	of	the	pipe.	With	reference	to	Figure	6.31,	Equation	6.72	is	easily	derived	from	the	fact	that	the	force	balance	is	given	by:	p	455	PL2	PL2			p	$p	TPLl	or	4	4	$pL	T	4l	The	shear
stress,	τ,	at	the	wall	is	a	function	of	five	independent	parameters:	τ	=	f(η,	ρ,	V,	L,	k).	The	surface	roughness	of	the	pipe	is	given	as	k	and	can	be	described	as	a	length.	With	five	independent	variables,	the	solution	is	very	complex.	However,	the	complexity	can	be	reduced	by	use	of	only	two	nondimensional	variables.	The	nondimensional	shear	stress,
called	the	friction	coefficient	or	Fanning	friction	factor,	CD,	can	be	tabulated	as	a	function	of	the	Reynolds	number	and	surface	roughness	k	only.	The	Fanning	friction	factor	CD	is	defined	as	2τ/ρV2	and	FD	1	2	RV	A	2		¥	RVL	k	´	T	f¦	,	2	§	H	L	µ¶	RV	2	(6.73)	with	k/L	the	relative	surface	roughness.	Civil	engineers	replace	the	Fanning	friction	factor
frequently	with	the	Moody	friction	factor,	CM,	related	to	CD	as:	C	M		4C	D		8T	RV	2	(6.74)	Yet	differently,	Coulson	and	Richardson	define	the	friction	factor	as	τ/ρV2.9	The	friction	factor	for	pipe	flow	of	all	incompressible	Newtonian	fluids	is	a	unique	function	of	the	Reynolds	number.	This	is	a	very	important	insight.	Only	two	groups	of	variables	need
to	be	studied	experimentally	to	obtain	a	relation	that	is	universally	valid	for	a	wide	class	of	fluids,	geometries,	and	flow	parameters.	For	a	smooth	pipe,	Equation	6.73	reduces	to	CD	=	f(Re)	only.	In	laminar	flow,	we	calculate	from	Equation	6.54	that	the	pressure	drop,	Δp,	is	given	as:	Q8Hl	¥	Q	´	with	L		2R	and	V		2	¦	PR	§	PR	2	µ¶	32HlV		L2	$p		(6.75)	Q
is	the	volumetric	flow	rate,	and	from	the	balance	of	forces	(see	Equation	6.72):	T	$pL	8HV		4l	L	(6.76)	For	macroscopic	laminar	flow	in	long	tubes,	the	friction	factor,	CD,	thus	correlates	to	the	Reynolds	number	as:	CD		¥	RVL	´	T	H	16	f¦		16		2	µ	RVL	R	e	§	H	¶	RV	2	(6.77)	456	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology	where	CD	is	a	constant	(for	Re	<	2200),	also	called	the	Poiseuille	number,	that	depends	on	the	cross-sectional	shape	but	typically	has	a	value	of	16	for	tube	flow	(see	linear	part	of	curve	in	Figure	6.32).	Compare	this	with	a	Fanning	friction	factor	for	a	sphere	of	24	(see	Figure	6.16).	In	case	the	Moody	friction	factor,	CM,	for	pipe	flow
is	plotted,	the	slope	is	64	instead.	The	friction	factor	can	be	regarded	as	the	ratio	of	the	net	imposed	external	force	to	the	inertial	force.	Figure	6.32	represents	Re	versus	friction	factor	CD	for	different	pipe	sizes,	relative	pipe	roughness,	densities,	and	a	broad	range	of	viscosities.1	Data	from	all	pipe	sizes	and	the	entire	viscosity	range	overlap	and
cover	more	than	four	decades	in	Re.	At	Reynolds	numbers	below	2200,	the	viscous	shear	effects	are	so	large	they	balance	the	driving	effect	of	the	pressure,	and	a	laminar,	creeping,	or	Stokes	flow	condition	results.	For	this	type	of	flow,	acceleration	is	negligible.	Stokes	flow	is	obtained	either	by	a	slow	flow,	that	is,	V	is	small,	L	is	small,	or	η	is	large.	It
is	in	this	regime	that	Equation	6.54,	the	Hagen-Poiseuille	equation,	is	valid.	At	large	enough	Reynolds	numbers,	above	4000,	a	laminar	flow	becomes	unstable	and	eventually	turns	turbulent.	The	region	between	2100	and	4000	is	a	transition	region,	where	transition	depends	on	the	size	and	frequency	of	disturbances	inherent	to	the	type	of	flow,	the
roughness	of	k/L	=	9.86	×	10−4	"	=	1.98	×	10−3	"	=	3.97	×	10−3	"	=	8.34	×	10−3	"	=	1.63	×	10−2	"	=	3.34	×	10−2	CD	2×10−2	1×10−2	f=16/Re	smo	oth	2×10−3	4	6	8	2	103	4	68	2	104	Re	tube	s	4	68	2	105	k	L	FIGURE	6.33	Schematic	of	a	pipe	wall	of	uniform,	regular	roughness.	the	boundaries,	temperature,	boundary	flexibility,	etc.	For	turbulent
flow,	the	friction	factor/Reynolds	number	dependence	is	weaker,	but	no	simple	theory	exists	and	we	must	rely	on	experimental	results.	An	empirical	equation	for	turbulent	flow	is	f	=	0.079	Re–1/4.1,5	The	onset	of	turbulent	flow,	as	is	obvious	from	Figure	6.32,	is	related	to	the	relative	roughness	of	the	pipe	wall.	As	illustrated	in	Figure	6.33,	the	relative
roughness	is	represented	by	the	dimensionless	group	k/L.	The	larger	that	ratio,	the	earlier	turbulence	starts.	For	micromachined	tubes,	one	might	expect	a	large	k/L	and	turbulence	to	kick	in	quickly.	But	some	simple	calculations	show	that	the	Reynolds	numbers	are	so	low	that	turbulence	is	not	likely	to	be	observed	in	microsystems	even	with	a	large
k/L.	Boundary	Layers	The	primary	resistance	to	heat	transfer	and	mixing	by	convection	is	controlled	within	a	thin	layer	of	stagnant	fluid	adjacent	to	the	immersed	body.	In	this	hydrodynamic	boundary	layer,	the	flow	velocity,	V,	varies	from	zero	at	the	surface,	that	is,	the	no-slip	condition,	to	the	value	in	the	bulk	of	the	fluid,	that	is,	V∞.	A	quantity	δ,
the	upper	limit	of	the	boundary	layer,	corresponds	to	the	layer	thickness	when	V	has	reached	0.99	V∞.	For	laminar	flow	around	an	object	of	length	L,	δ	is	given	by:	Dz	4	68	2	106	FIGURE	6.32	The	Reynolds	number,	Re,	is	plotted	versus	friction	factor,	CD,	for	different	pipe	sizes,	densities,	and	a	broad	range	of	viscosities.	Data	from	all	pipe	sizes	and
the	entire	viscosity	range	overlap.	Different	relative	roughness	factors	k/L	(caused	by	sand-roughened	pipes)	cause	different	onsets	for	turbulence.	(From	Denn,	M.	M.	1980.	Process	fluid	mechanics.	Englewood	Cliffs,	NJ:	Prentice	Hall.	With	permission.)	L	VL	N	z	L	Re	(6.78)	As	the	Reynolds	number	gets	larger,	the	boundary	layer	gets	thinner.	From
Figure	6.34	we	can	deduce	how	Equation	6.78	comes	about.	From	the	continuity	equation	it	follows	that:	uv	uu		uy	ux	(6.79)	Fluidics	Equation	6.81	the	last	term	remains,	and	we	obtain	Equation	6.78:	y	(x)	x	V	457	u	L	¥	u2u	u2u	´	uu	uu	1	u	pd	v		N	¦	2	2	µ	or	R	ux	ux	uy	uy	¶	§	ux	2	¥L´	N	L	¦§	D	µ¶	VL	^	1	or	D	^	Re	FIGURE	6.34	Boundary	layer
dimensions.	The	scaling	of	the	term,	∂u/∂x,	goes	as	V/L.	If	the	length	scale	in	the	direction	normal	to	the	body	is	denoted	as	δ,	i.e.,	the	boundary	layer	thickness,	and	the	normal	velocity	scale	is	denoted	as	U,	it	follows	from	the	estimate	∂v/∂y	∼	U/δ	that:	U^	D	V	L	(6.80)	The	stream-wise	equation	of	momentum	balance,	with	p	the	pressure,	and	the
scaling	of	each	term	annotated,	is	then	given	as:	Example	6.6	1.	For	a	car	being	driven	at	90	km/h	(with	ν	=	±15	×	10	−6	ma	St),	the	thickness	of	the	hydrodynamic	boundary	layer	is	about	1	mm	(see	Table	6.3	for	other	examples).	2.	In	Volume	II,	Chapter	7,	in	the	section	on	chemical	vapor	deposition	(CVD),	we	calculated	the	average	boundary	layer
thickness	over	a	substrate	on	which	a	thin	film	is	deposited,	using	the	boundary	layer	model	from	Prandtl	(Volume	II,	Equation	7.13)	and	obtained:	D=	¥	u2	u	u2	u	´	uu	uu	1	up	v		N¦	2	2	µ	u	uy	¶	ux	uy	R	ux	§	ux	V2	,	L	V2	,	L	V	V2	V	,	N	2,	N	2	L	L	D	multiply	by	L	/V	2	to	obtain:	2	1,	1,	1,	N	¥	L´	N	,¦	µ	VL	§	D	¶	VL	1,	1,	1,	1	¥	L´	1	,¦	µ	Re	§	D	¶	Re	or	also,	2
(6.81)	2L	When	a	fluid	at	one	temperature	flows	along	a	solid	surface	that	is	at	another	temperature,	a	thermal	boundary	layer	develops	in	addition	to	the	hydrodynamic	boundary	layer.	The	thickness	of	the	thermal	boundary	of	a	solid	object	in	a	fluid	medium	depends	on	the	velocity	of	the	fluid	over	the	solid	surface	and	the	properties	of	the	fluid
medium.	The	equation	to	estimate	the	thermal	boundary	layer	thickness,	δ	T,	is	given	by:	DT	z	The	case	of	interest	here	is	that	of	a	large	Reynolds	number	(but	not	so	large	as	to	cause	turbulence),	so	that	1/Re	7λ.	Consequently,	the	boundary	between	the	microscale	and	macroscale	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology	regimes	equals	L	=	7λ	for	the	conduction	across	a	layer,	where	L	is	the	layer	thickness	and	λ	the	mean	free	path	of	the	dominant	carrier	of	heat.	Given	the	dimensions	of	a	phonon	at	least	10	times	smaller	than	λ	of	a	gas	at	atmospheric	pressure,	we	might	not	observe	deviations	from	the	Navier-Stokes	equations	in	liquids	until	the
dimensions	of	the	containing	vessels	are	in	the	100-Å	range.	Maps	for	heat	transfer	regimes	in	microstructures,	immediately	showing	whether	a	certain	heat	transport	in	a	given	device	can	be	analyzed	with	macroscale	theory,	have	been	developed.17	Slip	in	Liquids	Deviations	from	the	Navier-Stokes	equations	in	liquid	are	more	difficult	to
demonstrate	than	in	a	gas.	Liquids	do	not	have	a	well-advanced	molecular-based	theory	as	dilute	gases;	for	example,	there	is	no	Knudsen	number	for	liquids,	and	the	concept	of	a	mean	free	path	in	a	liquid	is	very	different	than	for	a	gas.	Gravesen	et	al.13	in	1993	reviewed	some	of	the	literature	describing	deviations	from	Navier-Stokes	equations	in
liquid	flow	in	narrow	channels	but	could	not	find	enough	consistency	in	the	data	to	conclude	that	there	was	a	breakdown	of	the	macrotheory.	More	clarity	has	emerged	since	1993.	In	controlled	experiments,	generally	with	dimensions	of	microns	or	smaller,	apparent	violations	of	the	no-slip	boundary	condition	clearly	have	been	demonstrated	in	liquids.
We	usually	assume	that	viscosity	in	liquids	is	independent	of	the	dimensions	of	the	flow	channel.	However,	experiments	by	Harley	et	al.18	suggest	that	in	microchannels	liquid	flow	takes	on	values	as	much	as	an	order	of	magnitude	greater	than	that	expected	from	a	constant	viscosity.	Pfahler	et	al.12	similarly	measured	a	flow	significantly	higher	than
expected	from	macrotheory	when	using	isopropanol	and	silicone	oil.	Israelachvili19	showed	that	the	apparent	viscosity	of	a	liquid	is	the	same	as	that	in	the	bulk	once	the	film	is	thicker	than	a	dozen	molecular	layers	(∼5	nm);	below	that	thickness	the	viscosity	grows	by	several	orders	of	magnitude.	Tretheway	et	al.,20	using	a	30	×	300-μm	channel
made	hydrophobic	with	a	2.3-nm-thick	monolayer	of	octadecyltrichlorosilane,	measured	fluid	slip	velocities	within	450	nm	of	the	wall	of	about	10%	of	that	in	the	center	instead	of	zero.	This	slip	condition	has	the	effect	of	increasing	the	total	volume	flow.	In	the	case	of	a	hydrophilic	surface,	velocity	profiles	remained	consistent	with	Stokes	flow	and	the
well-accepted	no-slip	boundary	(see	Figure	6.38).	Slip	of	liquids	was	also	measured	with	hexadecane	flowing	over	an	atomically	smooth	surface,	such	as	mica,	that	again	was	made	nonwettable	by	deposition	of	a	hydrophobic	monolayer.21	From	the	above,	we	conclude	that	slip	causes	a	“shift”	in	the	velocity	profile.	It	also	has	been	established	that	slip
increases	with	the	contact	angle,22	decreases	with	increasing	surface	roughness,22	and	increases	with	viscosity	and	driving	rate.23	In	flow	channels	approaching	molecular	diameters,	“molecular”	effects	turn	yet	more	dramatic.	When	the	channel	is	less	than	10	molecular	diameters,	of	the	order	of	a	few	nanometers,	the	fluid	loses	its	liquid-like
behavior	and	assumes	some	solid-like	characteristics.24	The	structure	of	the	molecules	changes	from	a	random	order	to	a	discrete	number	of	ordered	layers,	with	an	“apparent”	viscosity	of	the	fluid	105	times	the	“regular”	viscosity.	The	molecular	time	scale	for	molecules	in	these	nanotubes	slows	down	by	a	factor	of	1010.25	In	Figure	6.39,	the
friction	force	between	two	parallel	plates,	separated	by	a	few	Velocity	profiles	25.0	Position	from	wall	(microns)	462	20.0	15.0	10.0	5.0	0.0	0.0	0.2	0.4	0.6	0.8	1.0	Streamwise	velocity	(normalized)	FIGURE	6.38	Measurement	of	slip	length.	Square	symbols:	hydrophilic	coating	(L	s	=	0),	triangle	symbols:	hydrophobic	coating	(L	s	=	∼1	μm).	The	velocity
at	450	nm	from	the	wall	was	measured	at	10%	from	that	in	the	middle	of	the	flow	(instead	of	0).	(Tretheway,	D.	C.,	and	C.	D.	Meinhart.	2002.	Apparent	fluid	slip	at	hydrophobic	microchannel	walls.	Phys	Fluids	14:	L9.)	Fluidics	n=1	40	n=2	sit	i	10	on	20	n=3	0	0	1	Tra	ns	itio	n	30	n=2	Tr	an	Frictional	Force	(mN)	50	2	Time	(minutes)	FIGURE	6.39
Friction	forces	between	two	parallel	plates.	(Ho,	C.	M.	2001.	14th	IEEE	International	Conference	MEMS,	Interlaken,	Switzerland,	375.)	molecular	layers	of	OMCTS	(octamethylcyclotetrasiloxane),	sliding	with	respect	to	each	other	while	the	distance	between	them	decreases	(horizontal	axis),	is	shown.	Two	very	striking	features	are	apparent.	First,	the
frictional	forces	increase	in	a	stepwise	fashion	as	the	distance	between	the	plates	is	reduced	and	settles	on	a	stable	value	corresponding	to	an	integer	number	of	molecular	layers	(1,	2,	or	3).	Second,	a	saw-tooth	behavior	is	observed,	corresponding	to	a	stick-stick	motion	of	the	plates	when	the	molecular	layers	are	rearranging	themselves	while	moving
with	respect	to	each	other.	When	working	with	macromolecules	such	as	DNA	and	proteins	in	nanochannels,	effects	as	described	here	are	to	be	expected.	Instead	of	continuum	theory,	molecular	dynamics	methods	are	used	to	study	interfaces	at	the	molecular	level.	In	molecular	dynamics	one	integrates	Newton’s	equations	of	motion	for	each	individual
particle.	A	commonly	used	force	between	the	interacting	molecules	is	the	Lennard-Jones	force	introduced	in	Chapter	7	(Equation	7.22).	463	is	termed	the	interfacial	tension	(in	units	of	N/m	or	also	J/m2),	whereas	for	interfaces	involving	solids,	it	is	called	“surface	energy.”	We	start	by	illustrating	the	surface	forces	at	the	liquid/gas	interface,	i.e.,
surface	tension.	Next	we	study	the	solid/liquid	interface	to	elucidate	beading	of	droplets	and	capillary	action.	Surface	Tension	Many	of	the	properties	of	a	liquid,	including	surface	tension,	capillary	action,	and	beading,	are	caused	by	cohesion	and/or	adhesion	of	molecules.	In	liquids,	the	rearrangement	after	creating	a	new	interface	is	very	fast,	and	the
surface	tension	is	an	equilibrium	value.	Liquids	and	gases	are	separated	by	a	meniscus	and	differ	only	in	density,	not	structure.	Molecules	at	the	surface	of	a	liquid	experience	forces	around	and	below,	whereas	molecules	in	the	middle	are	attracted	from	all	sides,	so	the	net	attraction	on	molecules	at	the	top	is	downward	(Figure	6.40).	Increasing	the
surface	area	results	in	more	molecules	that	are	exposed	and	a	higher	overall	energy,	so	the	surface	area	tends	toward	the	smallest	possible	area	to	reduce	the	overall	energy	of	the	system.	A	liquid	thus	arranges	itself	to	have	less	surface	area.	Water	forms	spherical	drops	because	a	sphere	exhibits	less	surface	to	volume.	The	energy	required	to	break
through	the	surface	of	a	substance	or	to	spread	a	drop	of	the	substance	out	into	a	film	is	the	surface	tension.	Fluids	behave	as	though	they	have	a	surface	composed	of	an	elastic	skin	that	is	always	in	tension.	Surface	tension,	with	reference	to	Figure	6.41,	is	the	amount	of	energy	Surface	Interior	Forces	at	Interfaces	Introduction	Molecules	condense
when	attractive	intermolecular	bond	energies	are	comparable	with	or	greater	than	their	thermal	(i.e.,	kinetic)	energy.	These	condensed	materials	have	a	surface:	a	transition	region	between	condensed	phase	[S(olid)	or	L(iquid)]	and	a	gas	phase.	An	interface	is	a	region	between	two	condensed	phases.	At	interfaces,	atoms	and	molecules	possess
energies	and	reactivities	significantly	different	from	those	of	the	same	species	in	the	bulk.	That	imbalance	leads	to	surface	free	energy.	The	imbalance	of	forces	at	a	gas/liquid	interface	usually	FIGURE	6.40	The	molecular	origin	of	surface	tension.	Molecules	at	the	surface	of	the	liquid	experience	forces	around	and	below,	whereas	molecules	in	the
middle	are	attracted	from	all	sides,	so	the	net	attraction	on	molecules	at	the	top	is	downward.	464	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	required	to	stretch	or	increase	the	surface	area	of	a	liquid	by	a	unit	area.	The	force	exerted	by	a	planar	film	supported	on	a	rectangular	frame	with	one	movable	bar
of	length	l,	as	shown	in	Figure	6.41,	is	given	by:	Fs	=	2Gl	(6.88)	The	factor	of	two	is	introduced	because	the	liquid	film	has	two	surfaces.	The	work	required	to	create	new	surface	area	is	then:	W		2	G	ld	and	2G		dW	dA	(6.89)	An	interfacial	energy	γ	is	associated	with	any	interface	between	two	phases	(J	m−2)	(also	called	a	surface	tension:	Nm−1).	An
increase	in	area	increases	the	system’s	free	energy,	which	is	not	thermodynamically	favorable.	Water	has	the	highest	surface	tension	of	all	common	liquids.	Drops	and	Bubbles	Fin	Fout	Fsurface		0	pin	Pr	2	pout	Pr	2	G	2Pr		0	(pin	pout	)Pr	2		G	2Pr	2G	2G		or	also	$p		r	r	(6.90)	In	this	example	there	is	only	one	liquid/gas	surface.	For	a	soap	bubble,	with
two	liquid/gas	surfaces,	the	force	will	be	twice	as	great.	Atoms	of	liquid	on	the	surface	of	a	small	droplet	are	held	less	tightly	compared	with	atoms	on	a	flat	2A	Fs	l	Surface	tension	force	Pin	2r	FIGURE	6.42	Pressure	difference	across	a	curved	surface.	liquid	surface.	High	curvature	effectively	reduces	the	coordination	number	of	the	surface	atoms,
making	them	easier	to	evaporate.	This	is	manifested	as	an	increase	in	the	vapor	pressure	p	of	a	liquid	droplet	compared	with	that	of	a	bulk	liquid	p0	and	is	described	in	the	Kelvin	equation.	In	the	case	of	a	positive	curvature,	the	liquid	in	drops	has	a	higher	vapor	pressure	than	in	the	bulk.	In	the	case	of	negative	curvature,	it	has	a	lower	vapor	pressure
than	in	the	bulk	(e.g.,	liquid	in	pores).	The	Kelvin	equation	for	a	droplet	is	given	as:	ln	The	forces	on	a	liquid	sphere	(say,	a	drop	of	water)	of	radius	r	can	be	calculated	as	follows.	Balance	of	forces	in	Figure	6.42	requires	that	¤	F		0.	So	we	can	write:	pin	pout	Pout	Fs	p	2G	V		p0	R	Tr	(6.91)	In	this	equation:	r	=	the	drop	radius	γ	=	the	surface	tension	V
=	the	molar	volume	of	the	liquid	R	=	the	gas	constant	T	=	the	absolute	temperature	From	Equation	6.91	the	vapor	pressure	p	relative	to	the	bulk	p0	can	be	calculated	as:	¥	2G	V	´	p		p0	exp	¦	µ	§	R	Tr	¶	(6.92)	Evaporation	of	a	droplet	of	diameter	d	at	time	t	is	given	as:	d	2		d02	Bt	(6.93)	where	d0	is	the	initial	diameter,	and	β	is	a	constant	independent	of
drop	size.	The	time	it	takes	for	the	drop	to	disappear	is	then:	Fw	t	d02	B	(6.94)	d	FIGURE	6.41	The	work	involved	in	expanding	a	liquid	film	by	2A	(=2dl).	The	latter	scales	as	l2,	and	clearly	miniaturization	favors	faster	evaporation.	Fast	evaporation	of	small	Fluidics	¤G		0	G—Gas	L—Liquid	S—Solid		Contact	angle	LG	SG	G	c	S	465	LS	L	LG	cos	C	=	C
FIGURE	6.43	The	horizontal	force	balance	between	these	three	interfacial	tensions	represents	Young’s	equation.	liquid	droplets	often	poses	a	considerable	problem	in	MEMS.	A	droplet	ejected	from	a	small	nozzle	might	evaporate	before	it	reaches	the	substrate,	which	makes	storing	small	amounts	of	chemicals	on	a	liquid	platform	very	cumbersome
for	the	same	reason.	Wetting	and	Contact	Angle–Beading	on	Solid	Surfaces	We	now	introduce	a	solid	surface	in	a	liquid	and	define	adhesion	forces	and	wetting	of	a	solid	surface.	From	the	previous	section	we	know	that	increasing	the	surface	area	of	any	liquid	requires	work,	and	this	effort	per	unit	surface	area	is	the	liquid’s	surface	tension	(with	a
unit	of	N/m	and	symbol	γ).	When	liquid	of	a	sessile	drop	comes	in	contact	with	both	a	solid	and	a	gas,	as	shown	in	Figure	6.43,	a	contact	angle	θc	of	between	0	and	180°	is	set	up.	Three	interfacial	tensions	come	into	play:	γSG	,	the	solid/gas	interface	tension;	γSL	,	the	solid/liquid	interface	tension;	and	γLG	,	the	liquid/	gas	interface	tension.	The
horizontal	force	balance	between	these	three	interfacial	tensions	represents	Young’s	equation:	G	LS	G	LG	cos	Qc	G	SG		0	G	LS	G	LG	2Pr	cos	Qc	G	SG		0	(6.95)	G	LS	G	LG	G	LG	cos	Qc		0	2Pr	G	LS	G	LG		G	LG	cos	Qc		G	c	2Pr	where	θc	is	the	contact	angle.	The	critical	surface	tension	γc	is	an	intrinsic	characteristic	of	the	surface.	Liquids	with	γ	<	γc
completely	wet	the	surface	(θ	=	0º).	Liquids	with	γ	>	90º	are	said	to	not	wet	the	surface	(γLS	>	γSG).	The	surface	of	plant	leafs,	especially	of	the	lotus	flower	(Nelumbo	nucifera),	the	symbol	of	purity	in	some	Asian	religions,	can	show	extreme	hydrophobicity	or	superhydrophobicity	to	water.	This	makes	the	deposition	of	water	drops	on	their	surface
almost	impossible	(large	water	contact	angles	θ	>	150°)	(Figure	6.44).	Such	hydrophobic	surfaces	also	show	a	remarkable	self-cleaning	effect.	Even	after	emerging	from	mud,	the	lotus	leaves	do	not	retain	dirt	when	they	unfold.	The	prospect	of	self-cleaning	surfaces	is	obviously	of	significant	commercial	interest.	Two	botanists,	Barthlott	and	Neinhuis,
from	the	University	of	Bonn,	discovered	the	reason	for	this	self-cleansing	effect.27	The	general	opinion	used	to	be	that	the	smoother	a	surface,	the	less	dirt	and	water	adhere	to	it.	However,	when	inspected	with	an	SEM,	lotus	leaves	show	a	combination	of	nano-	and	microstructures	that	make	for	a	rough	surface	at	the	micro-	and	nanoscale.	The
explanation	for	the	resulting	effect	lies	in	two	physical	characteristics	of	the	FIGURE	6.44	Extreme	hydrophobicity	of	lotus	plant	leafs.	The	far	right	photo	represents	a	commercial	application	of	the	Lotus	Effect;	i.e.,	a	BASF	aerosol	spray	for	paper,	wood,	leather,	etc.,	makes	those	materials	superhydrophobic.	466	Solid-State	Physics,	Fluidics,	and
Analytical	Techniques	in	Micro-	and	Nanotechnology	lotus	leaf,	i.e.,	the	properties	of	these	microstructures	repel	water,	and	the	nanostructures	found	on	top	of	the	microstructures	are	made	of	waxy	materials	that	are	poorly	wettable.	The	combination	of	the	chemistry,	the	nanostructures,	and	the	non-adherence	of	dirt	and	water	to	the	micro-rough
surface	is	what	Barthlott	and	Neinhuis	named	the	Lotus	Effect.	The	roughness	of	a	surface	improves	the	wettability	for	hydrophilic	surfaces	(θ	<	90°).	A	drop	on	such	a	surface	will	appear	to	sink	into	the	hydrophilic	surface.	For	hydrophobic	surfaces	(θ	>	90°)	the	wettability	decreases	as	it	gets	energetically	too	expensive	to	wet	a	rough	hydrophobic
surface.	The	result	is	an	increased	water-repellency.	Energetically	the	best	configuration	for	the	drop	is	then	on	top	of	the	roughness	spikes	like	“a	fakir	on	a	bed	of	nails”	(Figure	6.45).	A	droplet	on	an	inclined	superhydrophobic	surface	rolls	off	instead	of	sliding.	When	the	droplet	rolls	over	a	contamination,	the	particle	is	picked	up	from	the	surface,
and	the	energy	of	absorption	into	the	rolling	droplet	is	higher	than	the	surface	stiction	force	between	the	dirt	particle	and	the	surface.	Usually	the	force	needed	to	remove	a	particle	is	very	low	because	of	the	minimized	contact	area	between	the	particle	and	the	surface.	As	a	result,	the	droplet	cleans	the	leaf	by	rolling	off	the	surface	(Figure	6.46).	See
also	Volume	III,	Chapter	3,	page	144	“Superhydrophobicity	and	the	Lotus	Effect”.	Capillary	Action	The	beading,	illustrated	in	Figure	6.44,	occurs	when	a	polar	substance	is	placed	on	a	nonpolar	surface	and	cohesive	forces	compete	with	adhesive	forces.	There	is	also	a	competition	between	adhesive	and	cohesive	forces	in	capillary	action.	If	adhesive
forces	are	greater	than	cohesive	forces,	the	liquid	surface	is	attracted	to	FIGURE	6.46	Self-cleaning	behavior	of	a	superhydrophobic	surface	by	droplets	rolling	off	instead	of	sliding	off.	(From	its	container	more	than	the	bulk	molecules.	Therefore,	the	meniscus	is	U-shaped	(e.g.,	water	in	glass)	(Figure	6.47Aa	left).	If	cohesive	forces	are	greater	than
adhesive	forces,	the	meniscus	is	curved	downward	(Figure	6.47Aa	right).	In	capillary	action,	liquids	rise	spontaneously	in	a	narrow	tube	(Figure	6.47Ab).	We	are	all	familiar	with	water	being	sucked	up	by	a	hydrophilic	capillary	(e.g.,	in	a	glass	capillary)	as	a	result	of	positive	capillarity.	Less	evident	from	daily	experience	is	that	water	may	have	to	be
pushed	up	in	the	case	of	a	hydrophobic	capillary	as	a	result	of	negative	capillarity	(e.g.,	in	a	Teflon	tube).	Figure	6.47B	illustrates	the	two	types	of	capillarity	schematically.	In	the	positive	capillarity	case,	liquid	in	a	capillary	rises	as	to	seek	a	lower	interfacial	energy.	The	liquid	will	rise	until	it	lifts	a	column	of	liquid	balancing	the	energy	reduction
gained	by	rising.	The	energy	reduction	by	rising	over	a	distance	l	in	the	capillary	is	given	by	(γSG	–	γSL)	2πrl.	In	this	expression,	r	is	the	capillary	radius,	and	the	work	performed	in	raising	the	liquid	column	is	given	by	Δpπr2l,	with	Δ	p	the	pressure	difference	between	the	top	and	bottom	of	the	raised	column.	By	equating	these	two	energies,	we	can
deduce	the	pressure	drop	across	a	liquid/gas	interface	in	a	small	capillary	as:	$p		(a)	(b)	FIGURE	6.45	(a)	A	droplet	on	a	hydrophilic	rough	surface	seems	to	sink	into	the	gaps.	(b)	A	droplet	on	a	rough	hydrophobic	surface	sitting	on	the	spikes.	(From	http://	lotus-shower.isunet.edu/the_lotus_effect.htm.)	(G	SG	G	SL	)	2S	L	cos	Qc		r	r	(6.96)	where	it	has
been	assumed,	as	is	generally	the	case,	that	γLG	=	σL	(the	surface	tension	of	the	liquid).	The	pressure	produced	by	wetting,	calculated	from	this	expression	for	typical	values	of	the	gas/liquid	surface	tension	(γLG	=	σL	=	0.073	N/m	at	room	temperature	and	0.058	N/m	at	100°C)	and	a	capillary	radius	of	10	μm,	is	in	the	range	of	0.01	MPa.	This	is
roughly	the	same	as	achieved	with	piezoelectric	pumps,	which	are	much	larger	in	size.	Fluidics	Capillary	forces	scale	with	l1,	and	as	we	will	see	in	Volume	III,	Chapter	7	on	scaling,	the	smaller	the	exponent	of	l,	which	is	1	in	this	case,	the	more	favorable	the	scaling.	The	Kelvin	equation	for	a	liquid	in	a	cylinder	(say,	in	a	pore	of	a	solid)	as	shown	in
Figure	6.47	is,	in	analogy	with	Equation	6.91	for	a	droplet,	given	as:	ln	p	G		V	p0	R	Tr	(6.97)	In	this	equation:	r	=	the	cylinder	radius	γ	=	the	surface	tension	V	=	the	molar	volume	of	the	liquid	R	=	the	gas	constant	T	=	the	absolute	temperature	2G	f	r	(6.98)			Mixing,	Stirring,	and	Diffusion	in	Low	Reynolds	Number	Fluids	Stokes	or	low	Reynolds
number	flow,	we	saw	above,	occurs	when	Re	>b	(b)	1	ns	1	nm	Laminar	chaotic	flow	FIGURE	6.51	The	concept	of	chaotic	advection.	(a)	Two	flows	come	together	in	a	small	conduit	and	only	limited	mixing	takes	place.	(b)	Laminar	chaotic	advection	reduces	the	time	it	takes	to	mix	in	a	microchamber.	Inlet	2	Inlet	1	FIGURE	6.52	Mixer	configuration	for
chaotic	advection	in	the	microdomain.	Two	fluids	entering	the	inlet	ports	laminate	at	the	first	horizontal	junction,	producing	two	sideby-side	fluid	streams.	Successive	vertical	separation	and	horizontal	reuniting	of	fluid	streams	increase	the	number	of	laminates	with	each	stage	and,	thus,	the	contact	area	between	the	two	fluids.	compared	with	3	×
10−6	cm2/s	for	fluorescein),	and	one	might	need	to	look	for	alternatives	for	inducing	fast	mixing	because	pure	diffusional	mixing	is	now	too	slow.	This	is	an	important,	current	technological	challenge,	for	example,	in	the	design	and	manufacture	of	fast	DNA	and	protein	arrays	for	molecular	diagnostics:	assays	in	arrays	need	to	be	married	with	a	small,
simple	fluidic	manifold,	whereas	reaction	rates	in	the	microfluidic	chambers	holding	the	arrays	must	remain	high,	despite	low	Reynolds	numbers	and	high	Péclet	numbers.	Red	blood	cell	Viral	DNA	Ribosome	Glucose	1	μm	Diffusion	length	1	mm	FIGURE	6.53	Diffusion	times	and	lengths	in	the	lab	and	on	a	chip.	where	D	is	the	diffusion	coefficient,	x	the
distance	over	which	a	species	has	diffused,	and	t	is	the	average	time	between	collisions.	From	this	equation,	the	diffusional	mixing	time	is	of	the	order	x2/D.	Miniaturization,	as	illustrated	in	Figures	6.53,	can	thus	be	expected	to	lead	to	smaller	diffusive	mixing	times	(scales	with	l2).	To	help	things	along,	in	passive	mixer	designs	the	interfacial	area	is
increased	to	reduce	diffusion	length.	This	may	be	accomplished	using	sinusoidal,	squarewave,	or	zigzag	channels.	As	illustrated	in	Figure	6.54,	the	smaller	the	distance	between	regions	of	different	concentration,	the	larger	the	diffusive	flux.	Multilaminated	flow	down-scales	the	diffusion	length.	Mixing	as	illustrated	in	Figure	6.55	can	also	be	improved
on	by	using	a	fractal	approach,	a	design	akin	to	how	nature	uses	passive	mixing	(Figure	6.55).	In	nature,	only	the	smallest	animals	rely	on	diffusion	for	transport;	animals	made	up	of	more	than	a	few	cells	cannot	rely	on	diffusion	anymore	to	move	materials	within	themselves.	They	augment	transport	with	hearts,	blood	vessels,	pumped	lungs,	digestive
tubes,	etc.	These	distribution	networks	(a)	Not	fully	mixed	yet	a	b	a>>b	(b)	Fully	mixed	already	Passive	Micromixers	Several	passive	micromixer	designs	aim	at	reducing	the	diffusion	path	length.	We	start	this	analysis	from	the	Einstein-Smoluchowski	equation:	x	2		2Dt	(6.100)	FIGURE	6.54	(a)	Two	flows	come	together	in	a	small	conduit	and	only
limited	mixing	takes	place.	(b)	The	smaller	the	distance	between	regions	of	different	concentration,	the	larger	the	diffusive	flux.	Multi-laminated	flow	downscales	the	diffusion	length.	470	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	T^	w2	D	(6.101)	The	necessary	mixing	length	of	the	mixer	is	estimated	by
assuming	that	the	two	fluids	at	a	velocity	of	Q/wb,	with	Q	the	total	flux,	require	a	length	Lm	to	achieve	mixing,	or:	Lm	^	(a)	n=0	1	2	3	4	....N	(b)	FIGURE	6.55	(a)	The	branching	structures	found	in	mammalian	circulatory	and	respiratory	systems	have,	through	natural	selection,	evolved	over	many	millennia	to	their	current	state	of	minimizing	the	cost
function	associated	with	the	amount	of	biological	work	required	to	operate	and	maintain	the	system.	(b)	Biomimetic	microfluidic	device	used	for	studying	concentration	gradients	in	a	network	of	branching	serpentines,	in	which	three	dyes	are	injected	at	the	top	before	combining	in	a	single	channel	at	the	bottom.	(Whitesides,	G.	M.	2003.	The	“right”
size	in	nanobiotechnology.	Nat	Biotech	21:1161–65.)	typically	constitute	fractals.	Fractals	are	an	optimal	geometry	for	minimizing	the	work	lost	as	a	result	of	the	transfer	network	while	maximizing	the	effective	surface	area	(see	Volume	III,	Chapter	9).	In	Figure	6.56	we	demonstrate	a	T-shaped	diffuser/	mixer,	where	two	fluids	A	and	B	enter	a	T-
shaped	intersection.	Beyond	the	T,	the	width	of	the	collection	channel	is	reduced.	In	the	narrowed	rectangular	cross-section	of	the	fluidic	structure,	with	width	w	and	height	b,	the	diffusive	mixing	time	is	proportional	to:	Qw	bD	(6.102)	At	a	fixed	height	b,	narrowing	the	channel	width	w	can	reduce	the	length	Lm	to	achieve	mixing	in	a	shorter	time.
Two	adjoining	laminar	flows	A	and	B	in	a	T-diffuser/mixer	may	be	used	as	a	filter	as	we	illustrate	in	Figure	6.57.	As	the	two	parallel	laminar	flows	contact,	diffusion	may	extract	one	compound	from	one	stream	into	the	other.	This	way,	components	with	higher	diffusivity	can	be	extracted	from	a	sample	stream	(say,	A)	into	a	second	diluent	flow	(say,	B).
This	simple	system	does	not	require	a	membrane	and	is	somewhat	akin	to	field	flow	fractionation.	Example	applications	include	competitive	immunoassays,	determination	of	diffusion	coefficients,	and	reaction	kinetics	parameters.	Diffusive	extraction	is	also	the	underlying	principle	of	the	H-filter,	illustrated	in	Figure	6.58.	This	continuous	filter
consists	of	two	T-diffuser/mixers:	one	for	mixing	and	one	for	separation.	In	the	H-filter	a	proper	design	of	a	microfluidic	channel	allows	for	controlled	extraction	of	analytes	with	high	diffusion	coefficients	from	components	of	the	sample	with	lower	diffusion	A	B	Fluid	A	Mixing	section	z	w	b	1					w	Fluid	B	FIGURE	6.56	T-shaped	diffuser/mixer,	forcing
fluids	to	mix	by	diffusion	in	a	constriction	of	the	microchannel.	The	length	of	the	constriction	is	l,	the	width	is	w,	and	the	height	is	b	(unchanged	from	the	wide	channel	section).	FIGURE	6.57	T-diffuser/mixer	used	as	a	filter.	(Ismagilov,	R.	F.,	A.	D.	Stroock,	P.	J.	A.	Kenis,	and	G.	Whitesides.	2000.	Experimental	and	theoretical	scaling	laws	for	transverse
diffusive	broadening	in	two-phase	laminar	flows	in	microchannels.	Appl	Phys	Lett	76:2376–78.)	Fluidics	471	w	Solution	D1	t>	D2τ.	Typical	values	are	λ	=	10	μm,	w	=	40	μm,	and	t	=	5	s.	Applications	of	the	H-filter	include	cell	lysis,	nonmotile	sperm	separation,	extracting	a	wide	range	of	analytes	from	the	mucins	in	saliva,	etc.	For	a	final	example	of	a
passive	mixer	in	low	Reynolds	number	fluids,	we	return	to	chaotic	advection	mixing.	A	first	example	of	this	type	of	mixing	was	illustrated	in	Figure	6.52.	As	a	second	example	we	use	the	herringbone	micromixer	developed	by	Stroock	et	al.	(2002),34	shown	in	Figure	6.60.	In	this	mixing	approach,	staggered	herringbone	microgrooves	in	the	bottom	of	a
flow	channel	in	the	pw	(a)	m	h	c	u	uc	h	d	cu	w	y	=	3	cm	z	FIGURE	6.59	Design	parameters	of	the	H-filter.	The	fixed	residence	time	in	the	transverse	channel	provides	a	“diffusion	window”	for	the	fastest	components	in	one	stream	to	diffuse	to	the	other	parallel	stream	and	thus	be	separated.	z	h	h	100	m	(c)	3	cm	200	m	Cycles	1-5:	Cycle	15:	x	2/q	0
cycles:	1/2	cycle:	z	1	cycle:	y	=	3	cm	y	(b)		m	x	100	m	FIGURE	6.60	Micromixing	by	generating	chaotic	advection:	the	staggered	herringbone	mixer.	By	patterning	grooves	in	the	bottom	of	a	microchannel,	secondary	flows	are	promoted	that	stretch	and	fold	fluid	elements,	increasing	areas	with	concentration	gradients	and	so	increase	diffusive	mass
transport	and	mixing.	In	(a)	no	grooves	are	patterned,	and	parallel-flowing	separated	fluids	undergo	almost	no	mixing.	By	patterning	grooves	in	several	configurations,	different	secondary	flows	are	promoted	with	smaller	(b)	or	larger	(c)	mixing	effects.	(Stroock,	A.	D.,	S.	K.	W.	Dertinger,	A.	Ajdari,	I.	Mezi,	H.	A.	Stone,	and	G.	M.	Whitesides.	2002.
Chaotic	mixer	for	microchannels.	Science	295:647–651.)	472	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Δx0	Δx	Stretch	l0	Δx	Fold	Diffuse	Stir	n=0	1	fold	n=1	2	folds	FIGURE	6.61	Mixing	and	stirring	in	low	Reynolds	number	fluids	is	like	kneading	dough.	y-direction	promote	secondary	rotating	velocities	(vx,
vz).	The	underlying	process	for	this	type	of	efficient	mixing,	even	in	very	viscous	flow,	is	depicted	in	Figure	6.61	and	is	called	the	“baker’s	transformation.	The	main	property	of	this	transformation	is	that	fluid	pair	elements	will	separate	exponentially	in	“chaotic	advection.”	As	illustrated	in	Figure	6.62,	the	width	of	the	fluid	folds	(Δx)	decreases
exponentially,	and	the	length	of	the	interface	(l)	grows	exponentially:	$	x(n)		$	x	0	(2)	n	and	(6.103)	l(n)		l	0	(2)n	The	mixing	length	Lm	was	estimated	as34:	(6.104)	L	m	z	w	log	Pe	where	w	is	the	channel	width,	and	Pe,	the	Péclet	number,	is	calculated	from	the	width	and	average	flow	velocity.	This	estimation,	confirmed	by	experiments,	leads	to	mixing
lengths	several	tens	of	times	larger	than	the	width	w	for	Péclet	numbers	on	the	order	of	105.	Active	Mixers	One	also	can	use	active	perturbation	to	create	timedependent	flows	so	that	chaotic	advection	can	occur.	Different	sources	can	be	employed:	pressure,	Stretch	Fold	n=2	4	folds	FIGURE	6.62	The	baker	transformation.	Chaotic	advection.
ultrasonic/piezoelectric,	electrohydrodynamic,	electro-osmosis,	and	mechanical	stirring.	The	mixing	in	the	narrow	section	of	the	T-diffuser/	mixer	in	Figure	6.56,	for	example,	can	be	dramatically	improved	through	hydrodynamic	focusing,	the	technique	used	in	cell	and	particle	flow	sorting.	Two	side	flows	“squeeze”	or	“hydrodynamically	focus”	an	inlet
flow.	By	using	hydrodynamic	focusing,	the	diameter	of	a	central	liquid	jet	can	be	reduced	to	just	a	few	nanometers,	which	allows	for	mixing	within	this	kind	of	beam	in	the	tens	of	microseconds.	This	work,	by	Knight	et	al.,35	is	illustrated	in	Figure	6.63.	The	diameter	of	the	jet	(Wf)	in	the	collection	channel	(Wc)	is	controlled	by	the	ratio	of	the	flow	rates
coming	out	of	the	three	channels	that	bring	the	fluids	together	at	the	intersection.	Knight	et	al.	showed	that	with	flow	ratios	of	>100,	Wf	can	be	made	to	be	around	30	nm.	Applications	of	hydrodynamic	focus-based	mixing	include	the	study	of	fast	reaction	kinetics	(like	protein	folding),	which	depend	on	fast	mixing	of	reactants.	Side	wc	wf	Inlet	10	μm
10	μm	Side	FIGURE	6.63	Geometry	of	a	hydrodynamic	focusing	structure	allowing	for	the	reduction	of	the	size	of	the	jet	and	thereby	enabling	effective	mixing	transverse	to	the	jet.	(Knight,	J.	B.,	A.	Vishwanath,	J.	P.	Brody,	and	R.	H.	Austin.	1998.	Hydrodynamic	focusing	on	a	silicon	chip:	mixing	nanoliters	in	microseconds.	Phys	Rev	Lett	80:3863–66.)
Fluidics																																				FIGURE	6.64	Principle	of	PPy/Au	actuator.	Mixing	is	achieved	by	activation	of	PPy-based	actuators	in	microchannels.	Another	active	mixing	approach	pursued	by	the	Madou	group	at	the	University	of	California,	Irvine,	involves	the	use	of	gold/polypyrrole	actuators.	Small	rectangular	gold/polypyrrole	bilayer	structures
make	for	little	flaps	that	can	be	made	to	move	by	biasing	the	polypyrrole	with	respect	to	a	counter	electrode	in	the	same	solution	(see	Figure	6.64).	These	actuators	have	been	used	to	promote	flows	around	a	sensor	in	close	proximity	to	the	flapping	bilayers.	In	doing	so,	convective	mass	transport	is	achieved,	and	the	response	in	the	sensor	is	increased
over	diffusive	limits.	Arrays	of	these	mixing	flaps	473	have	been	fabricated	as	well	with	individual	actuators	ranging	in	dimensions	from	several	millimeters	to	a	few	micros	(see	Casadevall	i	Solvas,	X.	2009.	Active	micromixing	and	in-vivo	protection	of	sensors	with	gold/polypyrrole	actuators.	PhD	diss.,	University	of	California,	Irvine,	Irvine,	CA;	and
Casadevall	i	Solvas,	X.,	R.	A.	Lambert,	L.	Kulinsky,	R.	H.	Rangel,	and	M.	J.	Madou.	2009.	Au/PPy	actuators	for	active	micromixing	and	mass	transport	enhancement.	Micro	and	Nanosystems	1:2–11).	The	idea	of	the	flexible	flaps	presented	above	is	based	on	biomimetics.	In	1977	Purcell,	discussing	swimming	of	microorganisms	in	fluids	at	very	low
Reynolds	numbers,36	presented	the	physical	requirements	that	would	allow	microsystems	to	move	(or	propel	fluids)	in	the	microdomain	(Figure	6.65).	A	simple	single-hinged,	rigid	system	(Figure	6.65a)	would	permanently	move	back	and	forth	from	its	initial	to	its	final	position	without	accomplishing	any	real	progress.	To	circumvent	this	limitation,
multiple-hinged	systems	(Figure	6.65b)	and	flexible	propelling	structures	(Figure	6.65c)	can	be	used.	Both	configurations	can	be	implemented	easily	with				!			!						!	!				!				"$% &#	"#	FIGURE	6.65	Swimming	of	microorganisms	in	fluids	at	very	low	Reynolds	numbers.	A	simple	single-hinged,	rigid	system	(a)	would	permanently	move	back	and	forth	from
its	initial	to	its	final	position	without	accomplishing	any	real	progress.	To	circumvent	this	limitation,	multiple-hinged	systems	(b)	and	flexible	propelling	structures	(c)	can	be	used.	(Purcell,	E.	M.	1977.	Life	at	low	Reynolds	number.	Am	J	Phys	45:3–11.)	474	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	the
flexible	gold/polypyrrole	actuators	shown	in	Figure	6.64.	In	microvolumes	of	fluid,	because	of	the	flexible	nature	of	these	actuators	and	the	possibility	to	actuate	several	of	them	simultaneously,	these	devices	could	be	used	to	promote	flows	of	sufficient	complexity	for	chaotic	advection	to	develop,	and	so	enhance	mixing	in	a	targeted,	isolated	fashion,
minimizing	device	and	reagent	volumes.	For	a	good	review	and	an	excellent	comparison	of	active	and	passive	micromixing,	see	Nguyen	and	Zhigang.37	The	summarizing	comparison	between	active	and	passive	mixing	in	Figure	6.66	is	borrowed	from	this	review.	Damköhler	Numbers	Chemical	Reactions	in	Microchambers—Microreactors	Introduction
The	ultimate	objective	of	passive	and	active	micromixers	in	many	instances	is	to	speed	up	a	chemical	reaction	by	enhancing	the	mass	transport	to	reaction	sites	in	a	chemical	microreactor.	As	pointed	(A)	Passive	micromixing	(a)	(b)	out	earlier,	this	finds	a	key	application	in	the	development	of	faster	DNA	and	protein	arrays	for	molecular	diagnostics.
These	array	assays	need	to	be	accommodated	in	a	small	reaction	chamber,	whereas	reaction	rates	must	remain	high,	despite	low	Reynolds	numbers	and	high	Péclet	numbers.	Because	of	these	chemical	reactions,	the	earlier	described	equations	for	fluid	motion	now	need	to	be	expanded	with	terms	that	take	into	account	the	generation	(source)	or
consumption	(sink)	of	reagents	dissolved	in	the	fluid.	The	proper	design	of	chemical	microreactors	leads	to	faster	and	more	sensitive	assays.	(c)	Diffusive	transport	is	captured	by	Fick’s	second	law	(see	Equation	4.21	in	Chapter	4),	stating	that	the	flux	gradient	¨	DF(x	,t)	·	is	proportional	to	the	change	of	©ª	Dx	¸¹	the	concentration	with	time.	For	a
diffusion	coefficient	D,	which	is	independent	of	position,	this	equation	can	be	written	for	3D	using	the	∇	operator	as:	(B)	(d)	Active	micromixing	(a)	(b)	GND	(c)	Mixing	chamber	(e)	(f	)	(g)	(i)	(j)	(k)	(l)	(m)	(h)	(e)	(n)	(d)	Mixing	chamber	GND	(f	)	GND	(g)	FIGURE	6.66	Comparing	passive	(A)	and	active	(B)	micromixing.	Passive	micromixers:	modified	Tesla
structure	(A)	(a),	C-shape	(A)	(b),	L-shape	(A)	(c),	connected	out-of-plane	L-shapes	(A)	(d),	twisted	microchannel	(A)	(e),	other	designs	of	twisted	channel	(A)	(f–h),	slanted	ribs	(A)	(i),	slanted	grooves	(A)	(j),	staggered-herringbone	grooves	(A)	(k),	and	patterns	for	surface	modification	in	a	micromixer	with	electrokinetic	flows	(A)	(l–n).	Active
micromixers:	serial	segmentation	(B)	(a),	pressure	disturbance	along	the	mixing	channel	(B)	(b),	integrated	microstirrer	in	the	mixing	channel	(B)	(c),	electrohydrodynamic	disturbance	(B)	(d),	dielectrophoretic	disturbance	(B)	(e),	electrokinetic	disturbance	in	the	mixing	chamber	(B)	(f),	and	electrokinetic	disturbance	in	the	mixing	channel	(B)	(g).
(Nguyen,	N.	T.,	and	W.	Zhigang.	2005.	Micromixers—a	review.	J	Micromech	Microeng	15:R1–R16.)	Fluidics	uC		D	2	C	ut	(6.105)	For	steady-state	conditions	the	concentrations	are	constant	in	time,	and	there	is	no	change	in	the	mass	stored	with	time,	or	∇	2C	=	0	(Laplace’s	equation).	If,	besides	diffusion,	we	also	consider	convective	or	advective
transport	(mass	flux	due	to	the	velocity	V	of	the	flow),	we	need	to	add	a	term:	uC		D	2C	CV	ut	(6.106)	Expanding	the	advective	term	we	obtain:	uC		D	2C	VC	CV	ut	(6.107)	For	transport	in	a	steady-state	flow	field	∇V	=	0,	so	that:	uC		D	2C	VC	ut	(6.108)	uC		D	2C	V	C	r	(	kC)	ut	and	their	definition	varies	according	to	the	system	under	consideration.	A
global	definition	for	the	Damköhler	number	is:	Da		(6.109)	where	r	is	the	net	mass	produced	or	consumed	per	unit	volume	per	unit	time	(moles/L	3t).	For	each	species	in	the	system	an	Equation	6.109	is	required.	The	general	form	of	the	r	term	is	r	=	kC,	that	is,	r	is	the	product	of	concentration	and	a	reaction	rate	coefficient,	k.	Depending	on	the	type
of	reaction,	r	takes	on	different	forms;	in	a	first	order–type	reaction	(e.g.,	encountered	in	radioactive	decay),	r	=	−λC,	where	λ	is	a	decay	constant.	In	the	case	of	second	order	kinetics,	with	reagents	A	and	B,	r	=	−kC	ACB.	One	can	distinguish	between	two	extreme	cases	depending	on	the	Damköhler	numbers.	The	Damköhler	numbers	(Da)	are
dimensionless	numbers	used	to	relate	chemical	reaction	time	scales	to	other	phenomena	occurring	in	a	system.	They	are	named	after	the	German	chemist	Gerhard	Damköhler,	1908–1944.	There	are	several	Damköhler	numbers,	TC	TM	(6.110)	where	τC	is	the	characteristic	time	of	the	chemical	reaction,	and	τM	is	the	mixing	time	that	can	be
controlled	by	hydrodynamics	or	by	diffusion.	So	a	small	Damköhler	number	refers	to	a	very	slow	chemical	reaction	compared	to	all	other	processes.	Introducing	a	dimensionless	concentration	C*	(dividing	C	by	an	arbitrary	concentration	Cr);	a	dimensionless	time	t*	(dividing	t	by	an	arbitrary	time	tr);	and	dimensionless	lengths	x*,	y*,	and	z*	(by
dividing	by	the	characteristic	length	L),	we	nondimensionalize	Equation	6.109	as:	¨	L2	·	uC*	¨	kL2	·	¨	VL	·	2	*	C*		C			©	¸	©	¸	C*	©ª	D	¸¹	ª	D	¹	ª	Dt	r	¹	ut	*	Fourier	In	case	the	velocity	of	the	fluid	is	zero,	we	recover	the	diffusion	equation.	Finally,	when	reactions	take	place,	we	add	a	term	for	production	(source)	or	removal	(sink)	of	chemicals.	This	results
in:	475	or	Fo	Péclet	Damköhler	uC*			2C	*	PeC*	PeDa	IC	*	ut*	where	Da	I		kL	V	and	also	Fo	uC*			2C*	Pe$C*	Da	IIC	*	ut*	kL2	where	Da	II		D	(6.111)	The	Fourier	number	Fo	(L2/Dtr)	is	a	dimensionless	quantity	that	can	be	used	to	characterize	a	diffusion	length	for	a	particular	time.	For	example,	if	D	=	10−9	m2/s	and	t	r	=	1	year,	then	the	diffusion
length	is	about	0.18	m.	The	first	Damköhler	number	(DaI	=	kL/V)	measures	the	tendency	for	reaction	versus	advective	transport.	The	second	Damköhler	number	(DaII	=	kL	2/D)	measures	the	tendency	of	reaction	relative	to	the	tendency	for	diffusive	transport.	With	a	small	DaI	or	DaII,	convection	and/or	diffusion	is	much	faster	than	chemical	reaction,
and	the	concentration	in	the	reactor	is	uniform.	The	system	is	reaction	rate-controlled,	and	convection	and/or	diffusion	have	no	influence.	With	a	large	DaII,	the	chemical	reaction	is	very	fast	so	that	the	concentration,	say	476	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	on	an	electrode,	might	fall	to	zero,	and
the	system	is	transport-limited.	Since	the	Biot	number	(see	above)	will	tend	to	decrease	for	microdevices,	it	is	expected	that	microchemical	reactors	will	have	nearly	uniform	temperatures.	Thus,	the	wall	effects	will	be	very	important	from	the	point	of	view	of	keeping	a	high-temperature	reaction	going.	The	tendency	will	therefore	be	for	the	presence
of	small	Damköhler	numbers	(weak	reaction)	due	to	heat	losses	through	the	reactor	walls	that	reduce	the	reaction	rate	and	consequently	increase	the	chemical	time,	while	the	small	dimensions	reduce	the	diffusion	time.	For	a	general	chemical	reaction	A	→	B	of	n-th	order,	the	Damköhler	number	is	defined	as:	1	t	Da		kC	n	0	(6.112)	where	k	=	kinetics
reaction	rate	constant	C0	=	initial	concentration	n	=	reaction	order	t	=	time	Electrochemical	Reactions	Here	we	set	up	an	expression	for	the	current	on	an	electrochemical	sensor	with	transport	of	electroactive	species	to	and	from	the	electrode	by	diffusion,	migration,	and	convection.	From	Fick’s	first	law	(Equation	4.20)	we	derive	for	the	flux	or
current	resulting	from	electroactive	species	i:	J	i	(x	)		Di	DC	i	(	x	)	DF	z	i	Mi	FC	i	Ci	V(	x)	D(x	)	Dx	œ	œ	Diffusion	Migration	molecules	to	a	positively	charged	electrode,	the	solution	must	have	a	low	conductivity	as	otherwise	the	field	does	not	penetrate	the	liquid	(see	Chapter	7).	As	we	learn	in	Chapter	7,	to	obtain	reliable	analytical	data	on



amperometric	electrochemical	sensors,	the	migration	term	needs	to	be	minimized	in	favor	of	the	diffusion	and	convection	terms.	This,	we	will	learn,	is	accomplished	by	the	addition	of	an	indifferent	electrolyte	suppressing	the	migration	of	the	electro-active	species	of	interest.	In	Table	6.5	we	summarize	the	important	transport	phenomena	determining
the	response	of	an	electrochemical	sensor.	Electrochemicals	are	studied	in	detail	in	Chapter	7	where	they	are	also	compared	with	optical	sensors.	œ	Convection	(6.113)	where	Ji	=	flux	of	species	i	in	mol/cm2	s	zi	=	charge	number	of	species	i	in	eq/mol	μi	=	mobility	of	species	i	in	cm2mol/Js	Ci	=	concentration	of	species	i	in	mol/cm3	ϕ	=	electrostatic
potential	in	V	F	=	the	Faraday	constant	Di	=	diffusion	coefficient	of	species	i	in	cm2/s	V	=	fluid	velocity	in	cm/s	In	this	expression	for	an	electrochemical	reaction,	the	new	term	we	consider	is	migration	transport.	For	migration	of	species,	say	negatively	charged	DNA	Fluid	Propulsion	Introduction	Many	options	present	themselves	for	fluid	propulsion,
including	mechanical	means,	dc	and	ac	electrokinetics,	acoustic	pumping,	electrowetting,	centrifugal,	electrohydrodynamic	and	magnetohydrodynamic,	etc.	Acoustic,	electrohydrodynamic,	and	magnetohydrodynamic	pumping	techniques	are	reviewed	in	Volume	III,	Chapter	8	on	actuators,	and	in	Volume	III,	Chapter	1	we	compare	and	summarize	the
most	important	new	pumping	methods	and	their	MEMS	integration	(see	Volume	III,	Table	1.8).	In	the	current	section	we	detail	the	theory	behind	dc	and	ac	electrokinetics,	electrowetting,	and	centrifugal	fluidics.	Electrokinetic	Effects—Direct	Current	(DC)	Introduction	to	Electrophoresis	and	Electro-Osmosis	An	electrical	field	works	on	both	charged
particles	in	a	fluid	and	on	the	fluid	itself	when	the	fluid	is	placed	in	a	narrow	capillary	with	electrically	charged	walls.	The	force	on	the	particles	in	the	fluid	leads	to	electrophoresis;	the	force	on	the	fluid	in	a	narrow	column	leads	to	electro-osmosis.	Both	phenomena	are	of	great	importance	in	miniaturization	science:	electrophoresis	for	separation	of
compounds	and	electro-osmosis	for	movement	of	fluids.	Mathematically,	it	does	not	make	a	difference	whether	the	fluid	passes	a	charged	wall	or	a	charged	particle	moves	through	a	fluid.	Fluidics	477	TABLE	6.5	Transport	Phenomena	on	an	Electrochemical	Sensor	Transport	Migration	Response	to	Acts	on	Flux	density	(from	Equation	6.113)	J=
Diffusion	Potential	gradient	Ions	only	zFMC	uF	ux	mobility	Concentration	gradient	All	solutes	uC	D	ux	Convection	Pressure	gradient	Solutes	+	solvent	CV	diffusivity	Relationship	between	μ	and	D	Einstein	derived	a	simple	relation	between	D	and	μ	as:	D	=	μRT	Combining	migration	with	diffusion	flux	¨	uC	zF	uF	·	J		D	©	C	ª	ux	RT	ux	¸¹	(Nernst-Planck
flux	equation	using	the	Einstein	relation	between	D	and	μ.)	Conservation	law	uC	uJ		ut	ux	for	planar	transport	uC	uJ	2J		ut	ur	r	for	spherical	transport	Electrophoresis	Electrophoresis	is	the	migration	of	ions	in	a	separation	medium	under	the	influence	of	an	electric	field.	An	ion	with	charge	q	(Coulombs)	in	an	electric	field	E	(Vm−1)	feels	an
acceleration	force	qE	(Newtons).	A	steady-state	speed	is	reached	when	the	accelerating	force	(qE)	equals	the	frictional	force	generated	by	the	separation	medium,	or:	qE		f	VE	(6.114)	where	f	=	the	friction	coefficient	or	friction	factor	V	E	=	the	electrophoretic	steady-state	speed	of	the	ion	The	expression	for	the	electrophoresis	velocity	VE	of	a	charged
species	in	a	separation	medium	can	then	be	written	as:	VE		M	E	E	(6.115)	with	μE	(m2/V/s)	the	electrophoretic	mobility	(=	q/f)	and	E	the	applied	electrical	field.	The	friction	coefficient	for	a	spherical	particle	of	radius	r	moving	through	a	fluid	of	viscosity	η,	we	learned	from	Equation	6.26,	is	given	by	6πηr,	and	its	electrophoretic	mobility	consequently
equals:	ME		q	6PHr	(6.116)	The	frictional	coefficient	f	depends	on	the	size	of	the	molecule	in	free	solution.	For	a	solid	sphere	f	is	given	by	6πηr,	so	that	f	∼	MW1/3	because	r	∼	MW	(where	MW	is	molecular	weight).	Other	models	are	more	appropriate	for	differently	shaped	molecules,	as	summarized	in	Table	6.6.	According	to	the	free-draining	coil
model,	a	randomly	coiled	polymer	chain	in	motion	hardly	interacts	with	the	solvent	within	it	at	all.	DNA	is	a	good	example	of	a	free-draining	coil	with	each	unit	of	the	polymer	contributing	equally	to	the	friction	created	by	its	movement	through	a	fluid.	Because	the	charge	q	is	proportional	to	N	(number	base	pairs),	and	f	∼	(MW)1	∼	N,	we	conclude
that:	ME		q		constant	f	(6.117)	As	a	consequence,	DNA	strands	of	varying	size	cannot	be	separated	by	electrophoresis	in	solution.	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	6.6	Friction	Factor	f	for	Variously	Shaped	Molecules	Model	!				Proportionality	f	∼	(MW)1/3	f	∼	(MW)1/2	f	∼	(MW)4/5	f	∼
(MW)1	Sphere	Random	coil	Long	rod	Free-draining	coil							MW	=	molecular	weight.			This	is	why	we	need	to	perform	electrophoresis	in	a	porous	or	tortuous	material	such	as	a	gel.	In	this	case,	the	solute	moves	snake-like	through	the	polymer	pores.	In	this	model,	the	frictional	term	is	f	∼	N2.	This	leads	to:	ME		q	N	1	z	2	z	f	N	N	(6.118)	which	is	the
type	of	behavior	normally	observed	in	DNA	electrophoresis.	The	difference	in	ion	mobility	gives	rise	to	a	separation	in	bands	of	the	various	solutes,	and	the	narrower	the	bands,	the	better	the	separation.	Traditionally,	electrophoresis	was	carried	out	on	columns	packed	with	gels	(e.g.,	a	polyacrylamide	gel)	or	on	gel-covered	plates	(Figure	6.67).
Electrophoresis	in	narrow	capillaries,	as	shown	in	Figure	6.68,	was	pioneered	by	researchers	such	!											"													FIGURE	6.67	Gel	electrophoresis.		478		"				FIGURE	6.68	Capillary	electrophoresis	schematic.	A	sample	may	be	injected	in	the	capillary	through	pressure	application	(e.g.,	a	syringe)	on	the	sample	vial	or	suction	at	the	outlet	of	the
capillary.	A	more	elegant	solution	for	sample	introduction	is	through	electro-osmotic	pumping,	discussed	below.	The	chart	recorder	in	this	case	plots	absorbance	(Ab	at	280	nm)	versus	time.	as	Virtanen38	and	Jorgenson,39	who	recognized	important	advantages	of	this	approach.	Performing	electrophoresis	in	small-diameter	capillaries	allows	the	use
of	very	high	electric	fields	because	the	small	capillaries	efficiently	dissipate	the	heat	that	is	produced.	Increasing	the	electric	fields	produces	very	efficient	separations	and	reduces	separation	times.	Capillaries	are	typically	of	50-μm	inner	diameter	and	0.5	to	1	m	in	length.	The	applied	potential	is	20	to	30	kV.	Because	of	electro-osmotic	flow	(see	next
section),	all	sample	components	migrate	toward	the	negative	electrode.	A	small	volume	of	sample	(10	nL)	is	injected	at	the	positive	end	of	the	capillary,	and	the	separated	components	are	detected	near	the	negative	end	of	the	capillary.	CE	detection	schemes	include	absorbance	(see	the	example	in	Figure	6.68),	fluorescence,	electrochemistry,	and
mass	spectrometry.	The	capillary	also	can	be	filled	with	a	gel,	which	eliminates	the	electro-osmotic	flow.	Separation	is	accomplished	as	in	conventional	gel	electrophoresis,	but	the	capillary	allows	higher	resolution,	greater	sensitivity,	and	on-line	detection.	To	cool	the	capillary	during	electrophoresis,	a	Peltier	device,	forced	air	convection,	or	a	flowing
liquid	bath	may	be	used.	Electro-Osmosis	Capillary	electrophoresis	to	some	degree	always	is	accompanied	by	electro-osmosis.	The	inside	wall	Fluidics	Neutral	-	+	+	Net	positive	charge	Net	negative	charge	+	-	+	-	+	+	+	-	+	+	-	+	+	+	+	+	+	+	+	-	-	-	-	-	+	-	-	+-	-	-	-	-	+-	+	-	+	+	+	-	+	Anode	Bulk	solution	(cations	=	anions)	Diffuse	part	of	double	layer
(rich	in	cations)	Surface-bound	O-	and	tightly	adsorbed	cations	Fused	silica	(a)	+	479	+	+	+	-	-	+	+	+	-	+	+	-	+	+	+	+	+	+	-+-	-	-	-	+	-	-	+-	+-	-	-	-	+-	+	+	-	+	Net	flow	toward	cathode	+	–	Cathode	(b)	+	–	Anode	Cathode	(c)	Electro-osmotic	velocity	profile	FIGURE	6.69	A	schematic	diagram	showing	the	origin	of	electro-osmotic	flow.	(a)	Electric	double
layer	is	created	by	negatively	charged	silica	surface	and	excess	cations	in	the	diffuse	part	of	the	double	layer	in	the	solution	near	the	wall.	The	wall	is	negative,	and	the	diffuse	part	of	the	double	layer	is	positive.	(b),	Predominance	of	cations	in	diffuse	part	of	the	double	layer	produces	net	electro-osmotic	flow	toward	the	cathode	when	an	external	field
is	applied.	(c)	Electro-osmotic	velocity	profile	is	uniform	over	more	than	99.9%	of	the	cross-section	of	the	capillary.	Capillary	tubing	is	required	to	maintain	constant	temperature	in	the	liquid.	Temperature	variation	in	larger	diameter	tubing	causes	bands	to	broaden.	of	a	fused	silica	capillary	is	covered	with	silanol	groups	(Si-OH).	Silanol	groups	have	a
pK	a	near	2	and	consequently	carry	a	negative	charge	(Si-O	−)	at	pH	>	2.	Positive	compensating	charges	(cations)	are	either	in	an	immobile	layer	immediately	adjacent	to	the	glass	surface,	the	Stern	layer,	or	in	the	diffuse	part	of	the	double	layer,	referred	to	as	the	GouyChapman	layer.	The	Gouy-Chapman	layer	stretches	a	bit	further	out	into	the
solution,	∼10	nm	further	away	when	the	ionic	strength	of	the	medium	in	the	capillary	is	1	mM.*	In	a	tangential	electric	field,	excess	cations	in	the	mobile	part	of	the	diffuse	double	layer	are	attracted	to	the	cathode,	and	this	imparts	a	pumping	action	onto	the	whole	fluid	column,	which	moves	toward	the	cathode	(Figure	6.69).40	This	pumping
describes	electro-osmotic	or	also	electroendosmotic	flow.	*	For	a	binary	electrolyte	in	aqueous	solution,	the	double-layer	thickness	ranges	from	3	to	300	nm	for	electrolyte	concentrations	of	10	−2	to	10	–6	M,	respectively.	The	electro-osmotic	velocity,	VEOF,	is	given	by:	VEOF		M	EOF	E	(6.119)	where	μEOF	=	the	electro-osmotic	mobility	E	=	the
applied	electrical	field	The	electro-osmotic	mobility	(q/f	)	is	given	by:	M	EOF		E6	PH	(6.120)	where	ε	=	the	dielectric	constant	ζ	=	electrokinetic	or	zeta	potential	η	=	is	the	fluid	viscosity	The	structure	of	the	electrical	double	layer	(EDL)	is	detailed	in	Chapter	7.	Here	we	list	some	of	the	most	salient	features	of	the	EDL	model.	A	thin	layer	of	liquid	along
the	capillary	wall	never	moves;	liquid	movement	begins	only	at	a	shear	plane	in	the	diffuse	double	layer	at	a	distance,	x	0,	away	from	the	wall.	The	electrokinetic	potential	ζ	(from	which	all	electrokinetic	effects	can	be	derived)	represents	480	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	the	value	of	the
electrostatic	potential,	ψ,	at	x	0.	Its	value	at	any	point	is	determined	from	the	profile	of	the	electrostatic	potential	as	a	function	of	distance	from	the	capillary	wall	into	the	moving	fluid	(see	Figure	7.25).	The	thickness	δ	of	the	diffuse	layer	itself	is	defined	as	the	distance	from	the	immobile	Stern	layer	to	a	point	at	which	the	electrostatic	potential	has
dropped	to	37%	of	the	zeta	potential.	The	amount	and	type	of	ionic	species	in	the	solution	can	greatly	influence	the	zeta	potential;	for	example,	the	larger	the	concentration	of	added	indifferent	electrolyte	in	the	moving	solution,	the	smaller	the	ζ	(see	Figure	7.25).	The	zeta	potential	of	an	aqueous	solution	in	contact	with	glass	can	have	a	magnitude	as
high	as	100	mV.3	Besides	pH	and	ionic	strength,	surface	impurities	also	might	affect	the	electrokinetic	potential,	and	all	conspire	to	make	electro-osmosis	a	rather	difficult	pumping	mechanism	to	control.	Despite	these	barriers,	several	new	miniaturized	bioanalytical	products	based	on	electrokinetic	effects	are	now	on	the	market	(e.g.,	visit
www.nanogen.com	and	www.	calipertech.com).	Most	product	applications	concern	genomic	analysis;	medical	and	environmental	diagnostics	have	not	been	able	to	garner	the	same	amount	of	funding	today.	Generalizing,	Equations	6.115	and	6.119	may	be	expressed	as:	V		M	a	E	or	V		Ld	/	t	–	V	/	L	t	(6.121)	where	V	=	the	velocity	of	ions	or	fluid	column
μa	=	the	apparent	mobility	(i.e.,	the	vector	sum	of	electro-osmotic	and	electrophoretic	mobilities)	E	=	the	electric	field	strength	L	d	=	the	length	of	the	column	from	injection	to	detector	t	=	the	time	required	for	solute	to	migrate	from	the	injection	point	to	the	detector	V	=	the	applied	voltage	between	the	two	ends	of	a	capillary	with	total	length	Lt	As
pointed	out	earlier,	mathematically,	electroosmosis	and	electrophoresis	are	indistinguishable:	either	the	charge	moves	through	the	medium	or	the	medium	moves	through	the	charged	capillary.	In	the	case	of	electro-osmosis,	ζ	is	the	electrokinetic	potential	at	the	capillary	wall;	in	the	case	of	electrophoresis,	it	is	the	electrokinetic	potential	at	the
charged	particle.	In	absolute	terms,	electro-osmotic	mobility	generally	is	larger	than	electrophoretic	mobility.	Under	typical	experimental	conditions,	say	for	DNA	separations	(300	V/cm),	the	electroosmotic	mobility	of	DNA	molecules	within	fused	silica	capillaries	is	1.25	to	3	times	larger	than	their	electrophoretic	mobility.	In	some	cases	electro-
osmosis	is	undesirable;	for	instance,	in	gel-filled	capillaries	the	gel	may	ooze	out	of	the	capillary	or	positively	charged	proteins	may	adsorb	onto	the	capillary	walls.	Electro-osmosis	may	be	suppressed	by	chemical	modification	of	the	capillary	surface	with	a	neutral	EOF-suppressing	polymer	(e.g.,	by	coating	with	polyacrylamide41	or	methyl	cellulose).
By	the	adjustment	of	the	buffer	pH	and/	or	buffer	concentration,	or	by	the	application	of	a	radial	electric	field,	the	EOF	also	may	be	modulated	by	the	user.40	The	latter	may	change	both	the	magnitude	and	the	polarity	of	the	zeta	potential.	In	the	section	below	on	scaling	in	analytical	separation	techniques,	we	will	further	detail	advantages	and
disadvantages	of	miniaturizing	electrophoresis	and	electro-osmosis	and	separation	equipment	in	general.	Flow	Profiles	The	flow	through	a	separation	media	such	as	a	capillary	may	be	a	consequence	of	an	applied	pressure	(i.e.,	hydrodynamic)	or	of	an	applied	field	(i.e.,	electro-osmotic).	In	a	pressure-driven	system,	an	external	pump	provides	the
pumping	force.	As	shown	in	Figure	6.70a,	a	cross-section	of	a	hydrodynamic	velocity	flow	profile	driven	by	a	pressure	difference	between	the	ends	of	a	column	is	parabolic	(see	Equation	6.46	and	Figure	6.22).	It	is	the	fastest	at	the	center	and	slows	to	zero	at	the	walls.	When	injecting	a	solute,	the	parabolic	flow	profile	makes	for	a	less	attractive
analytical	tool,	as	it	causes	band	broadening	(see	also	the	section	below	on	scaling	in	separation	techniques).	Electro-osmosis,	in	which	the	driving	force	is	generated	very	close	to	the	capillary	wall,	gives	a	uniform	flow	over	more	than	99.9%	of	the	cross-section	of	a	capillary	column,	as	shown	in	Figure	6.70b.	The	speed	of	the	flow	falls	off	immediately
adjacent	to	the	capillary	wall.	To	illustrate	Fluidics	481	Hydrodynamic	flow	Buffer	Pump	“Parabolic	flow”	(a)	Sample	waste	Electro-osmotic	flow	Sample	–	+	“Plug	flow”	Injection	valve	(b)	Separation	channel	FIGURE	6.70	A	hydrodynamic	velocity	profile	(a)	compared	with	an	electro-osmotic	velocity	profile	(b).	this	with	a	practical	example,	in	a	typical
DNA	electrophoresis	experiment,	the	double	layer	δ	is	around	30	Å	thick,	and	x0	(see	Figure	7.25)	is	even	thinner.	Compared	with	the	inner	diameter	of	a	capillary	of	50	μm,	the	region	of	velocity	variation	is	negligible.	Flat	flow	profiles	are	expected	when	the	capillary	radius	is	greater	than	about	7	times	the	double-layer	thickness.	The	rapid	flow	of
buffer	and	analyte	with	a	flat	velocity	profile	is	attractive,	as	it	can	be	used	to	pull	all	analytes,	regardless	of	their	mobility,	past	a	detector	without	contributing	significantly	to	band	broadening.	In	hydrodynamic	injection	of	a	sample	in	a	capillary,	the	injected	volume	is	derived	from	the	volumetric	flow	rate,	Q,	in	m3s–1.	The	flow	rate	Q,	of	an
incompressible	fluid	with	viscosity	η	(N/s/m2)	in	a	capillary	with	inner	diameter	d	(m)	and	total	length	of	the	capillary	Lt	(m),	resulting	from	an	applied	pressure	Δ	p	(N	m−2),	is	calculated	from	HagenPoiseuille’s	Law	(Equation	6.54)	as:	Q	$pPd	4	128HL	t	(6.54)	This	equation	applies	for	laminar	flow	of	a	fluid	through	a	capillary.	To	obtain	the	volume,
V,	the	volumetric	flow	rate	Q	is	multiplied	by	t,	where	t	is	the	injection	time:	V	Q–t	(6.122)	Conventional	pumps	must	generate	extremely	high	pressures	when	narrow	capillary	diameters	are	used,	and	they	are	not	well	suited	for	the	delivery	of	small	samples.	This	is	where	electro-osmotic	pumping	comes	in.	2	mm	Waste	FIGURE	6.71	Microchip	used
for	high-speed	electrophoretic	separations.	Inset:	Enlargement	of	the	injection	valve	and	separation	channel.	(Based	on	Jacobson,	S.	C.,	C.	T.	Culbertson,	and	J.	M.	Ramsey.	1998.	Solid-state	sensor	and	actuator	workshop.	Hilton	Head	Island,	SC:	Transducers	Research	Foundation.)	Electrokinetic	Injection	Electrokinetic	injection	is	popular	in
micromachined	fluidics	(see	Figure	6.71),	but	it	is	more	generally	applied	in	capillary	gel	electrophoresis,	in	which	the	liquid	is	too	viscous	to	allow	for	hydrodynamic	injection.	In	electrokinetic	injection,	a	capillary	is	dipped	in	sample	solution,	and	a	voltage	is	applied	between	the	ends	of	the	column.	The	moles	of	each	ion,	moli,	absorbed	into	the
capillary	in	t	seconds	are	given	by:	¥	K	´	mol	i		M	a	¦	E	b	µ	tPr	2C	i	§	Ks	¶	(6.123)	where	μa	=	the	apparent	mobility	of	the	analyte	E	=	the	applied	electric	field	r	=	the	radius	of	the	capillary	Ci	=	the	sample	concentration	(molm−3)	κb/κs	=	the	ratio	of	the	conductivities	of	the	buffer	and	the	sample	Electrokinetic	injection	leads	to	sampling	bias,
because	a	disproportionately	large	quantity	of	the	species	with	higher	electrophoretic	mobility	migrates	into	the	tube	and	can	cause	problems	for	482	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	quantitative	analysis.	Moreover,	electro-osmotic	flow	rates	tend	to	change	over	time	because	the	zeta	potential
changes	over	time,	thus	leading	to	changes	in	μa	in	Equation	6.123.	Below,	we	will	see	that	certain	types	of	electro-osmotic	injection	methods	in	miniaturized	flow	channels	avoid	this	type	of	sample	biasing	and	aging	effects.	Micromachined	Capillary	Electrophoresis	Equipment	Planar	Fluidic	Networks	In	free-flow,	traditional	capillary	electrophoresis
work	by	Jorgenson	et	al.,42	electro-osmotic	flow	rates	of	1.7	mm	s	−1	were	reported,	certainly	fast	enough	for	many	analytical	purposes.	The	technology	for	generating	this	flow	rate	does	not	involve	moving	parts	and	is	easily	implemented	in	micromachined	channels.	Using	micromachined	channels	in	a	substrate	instead	of	glass	capillaries	offers	the
potential	for	mass	production,	the	choice	of	many	materials	(e.g.,	different	plastics	besides	glass),	and	the	integration	of	many	processing	steps	on	one	chip.	One	needs	only	one	electrode	in	the	reservoirs	at	each	end	of	the	different	flow	channels,	and	these	electrodes	may	be	thin	films	deposited	on	the	substrate	or	needle	electrodes	inserted	into	the
reservoirs	from	above	(bed-of-nails	approach).	Harrison	et	al.43	achieved	electro-osmotic	pumping	with	flow	rates	up	to	1	cm	s	−1	in	20-μm	capillaries	micromachined	in	glass.	Compared	with	conventional	capillary	electrophoresis,	where	separations	usually	are	in	the	order	of	10–20	min,	microfabricated	electrokinetic	devices	are	capable	of
producing	high	quality	separation	in	seconds	or	even	submilliseconds	as	first	demonstrated	by	Jacobsen	et	al.44,45	In	Figure	6.71	we	show	a	schematic	of	the	microchip	used	by	Jacobson	et	al.46	for	submillisecond	electrophoresis	using	a	field	strength	of	53	kV	cm–1	and	a	separation	length	of	200	μm.	Two	dyes,	rhodamine	B	(RB)	and
dichlorofluorescein	(DCF),	were	resolved	in	0.8	ms	using	this	system.47	The	earliest	patents	describing	electrophoresis	and	electro-osmosis	in	a	micromachined	channel	with	side	branches	in	a	planar	substrate	are	by	Pace	(filing	date	June	1988)48	and	by	Soane	et	al.49	(priority	filing	date	Feb	28,	1990).	The	latter	is	the	more	generic	patent	of	the
two,	as	it	covers	all	insulating	substrates	for	making	fluidic	channels,	whereas	the	former	patent	is	confined	to	Si.	Si,	besides	being	expensive,	is	a	semiconductor	and	needs	to	be	coated	with	an	insulator	before	it	can	be	used	in	an	electrokinetic	application.	When	using	SiO2	as	the	insulator,	the	oxide	tends	to	break	down	and	age	rapidly	in	contact
with	water,	making	Si	far	from	ideal	as	a	substrate	for	an	electrokinetic	device.	As	far	back	as	1991,	Manz	et	al.50	demonstrated	the	injection,	mixing,	separation,	and	reaction	of	fluids	in	a	manifold	of	micromachined	flow	channels	without	the	use	of	mechanical	valves.	Manz	et	al.51	described	a	set	of	reservoirs	connected	by	an	H-like	pattern	of
capillary	channels	etched	into	a	glass	substrate.	This	setup	is	schematically	reproduced	in	Figure	6.72.	Application	of	a	voltage	between	reservoir	1	(sample)	and	reservoir	4	(injection	waste)	results	in	flow	of	sample	across	the	center	of	the	H.	Subsequent	application	of	a	potential	between	reservoir	2	(carrier)	and	reservoir	5	(waste)	directs	the
geometrically	confined	sample	plug	from	the	center	bar	of	the	H	into	the	elongated	leg	of	the	H,	that	is,	into	the	separation	channel	and	toward	the	detector.	By	applying	a	potential	between	reservoirs	1	and	4	for	an	extended	period	of	time,	the	composition	of	the	fluid	plug	in	the	center	of	the	H	will	be	identical	to	that	of	the	sample,	thus	avoiding	the
bias	errors	described	under	electrokinetic	injection	above.	In	addition,	because	the	injected	volume	is	geometrically	defined,	the	amount	of	injected	sample	is	reproducible	and	independent	of	changes	in	the	electro-osmotic	flow	over	time.	The	key	to	the	tightest	possible	valving	of	liquids	at	intersecting	capillaries	in	a	manifold,	as	shown	in	Figure
6.72,	is	the	suppression	of	convection	and	diffusion	effects.	Harrison	et	al.43	demonstrated	that	these	effects	can	be	well	controlled	by	appropriate	and	simultaneous	application	of	voltages	to	the	intersecting	channels.	Fast	separations	in	micromachined	fluidics	are	possible	by	confining	the	smallest	possible	sample	plug	at	an	intersection.52,53
Ramsey	achieved	this	by	controlling	the	voltages	at	all	four	terminals	of	a	simple	cross	structure,	as	shown	in	Figure	6.73,	and	pinching	the	plug	at	the	intersection.	In	this	way,	the	injected	sample	plug	is	of	the	order	of	the	channel	width.	In	the	pinched	injection	mode	demonstrated	in	Figure	6.73,	analyte	is	pumped	electrophoretically	and	electro-
osmotically	from	reservoir	1	to	2	(left	to	right)	with	mobile	phase	from	reservoir	3	(top)	and	Fluidics	Carrier	Sample	or	buffer	2	1	Detector	Analyte	1	10	mm	483	Buffer	3	Waste	2	Intersection	5	5	Waste	Carrier	or	buffer	3	4	Injection	Waste	250	μm	Separation	Column	6	Buffer	4	Load	1.	90%	2.	0%	3.	90%	4.	100%	Run	50%	50%	100%	0%	FIGURE	6.73
Pinched	injection.	Load	and	run	modes	(see	text).	(Based	on	Ramsey,	J.	M.	2000.	Lockheed	Martin	Energy	Research	Corporation.	US	Patent	6,010,607.)	FIGURE	6.72	Schematic	drawing	of	an	electrokinetic	injection	process	using	a	branched	microflow	system.	Layout	of	the	glass	chip	with	integrated	sample	injector.	Channel	cross-sections:	50	×	12
(thin	channels)	and	250	×	12	μm	(broad	channels),	respectively.	After	application	of	a	high	voltage	between	reservoirs	1	(sample)	and	4	(injection	waste),	the	geometrically	defined	injection	volume	(double-“T”	injection,	circled	area)	is	filled	by	electrophoretic	migration	of	the	sample	ions.	After	loading	is	completed,	application	of	a	high	potential
between	reservoirs	2	(buffer)	and	5	(waste)	drives	the	injected	sample	plug	into	the	separation	channel	and	causes	electrophoretic	separation	of	the	sample	components.	The	detection	is	based	on	laser-induced	fluorescence	(LIF).	The	T-intersection	where	the	selected	sample	zones	are	withdrawn	is	enlarged	in	the	circled	image.	(Based	on
Effenhauser,	C.	S.,	A.	Manz,	and	H.	M.	Widmer.	1995.	Manipulation	of	sample	fractions	on	a	capillary	electrophoresis	chip.	Anal	Chem	67:2284–87.)	reservoir	4	(bottom)	traveling	to	reservoir	2	(right).	The	appropriate	voltages,	as	indicated	in	Figure	6.73,	are	applied	to	reservoirs	1,	3,	2,	and	4,	whereas	reservoir	2	is	grounded,	thereby	spatially
constricting	the	analyte	in	the	injection	cross	or	intersection	5.	This	plug	can	be	injected	into	the	separation	column	6	by	applying	a	bias	between	electrodes	3	and	4	(4	is	grounded	now)	while	the	potential	of	reservoirs	1	and	2	is	kept	at	half	the	value	of	reservoir	3.	The	above	plumbing	examples	are	simple;	more	complex	manifolds	exist	that	enable
serial	and	more	complex	analytical	procedures.	These	procedures	include	flow	injection	analysis,	metering,	mixing,	reaction,	dilution,	aliquoting,	pre-	and	postcolumn	derivatization,	addition	of	masking	agents,	and	preconcentration	(perhaps	using	isoelectric	focusing	techniques;	see	below).	An	interesting	manifold	configuration	by	Burggraf	et	al.55
involves	synchronized	cyclic	capillary	electrophoresis	(SCCE).	In	this	technique	a	sample,	through	a	sequence	of	voltage	applications,	is	cycled	through	a	loop	made	up	of	intersecting	capillaries;	after	each	pass	the	sample	gets	separated	better	into	its	constituent	compounds.55	A	single	electrokinetic	channel	can	only	be	optimized	to	a	point;	once	an
optimum	critical	channel	length	and	a	minimal	dead	volume	detector	and	injector	have	been	designed	(see	scaling	in	analytical	separations),	other	means	to	improve	throughput	must	be	implemented.	For	example,	to	obtain	high	throughput	with	integrated	fluidics,	one	important	need	is	for	serial-to-parallel	converters.56	Optimal	Size	of	Fluidic
Channels—Scaling	With	1-mm-wide	conduits	and	flow	velocities	not	greater	than	a	typical	centimeter-per-second	range,	the	Reynolds	numbers	for	flow	are	so	low	that	all	flow	is	laminar.	Mixing	then	occurs	solely	by	diffusion,	and	the	time	required	for	molecules	to	travel	a	distance	x	is	given	by	τ	=	x	2/2D	(see	Equation	6.100).	For	homogeneous	flow
to	be	established,	bringing	two	streams	of	different	compositions	together	at	a	Y-junction	requires	that	the	molecules	diffuse	over	484	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	500	μm	(one-half	of	the	channel	width).	For	a	molecule	such	as	fluorescein	with	a	D	of	3	×	10−6	cm2/s,	this	process	will	take	400
s,	and	with	a	flow	velocity	of	1	cm/s,	the	channel	must	be	4	m	long	before	the	mix	has	homogenized.	Reducing	the	channel	width	to	70	μm	and	using	the	same	flow	rate,	mixing	is	established	in	2	s	over	a	distance	of	2	mm	only.	This	suggests	an	upper	limit	of	about	100	μm	for	the	channel	width,	based	on	the	need	for	fast	mixing	by	diffusion.	At	very
small	dimensions,	another	limitation	lurks.	Assume	that	one	wants	to	detect	an	analyte	at	1	nM	concentration	in	a	cubic	micrometer	volume.	The	number	of	molecules	in	that	small	volume	is	only	0.6	(see	also	Volume	III,	Table	7.5).	In	other	words,	about	half	of	the	time	nothing	there	will	be	detectable.	Single-molecule	detection	is	possible,	for
example,	with	fluorescence	burst	counting	as	demonstrated	by	Haab	et	al.57	and	Wahl	et	al.,58	but	it	is	far	from	common;	1000	molecules	is	a	much	more	comfortable	number	with	which	to	work.	To	have	about	1000	molecules	available	in	a	1-nM	solution	(a	quantity	readily	detected),	a	volume	of	12	μm3	is	needed.	So,	for	optimal	detection	chamber
dimensions	should	not	be	much	smaller	than	10	μm.	With	a	channel	cross-section	of	2	×	10–3	mm2	and	a	flow	velocity	between	mm/s	and	cm/s	the	flow	rate	is	in	the	nL/s	range.	Often,	flow	control	must	be	within	1%	or	1	pL/s.	This	tight	tolerance	is	impossible	to	reach	with	today’s	micropumps,	which	cannot	provide	accurate	control	in	the	nL/s	range.
With	electrokinetics	flow	control	better	than	1%	is	easily	achieved.19	Isoelectric	Focusing	Isoelectric	focusing	(IOF)	is	the	migration	of	charged	particles	(electrophoresis)	under	pH	gradients	to	a	location	in	the	buffer,	where	they	have	zero	net	charge	(isoelectric	point).	The	pH	gradient	is	set	up	between	a	cathode	and	an	anode	with	the	cathode	at
the	higher	pH.59	This	ingenuous	process	simultaneously	concentrates	and	separates.	Individual	charged	species,	such	as	proteins,	are	rendered	immobile	as	electrophoresis	pushes	them	into	the	pH	gradient	until	they	arrive	at	the	pH	that	renders	them	neutral,	that	is,	at	their	isoelectric	point	(Ip)	or	isoelectric	pH	(IpH).	Small	amphoteric	molecules
(called	ampholytes),	which	comprise	a	multitude	of	varying	Ips,	form	the	pH	gradient.	The	ampholytes	in	an	agarose	or	polyacrylamide	gel	carry	a	net	charge,	and	a	linear	pH	E	Green	fluorescent	protein	Phycoerythrin	Allo-phycocyanin	X	FIGURE	6.74	Isoelectric	focusing	(IOF).	pH	gradient	is	built	up	when	an	electric	field	is	applied	in	the	so-called
prefocusing	step	(see	Figure	6.74).	In	this	brief	treatment	of	the	subject,	we	are	particularly	interested	in	the	advantages	and	disadvantages	of	downscaling	a	static	IOF	system	compared	with	downscaling	a	traditional	electrophoresis	system.	The	focusing	effect	of	the	electrical	force	is	counteracted	by	diffusion,	which	is	directly	proportional	to	the
analyte	(e.g.,	proteins)	concentration	gradient	in	the	zone.	At	steady	state,	a	balance	between	electrophoresis	and	sample	diffusion	holds	and	can	be	described	by:	CME		D	dC	dx	(6.124)	where	C	=	the	sample	concentration	dC/dx	=	the	concentration	gradient	E	=	the	applied	field	strength	D	=	the	diffusion	coefficient	μ	=	the	electrophoresis	mobility
At	steady	state,	this	differential	equation	yields	a	Gaussian	[C(x)	=	C0exp	(−x	2/2σ2)]	for	the	concentration	distribution,	resulting	in	individual	bands	with	bandwidth	σ:	dx	dpH	S	p	¥	dM	´	E¦	§	dpH	µ¶	D	(6.125)	As	the	values	of	E	and	d(pH)/dx	increase,	the	distribution	width	decreases.	At	a	separation	of	3σ,	bands	are	considered	resolvable,	and	the
minimum	pH	separation	between	adjacent	zones	is	described	as:	485	Fluidics	$pHmin		$L	min	dpH	dpH		3S	dx	dx	(6.126)	V	The	resolving	power	is	deduced	by	setting	ΔpH	equal	to	ΔpI	and	replacing	σ	with	Equation	6.125:	$pImin		3	DdpH	¥	dM	´	¦§	dpH	µ¶	V	(a)	Generic	electrophoresis:	(6.127)	To	arrive	at	Equation	6.127,	we	also	substituted	the
electric	field	E	by	V/L,	with	V	the	applied	potential	and	L	(=	dx)	the	length	of	the	separation	medium.	From	this	equation,	the	minimum	resolvable	isoelectric	point	difference	between	adjacent	focused	bands	is	independent	of	L	and	dependent	only	on	individual	protein	characteristics,	the	total	pH	difference,	and	the	applied	potential.60	With	pH	and
voltage	gradient	held	constant,	a	sharper	pH	gradient	(i.e.,	a	shorter	column)	thus	is	expected	to	lead	to	a	better	separation.	Exceptionally	short	columns	might	enable	shorter	analysis	time	and	imaging	of	the	entire	separation	with	an	inexpensive	line	array	charge-coupled	device	(CCD).60	In	principle	IOF	downscales	better	than	capillary
electrophoresis,	where	the	capillary	length	determines	the	resolution	(see	further	below	under	scaling	in	analytical	equipment).	The	maximum	allowable	temperatures	dictate	the	minimum	IOF	separation	length.	Higher	temperatures	decrease	the	viscosity	in	an	exponential	fashion,	thereby	increasing	the	diffusivity	of	the	sample.	As	the	separation
channel	is	shortened	below	1	mm,	Herr	et	al.60	calculate	a	23%	increase	in	diffusivity	compared	with	macroscale	IOF	(the	macroscale	device	in	the	comparison	is	20	cm	long,	and	both	have	a	50-μm	diameter	channel).	As	a	compromise,	this	research	group	chose	an	8-mm-long	channel.	In	Figure	6.75	capillary	electrophoresis	and	capillary	isoelectric
focusing	are	compared.	Open	Electrophoresis	Electrokinetics	can	be	exploited	to	guide	and	manipulate	charged	particles	(DNA,	RNA,	PCR	amplicons,	polynucleotides,	proteins,	enzymes,	antibodies,	nanobeads,	and	even	micron	scale	semiconductor	devices)	on	a	planar	chip	equipped	with	an	array	of	closely	spaced	planar	metal	film	electrodes.61	The
ability	to	produce	well-defined	electric	fields	with	such	electrode	–	+	ab	b	ca							"			Later...	V	–	+	c	a	a	bb	c	a	c	b											In	capillary	electrophoresis,	because	of	high	surface:volume	ratio,	electro-osmotic	flow	becomes	significant:	V	–	+	+O+	+O+	+O+	+O+	+O+	+O+	+O	+	+O+	+	S	-	!												!											(b)	Isoelectric	focusing:	V	–	c	a	b	c	ba	c	a	b	a	c	b	c	a
+	Dilute	acid	Ampholytes	are	selected	to	encompass	the	pI’s	of	proteins	of	interest.	As	gradient	forms,	protein	charge	is	determined.	If	positive	(pH	below	protein	pI),	the	protein	moves	toward	cathode;	if	negative	(pH	above	protein	pI),	toward	anode.	Later...	V	–	b	pH	bb	c	c	c	+	Dilute	acid	Regardless	of	which	direction	protein	initially	moves,	as	it
approaches	the	region	where	pH	equals	its	pI,	it	loses	net	charge,	and	ceases	to	move.	FIGURE	6.75	(a)	Generic	electrophoresis.	(b)	Isoelectric	focusing	(IOF).	arrays	(see,	e.g.,	the	Nanogen	DNA	array;	Volume	II,	Chapter	8,	Example	8.2)	enables	one	to	electrophoretically	transport	those	charged	particles	to	or	from	any	microlocation	on	the	surface
of	the	device	submerged	in	the	analyte	solution.	This	so-called	open	electrophoresis	technique	does	not	use	fluidic	conduits	but	closely	spaced,	individually	addressable	486	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	electrodes.	We	explore	this	topic	further	below	when	using	the	Nanogen	DNA	array	for
dielectrophoresis	(DEP)	and	in	Volume	III,	Chapter	4	on	packaging,	assembly,	and	self-assembly,	where	we	use	the	same	chip	for	electric	field-driven	assembly.	Electrokinetic	Effects—Alternating	Currents	(AC)	Introduction	The	AC	electrokinetic	effects	we	discuss	here	are	dielectrophoresis	(DEP),	electrorotation	(ROT),	and	traveling	wave
dielectrophoresis	(TWD).	Pohl	introduced	the	term	dielectrophoresis	in	1951	to	describe	the	motion	of	particles	caused	by	dielectric	polarization	effects	in	nonuniform	electric	fields.63,64	The	effect	was	first	recorded	more	than	2500	years	ago,	when	it	was	discovered	that	rubbed	amber	attracts	bits	of	fluff	and	other	matter.	Electrorotation	is	the
rotation	of	particles	in	rotating	electric	fields,	and	traveling	wave	dielectrophoresis	describes	the	translational	movement	of	particles	exposed	to	traveling	electric	fields.65	In	electrophoresis,	motion	of	a	particle	is	determined	by	a	net	intrinsic	electrical	charge	carried	by	that	particle.	In	dielectrophoresis,	on	the	other	hand,	motion	is	determined	by
the	magnitude	and	polarity	of	charges	induced	in	the	particle	by	an	applied	field.	In	electrophoresis,	direct	current	(DC)	or	lowfrequency	electric	fields,	usually	homogeneous,	are	applied;	in	dielectrophoresis,	on	the	other	hand,	alternating	current	(AC)	fields	of	a	very	wide	range	of	frequencies	(in	principle,	there	is	no	upper	limit)	are	used,	and	the
field	must	be	inhomogeneous.66	The	dielectrophoresis	effect	can	be	understood	with	reference	to	Figure	6.77.	A	particle	placed	in	an	electric	field	becomes	electrically	polarized	as	a	result	of	partial	charge	separation,	which	leads	to	Surface	Electrophoresis	As	a	further	extension	of	the	open	electrophoresis	concept,	consider	Wickramasinghe’s	use	of
AFM	tips	for	molecular	manipulation.62	Applying	a	field	between	an	AFM	tip	and	a	conductive	surface,	DNA	electrophoresis	over	the	shaft	of	the	AFM	tip	was	demonstrated	at	unprecedented	speeds	(104	times	faster	than	CE)	(Figure	6.76).	We	saw	earlier	that	in	free	solution	electrophoresis,	DNA	behaves	as	a	free-draining	coil,	so	that	both	charge
and	hydrodynamic	drag	scale	linearly	with	molecular	size	(Equation	6.117).	This	is	why	DNA	sequencing	is	not	normally	possible	in	free	solution.	Traditional	DNA	sequencing	is	done	in	a	gel	or	polymer	matrix,	which	presents	a	series	of	obstacles	or	obstructions,	providing	friction	that	depends	on	molecular	size.	Small	DNA	molecules	migrate	more
easily	through	the	pores	of	the	gel,	and	thus	have	greater	electrophoretic	mobility	than	large	DNA	molecules.	In	the	AFM	case,	electrophoretic	separation	of	molecules	such	as	DNA	takes	place	in	the	nanometer-thick	water	films	covering	the	shaft	of	the	AFM	tip	(Figure	6.76A).	In	this	layer,	the	Debye	screening	length	is	greater	than	the	water	film
thickness,	and	surface	charges	are	not	screened	totally	by	the	water	molecules.	This	might	explain	these	encouraging	results.	(A)	(B)	4x10-4	Chemical	derivatization	(b)	Metallic	coating	E	Mobility	[cm2/Vs]	(a)	3	2	1	0	0	20	40	60	80	100	N	bases	FIGURE	6.76	DNA	electrophoresis.	(A)	(a)	AFM	setup	and	(b)	AFM	tips.	(B)	DNA	mobility	as	a	function	of
base	pair	number.	487	Fluidics	(a)	(b)	+	Lower	field	+	Lower	field	Higher	field	Higher	field	–	–	+	+	–	+	+	–	+	–	+	+	–	+	+	–	+	–	–	+	–	–	–	+	–	–	+	–	–	–	+	–	+	–	–	+	–	–	Particle	less	polarizable	Dipole	direction	+	Movement	–	+	+	–	+	+	–	+	–	+	+	–	+	Particle	more	polarizable	Dipole	direction	–	+	Movement	FIGURE	6.77	Negative	(a)	and	positive	(b)
dielectrophoresis.	an	induced	dipole	moment.	The	dipole	moment	is	a	consequence	of	the	generation	of	equal	and	opposite	charges	(+q	and	−q)	at	the	boundary	of	the	particle.	This	induced	surface	charge	is	only	about	0.1%	of	the	net	surface	charge	normally	carried	by	cells	and	microorganisms	and	is	generated	within	about	a	microsecond.	In	a
nonuniform	electric	field,	the	field	on	one	side	of	the	particle	will	be	stronger	than	that	on	the	other	side,	and	a	net	dielectric	force,	FDEP,	is	exerted.	The	magnitude	of	the	induced	dipole	depends	on	the	polarizability	of	the	particle	with	respect	to	that	of	the	medium.	If	a	suspended	particle	has	polarizability	higher	than	the	medium,	the
dielectrophoresis	force	will	push	the	particle	toward	regions	of	higher	electric	field	in	so-called	“positive	dielectrophoresis.”	In	negative	dielectrophoresis,	the	medium	has	a	higher	polarizability	than	the	suspended	particles,	and	the	particles	are	driven	toward	regions	of	low	field	strength.	Dielectrophoresis	causes	a	motion	of	neutral	matter	by
polarization	of	the	neutral	matter	in	a	nonuniform	electric	field.	The	method	is	particularly	suited	for	the	separation,	aggregation,	selective	trapping,	manipulation,	and	identification	of	cells	and	microorganisms.66	Dielectrophoresis	Force	Spherical	particles	of	radius	r	and	complex	permittivity	εp,	suspended	in	a	fluid	of	absolute	complex	dielectric
permittivity	εm,	are	subject	to	a	dielectric	force	given	by:	FDEP		2Pr	3	E	m	A	r	E	2	(6.128)	where	∇E2	=	the	gradient	of	the	square	of	the	electric	field	(rms,	or	root	mean	square	value)	quantifying	the	nonuniformity	of	the	electric	field	∇	=	the	del	vector	operator	αr	=	the	real	component	of	the	ClausiusMossotti	factor,	that	is,	the	effective	polarizability
of	the	particle	with	respect	to	its	suspending	medium;	the	latter	term	may	thus	be	written	as:	¥	E*p	E*m	´	A	r		Re	¦	µ	§	E	*p	2	E*m	¶	(6.129)	In	the	above	expression:	Re	=	“the	real	part	of”	ε*p	and	ε*m	=	the	complex	dielectric	properties	of	the	particle	and	its	medium,	with	ε*	=	ε	−	jσ/ω,	in	—	——	which	j	=	√−1	ε	=	permittivity	σ	=	conductivity	ω	=
angular	frequency	of	the	applied	field	(ω	=	2πf)	488	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	For	a	vacuum,	which	has	no	mobile	charges,	ε	is	1,	and	for	a	conductor,	it	is	infinite.	Because	ε*p	−	ε*m	can	be	positive	or	negative,	depending	on	the	relative	magnitudes	of	ε*p	and	ε*m,	controlled	movement
from	and	to	areas	of	high	electric	field	strengths	is	possible.	In	other	words,	a	material	with	a	higher	dielectric	constant	will	experience	a	force	tending	to	move	it	into	a	stronger	electric	field,	displacing	a	material	with	a	lower	dielectric	constant	in	the	process.	A	positive	value	for	αr	in	Equation	6.129	implies	a	positive	DEP	force;	a	negative	value
produces	a	negative	DEP.	Because	the	field	E	in	Equation	6.128	appears	as	∇E2,	reversing	the	bias	does	not	reverse	the	DEP	force.	Ac	voltages	in	a	frequency	range	from	500	Hz	to	50	MHz	have	been	used.	Based	on	Equation	6.129,	one	recognizes	that	the	factor	αr	is	frequency-dependent.	At	low	frequencies	polarizability	mainly	is	determined	by	the
conductivity,	and	at	high	frequencies	it	is	determined	by	the	permittivity.	Theoretically,	the	value	of	αr	may	be	between	+1.0	and	−0.5.	Key	in	dielectrophoresis	is	the	presence	of	a	material	of	substantially	different	dielectric	constant	from	its	surroundings.	In	an	aqueous	conductive	solution,	ions	shield	the	dielectric	material	from	the	external	applied
field.	Varying	the	field	in	time	reduces	the	shielding	effect	of	the	ions	somewhat.	If	the	mobile	dielectric	materials	are	embedded	in	a	sufficiently	low	resistance	medium,	then	the	dielectrophoresis	effect	can	be	much	more	readily	observed.	For	a	rigorous	derivation	of	Equation	6.128,	we	refer	to	Huang	et	al.67	and	Wang	et	al.68	Using	DEP,	individual
biological	cells	have	been	moved	and	positioned	by	altering	the	ac	frequency	so	as	to	switch	from	a	“capture”	mode	using	positive	DEP	to	“release”	mode	using	negative	DEP.69	Particles	can	also	be	separated	using	DEP.	This	is	illustrated	in	Figures	6.78	and	6.79.	Figure	6.78a	reveals	how	cell	type	A	switches	from	negative	to	positive	DEP	at	a
changeover	frequency	of	about	105	Hz.	From	Figure	6.78b	we	learn	that	there	is	a	frequency	range	above	105	Hz	where	cell	type	B	displays	negative	dielectrophoresis,	whereas	A	exhibits	positive	dielectrophoresis.	This	means	that	one	cell	type	will	move	to	higher	electric	field	regions,	while	the	other	cell	type	will	do	the	opposite,	effectively
separating	the	two	types	of	cells.	This	effect	is	exploited	in	Figure	6.79,	where	we	separate	Listeria	from	whole	blood.	An	array	of	100-planar	Pt	electrodes	[the	Nanogen	chip	(see	Volume	II,	Chapter	8,	Example	8.2)]	is	used	in	this	experiment.	In	the	first	panel,	blood	contaminated	with	Listeria	is	placed	over	the	chip.	In	the	second	panel,	a	10-kHz,	10-
Vpp	ac	signal	is	applied,	driving	the	red	blood	cells	to	low	electric	field	regions	(i.e.,	between	the	Pt	electrodes)	and	the	Listeria	to	high	electric	field	regions	(i.e.,	on	the	Pt	electrodes).	In	the	third	panel	we	wash	off	the	red	blood	cells,	leaving	the	Listeria	highly	enriched	on	the	Pt	electrodes	where	they	stick	better	than	the	red	blood	cells	on	the
insulating	regions	(Si3N4)	between	the	Pt	electrodes.	In	the	fourth	panel	only	Listeria	is	left	on	the	chip.	Finally,	in	the	fifth	panel,	we	release	the	Listeria	by	removing	the	bias	and	washing	again.	In	Table	6.7	we	summarize	some	pros	and	cons	of	using	dielectrophoresis	for	particle	separation.	(b)	(a)	0.8	0.8	0.6	Positive	DEP	0.4	DEP	response	DEP
response	0.6	0.2	0	–0.2	Crossing-over	frequency	–0.4	Negative	DEP	–0.6	102	104	0.4	Sample	A	0.2	0	–0.2	Sample	B	Separation	frequency	region	–0.4	106	Frequency	108	1010	–0.6	10	5	10	6	Frequency	FIGURE	6.78	Dielectrophoresis:	how	to	separate	particle	A	from	particle	B.	(a)	Cell	type	A	switches	from	negative	to	positive	DEP	at	a	change	over
frequency	of	about	105	Hz.	(b)	Above	105	Hz	cell	type	B	displays	negative	DEP,	whereas	A	exhibits	positive	DEP.	Fluidics									489		Listeria	FIGURE	6.79	Dielectrophoretic	separation	of	Listeria	from	whole	blood.	One	problem	associated	with	traditional	methods	of	DEP	separation	highlighted	in	Table	6.7	is	that	the	DEP	force,	which	is	proportional	to
∇E2,	rapidly	decays	as	the	distance	from	the	planar	electrodes	increases.	As	a	consequence,	a	common	problem	to	most	current	dielectrophoresis	devices	using	planar	electrodes	is	the	incapability	to	achieve	high	throughputs	and	high	efficiencies.	With	a	given	flow	channel	cross-section,	many	targeted	particles	might	flow	over	the	planar	electrodes
without	experiencing	a	force,	its	mean	distance	to	the	electrode	surface	being	too	long,	making	it	necessary	to	reflow	the	same	sample	several	times.	This	has	prevented	DEP	from	being	used	in	high-volume	applications.	To	correct	this	problem,	the	author’s	University	of	California,	Irvine,	team	is	using	3D	electrodes	to	reduce	the	mean	distance	of
any	targeted	particle	contained	in	a	channel	or	chamber	to	the	closest	electrode	surface,	as	illustrated	in	Figure	6.80.	Numerical	simulations	demonstrating	such	advantage	were	obtained	by	Park,70	and	the	experimental	verification	was	carried	out	by	Martinez-Duarte.71	The	3D	electrodes	are	implemented	using	the	C-MEMS	process	detailed	in
Volume	III,	Chapter	5	(page	266	“Microfabrication	of	Carbon:	C-MEMS	Process”).	In	3D	C-MEMS	dielectrophoresis,	carbon	3D	structures	up	to	several	hundreds	of	micrometers	high	are	implemented	as	electrodes	in	the	flow	channel.	An	example	of	65-μm-high	posts	is	shown	in	Figure	6.81.	The	difference	in	trapping	efficiency	of	yeast	cells,	when
only	flowing	the	sample	once,	between	2D	and	3D	electrodes	increases	as	flow	rate	increases,	with	the	2D	efficiency	always	being	lower	as	shown	in	Figure	6.82.	Microfabricated	3D	electrodes	also	have	been	implemented	by	Wang72	and	Voldman,73	who	used	electroplated	gold	electrodes	for	particle	separation,	applying	the	lateral	field	established
by	the	electrodes	that	form	the	channel	side	walls	and	for	particle	trapping	for	cytometry	purposes,	respectively.	More	TABLE	6.7	Pros	and	Cons	for	Particle	Separation	by	Dielectrophoresis	Pros	Cons	Intrinsic	dielectric	properties	are	taken	advantage	of	No	immunolabeling	involved	No	narrow	channels	to	clog	Simple	and	low	cost	Easy	to	scale	down
or	scale	up	Can	move	even	semiconductor	components	Speed:	clinical	sample	requires	ml	volume	(1)	Throughput:	can	only	separate	two	types	of	cells	(2)	Selectivity/sensitivity	1)	This	problem	may	be	solved	using	3D	volumetric	DEP	methods	(described	next).	2)	This	problem	could	be	solved	by	using	an	array	of	signal	generators.	490	Solid-State
Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	(a)	Traditional	2D	electrodes	Particle	not	experiencing	DEP	(b)	3D	electrodes	Particle	experiencing	DEP	FIGURE	6.80	(a)	In	traditional	2D	DEP,	many	particles	might	flow	by	without	experiencing	any	DEP	force.	(b)	In	3D	DEP,	the	mean	distance	from	the	particle	to	the
electrode	surface	decreases;	thus,	the	number	of	particles	experiencing	DEP	force	greatly	increases.	therapy,	sample	purification,	drug	screening,	water	analysis,	and	many	other	applications	may	become	possible	in	the	future.	Throughput	refers	to	inducing	DEP	on	as	many	particles	as	possible	without	consideration	of	selectivity	between	targeted
and	nontargeted	particles.	This	is	also	known	as	maximal	retention	efficiency.77	Selectivity	refers	to	how	well	one	can	induce	DEP	to	a	targeted	particle	without	affecting	nontargeted	ones.	It	is	also	referred	to	as	maximal	purification	efficiency.77	Traveling	Wave	Dielectrophoresis	If,	instead	of	using	a	stationary	electric	field,	as	is	used	in	DEP,	a
particle	is	subjected	to	a	moving	electric	field,	the	particle	can	be	moved	by	an	effect	known	as	traveling	wave	dielectrophoresis,	or	TWD.	To	produce	these	traveling	waves,	electrode			!!% #	recently,	Iliescu74	has	used	complex	microfabrication	techniques	to	obtain	3D	doped	silicon	electrodes	in	a	multistep	process.	In	a	nontraditional	way,
LapizcoEncinas	et	al.75	have	induced	DEP	on	bacteria	and	proteins	using	insulator	volumetric	microelectrodes,	in	a	technique	that	has	become	known	as	insulator	DEP.	The	main	concept	behind	this	approach	is	the	use	of	two	metal	electrodes,	excited	by	thousands	of	volts,	to	generate	a	uniform	electric	field	between	them,	which	is	then	disrupted
and	turned	nonuniform	by	the	insulator	structures	in	between.	Another	truly	3D	DEP	approach	is	that	of	Fatoyinbo	et	al.,76	who	use	a	drilled	conductor-insulator-conductor	laminate	to	obtain	wells	with	electrodes	all	along	the	top	and	bottom	surfaces	of	the	laminate.	The	final	goal	is	to	improve	throughput	and	efficiency	in	DEP	devices	for	a
commercial	product	featuring	high	selectivity	at	high	flow	rates.	Immediate	applications	might	include	cell	enrichment	for	cell										Madou	5.0kV	12.0mm	x600	SE(M)	2/20/07	12.15	50.0um	FIGURE	6.81	Carbon	posts	(65	μm	high)	for	use	as	electrodes	in	C-MEMS	dielectrophoresis	(C-MEMS	DEP).								!	&"$				FIGURE	6.82	Higher	retention	efficiency
at	all	flow	rates	are	obtained	with	3D	DEP	compared	with	2D	DEP.	The	difference	between	them	sharply	increases	with	flow	rate.	(Martinez-Duarte,	R.,	H.	A.	Rouabah,	N.	G.	Green,	M.	Madou,	and	H.	Morgan.	2007.	Proceedings	of	the	Eleventh	International	Conference	in	Miniaturized	Systems	for	Chemistry	and	Life	Sciences:	microTAS	2007.	Paris.)
Fluidics	270°	0°	90°	180°	270°	0°	90°	180°	270°	0°	10	μm	Channel	20	μm	Electrical	connections	Insulating	layer	90°	180°	270°	0°	90°	180°	270°	0°	90°	180°	Track	FIGURE	6.83	TWD	setup.	Electrode	structures	for	producing	traveling	electric	fields	along	channels	or	tracks.	When	addressed	with	sinusoidal	voltages	of	the	phase	sequences	shown,	a
traveling	field	is	established	by	the	propagation	direction	indicated	by	the	arrow.	The	characteristic	dimensions	shown	are	suitable	for	manipulating	yeast,	erythrocytes,	and	parasites	such	as	Cryptosporidium,	for	example.	Correspondingly	larger	or	smaller	dimensions	are	required	for	larger	bioparticles	(e.g.,	white	blood	cells,	plant	cells,	pollen)	or
smaller	ones	(e.g.,	bacteria,	viruses),	respectively.	(Burt,	J.	P.	H.,	R.	Pethig,	and	M.	S.	Talary.	1998.	Microelectrode	devices	for	manipulating	and	analysing	bioparticles.	Trans	Inst	MC	19:1–9.	With	permission.)	geometries	with	tracks	of	electrodes	in	a	channel,	as	shown	in	Figure	6.83,	may	be	used.	In	this	arrangement,	electrodes	are	fabricated	on	a
bottominsulating	substrate,	and	a	second	insulator	layer	is	used	to	define	a	channel	along	the	length	of	the	electrode	track.	Another	set	of	four	electrodes	is	then	deposited	on	this	second	insulator	layer,	and	vias	are	used	to	link	every	fourth	electrode	together	and	to	provide	external	connections.	The	four	electrodes	are	addressed	with	sinusoidal
voltages	of	90°	phase	separation	(0°,	90°,	180°,	and	270°).	The	used	phase	quadrature	voltages	are	equal	in	amplitude	(around	1	to	5	V	peak-peak)	and	of	a	frequency	range	from	about	1	kHz	to	10	MHz.	TWD	provides	conveyor	tracks	over	which	particles,	suspended	by	negative	dielectrophoresis,	are	moved.	By	changing	the	magnitude	and	frequency
of	the	energizing	voltages,	the	speed	and	direction	of	particles	in	the	channel	can	be	controlled.65	491	TWD,	in	combination	with	DEP,	enables	selective	and	nonselective	trapping	of	particles.	The	selective	trap	only	holds	desirable	subpopulations,	whereas	a	nonselective	trap	retains	all	particles	from	a	fluid	flow.	Particles	moving	in	a	channel	by	TWD
may	be	captured	nonselectively	and	held	immobile	by	suddenly	changing	the	frequency	and	phases	of	the	applied	voltages	so	as	to	encourage	positive	dielectrophoresis.	By	returning	to	a	TWD-type	of	field,	all	the	particles,	or	a	subset	of	them,	can	be	made	to	resume	their	movement	along	the	channel.	In	the	case	of	selective	trapping,	the	TWD
remains	in	effect,	and	trapping	is	accomplished	by	the	choice	of	the	electric	field	frequency.	The	frequency	may	be	chosen	such	that	some	particles	are	levitated	by	negative	dielectrophoresis	and	thus	keep	on	moving	under	the	influence	of	the	TWD,	whereas	others	are	captured	by	positive	dielectrophoresis	and	are	immobilized	at	the	electrode
surfaces.65	Particle	Levitation	The	gravitational	settling	force	pulls	down	a	spherical	particle	with	radius	r	and	mass	density	γ1,	suspended	in	a	fluid	with	mass	density	γ2,	and	is	given	by:	Fg		4	3	Pr	(	G	2	G	1	)g	3	(6.130)	where	g	is	the	gravitational	acceleration	vector.	A	particle	will	hover	above	the	electrode	surface	when	the	opposing	gravitational
and	negative	dielectrophoretic	forces	balance:	FDEP	Fg		0	(6.131)	Or,	from	Equations	6.128	and	6.130:	2(G	2	G	1	)g		3	E	m	A	r	E	2	(6.132)	From	Equation	6.132,	levitation	is	independent	of	particle	size,	as	both	DEP	and	gravitational	force	scale	as	l3.	Levitation	height	only	depends	on	the	intrinsic	properties	of	the	particle,	such	as	permittivity,
conductivity,	and	mass	density.	By	working	at	very	high	frequencies,	where	the	polarizability	factor	primarily	depends	on	the	permittivity	rather	than	the	conductivity,	levitation	may	also	be	made	independent	of	the	conductivity	of	the	solution.	A	quantitative	492	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology
estimate	of	the	levitation	height	requires	knowledge	of	how	the	factor	∇E2	varies	as	a	function	of	height	h	above	the	electrode	plane.	Rousselet	et	al.79	derived	the	following	relationship	between	∇E2	and	h:	E	2		AV	2	exp(	hk)	(6.133)	where	V	=	applied	voltage	A	=	constant	k	=	another	constant	inversely	proportional	to	the	width	of	the	electrodes79
Combining	this	expression	with	Equation	6.132,	the	expression	for	stable	levitation	height	is	derived	as:	h	1	¨	3	E	m	A	r	AV	2	·	ln	©	¸	k	ª	2(G	2	G	1	)g	¹	(6.134)	This	type	of	dielectrophoretic	levitation	was	demonstrated,	for	example,	with	latex	beads	and	interdigitated	electrodes	of	widths	and	separations	ranging	from	5	to	40	μm,	with	ac	signals	of	0–
10	V	(rms)	in	the	frequency	range	1	kHz	to	10	MHz.	Maximum	levitation	was	observed	at	1	MHz.	At	this	frequency	it	was	confirmed	experimentally	that	levitation	height	was	independent	of	particle	size	and	solution	conductivity.79	It	also	was	shown	that	red	blood	cells	could	be	separated	from	latex	beads	easily.	Whereas	the	erythrocytes	were
attracted	to	the	electrodes	by	positive	dielectrophoresis,	the	latex	particles	levitated	and	could	be	separated	by	flowing	liquid	over	the	surface.	By	de-energizing	the	electric	field,	the	red	blood	cells	also	could	subsequently	be	removed	by	flowing	more	liquid.79	Particles	possessing	different	dielectric	properties	levitate	at	different	heights	in	a	flat
field-flow-fractionation	(FFF)	chamber	through	the	balance	of	DEP	and	gravitational	forces.68	The	different	particles	are	levitated	into	streamlines	with	different	velocities,	as	shown	in	the	parabolic	flow	profile	illustrated	in	Figure	6.84,	and	can	be	separated	this	way.	Even	continuous	separation	of	particles	is	possible.80	FIGURE	6.84	Field-flow
fractionation	(FFF).	Outline	of	the	combined	DEP-FFF	separation	procedure.	Particles	with	different	dielectric	properties	or	density	are	levitated	by	negative	dielectrophoresis	to	different	planes	of	the	parabolic	velocity	profile	of	the	liquid	flowing	through	the	chamber.	(Rousselet,	J.,	G.	H.	Markx,	and	R.	Pethig.	1998.	Separation	of	erythrocytes	and
latex	beads	by	dielectrophoretic	levitation	and	hyperlayer	field-flow	fractionation.	Colloids	Surfaces	A	140:209–16.	With	permission.)	using	four	electrodes	positioned	at	right	angles	to	one	another	and	energized	with	phase-quadrature	signals	of	frequencies	between	50	Hz	and	100	MHz.	The	ROT	torque	acting	on	a	particle	positioned	in	the	center	of
this	electrode	assembly	is	given	by:	TROT		4P	r	3E	m	A	i	E	2	(6.135)	where	αi	is	the	“imaginary	part”	of	the	ClausiusMossotti	factor.	As	with	impedance	spectroscopy,	there	is	a	direct	relationship	between	the	real	and	imaginary	components	of	the	ac	electrokinetic	effect,	so	that	the	electrorotation	frequency	spectrum	can	be	calculated	from	the
measured	dielectrophoresis	response,	and	vice	versa.	In	Figure	6.85	the	frequency	variations	of	αr	and	αi	for	viable	and	nonviable	yeast	cells	are	shown.	The	polarity	and	peak	values	of	αi	are	determined	by	the	rate	of	change	of	αr.	The	frequency	dependence	of	magnitude	and	polarity	of	αr	and	αi	is	the	basis	of	the	three	ac	electrokinetic	applications
discussed	here.	Rotation	analysis	chambers	in	a	biofactory-ona-chip	are	used	to	monitor	dielectric	properties	of	particles.65	Electrorotation	has	been	shown	to	be	a	sensitive	method	for	monitoring	the	physiological	viability	of	cells.82	Electrorotation	Electrorotation	(ROT)	is	the	imaginary	component	of	the	ac	electrokinetic	effect,	whereas	its	real
component	is	the	above-introduced	dielectrophoresis	(DEP).	The	rotating	electric	field	usually	is	generated	Scaling	Considerations	Depending	on	particle	size,	different	forces	compete	with	the	DEP	force.	For	example,	a	typical	biological	cell	with	a	radius	of	1	μm	and	a	density	of	Fluidics												FIGURE	6.85	Alpha	plots.	The	frequency	variations	of
the	real	and	imaginary	polarizability	parameters	αr	and	αi	of	Equations	6.128	and	6.135	for	viable	(a)	and	nonviable	(b)	yeast	cells	in	a	suspending	medium	of	conductivity	0.8	mS/m.	Only	the	nonviable	cells	will	exhibit	traveling	field	dielectrophoresis	(in	the	frequency	range	f1)	and	thus	the	viable	cells	will	remain	immobilized	at	the	electrodes.	(Burt,
J.	P.	H.,	R.	Pethig,	and	M.	S.	Talary.	1998.	Microelectrode	devices	for	manipulating	and	analysing	bioparticles.	Trans	Inst	MC	19:1–9;	and	Talary,	M.	S.,	J.	P.	H.	Burt,	J.	A.	Tame,	and	R.	Pethig.	1996.	Electromanipulation	and	separation	of	cells	using	travelling	electric	fields.	J	Phys	D	Appl	Phys	29:2198–203.	With	permission).	1.05	kg	m−3	suspended	in
an	aqueous	solution	at	room	temperature	feels	both	the	gravitational	and	the	Brownian	force	of	around	2	×	10−15	N	each.	For	the	DEP	force	to	dominate,	it	should	be	at	least	10	times	larger	than	these	competing	forces;	to	affect	this,	∇E2	must	be	around	9	×	1012	V2m−3	(with	an	α	of	0.5).66	Both	the	DEP	and	the	gravitational	effect	scale	as	l3,	and,
with	increasing	particle	size,	no	scaling	advantage	of	one	over	the	other	emerges.	With	submicrometer	particles,	on	the	other	hand,	the	randomizing	Brownian	effect,	being	proportional	to	l−1,	becomes	the	dominating	force	competing	with	DEP.	With	particles	below	0.1	μm,	for	example,	values	for	∇E2	greater	than	1017	V2m−3	are	required	to	make
the	DEP	force	10	times	larger	than	the	Brownian.	This	requires	field	strengths	in	excess	of	106	Vm−1,	and	at	a	suspending	medium	conductivity	higher	than	0.1	Sm−1,	these	high	fields	cause	local	heating,	leading	to	hydrodynamic	effects.	The	latter	interfere	with	the	DEP	effect	of	submicron	particles	significantly.66	Moreover,	at	these	fields	cell
damage	might	become	an	issue.	Müller	et	al.83	used	submicron-scale	electrodes	to	achieve	DEP	levitation	and	trapping	of	particles	as	small	as	14	nm,	but,	as	predicted,	hydrodynamic	effects	interfered	significantly.	Downscaling	of	the	electrodes	is	very	favorable	in	dielectrophoresis.	By	using	thin	film	metal	electrodes	rather	than	wire	or	pin
electrodes,	one	approaches	the	size	of	the	typical	particles	to	be	separated.	In	Figure	6.86,	the	expression	for	∇E2	for	the	specific	represented	electrode	configuration	is	given.	Maintaining	the	applied	voltage	at	1	V	rms	and	reducing	the	radius	of	curvature	100-fold	produces	a	1000-fold	increase	in	∇E2.	Lower	voltages	can	thus	be	used	to	produce	the
same	DEP	force	on	a	particle	in	the	same	relative	position.	Despite	the	small	cross-sectional	area	of	the	electrodes,	the	volume	of	liquid	they	energize	is	very	large	by	comparison,	so	that	heat	produced	by	the	electrical	current	is	efficiently	dissipated,	and,	moreover,	surface	electrochemical	processes	are	reduced.66	Applications	In	a	1983	patent,
Batchelder84	describes	the	use	of	dielectric	forces	to	selectively	position,	transport,											493	E						r	FIGURE	6.86	Two	particles	located	in	a	nonuniform	electric	field,	generated	in	this	example	by	electrodes	of	spherical	geometry	and	radii	of	curvature	Ri	and	Ro.	Different	dipole	moments	m	(depicted	as	separated	microcharges	q)	are	induced	in
each	particle.	Particle	a	is	more	polarizable	than	the	surrounding	medium	and	is	directed	by	positive	dielectrophoresis	toward	the	high	field	at	the	inner	electrode,	whereas	particle	b	is	weakly	polarizable	and	moves	toward	the	low-field	region	at	the	outer	electrode	under	the	influence	of	negative	dielectrophoresis.	The	force	causing	this	motion	is
proportional	to	∇E2,	described	by	the	equation	in	the	figure,	where	s	is	the	distance	of	the	particle	from	the	inner	electrode,	V	is	the	applied	(rms)	voltage,	and	r0	is	a	unit-radius	vector.	(Pethig,	R.,	and	G.	H.	Markx.	1997.	Applications	of	dielectrophoresis	in	biotechnology.	TIBTECH	15:426–32.	With	permission.)	494	Solid-State	Physics,	Fluidics,	and
Analytical	Techniques	in	Micro-	and	Nanotechnology	mix,	and	react	one	or	more	chemicals	within	a	reaction	chamber.	The	Batchelder	patent	was	ahead	of	its	time	in	terms	of	vision	for	microfluidics	and	constituted	a	laboratory-on-a-chip	(LOC)	long	before	academics	introduced	the	buzzword.	The	emphasis	in	this	patent	is	on	the	dielectrophoresis
mechanism,	and	little	is	said	about	micromachining.	Although	metal	electrodes	are	patterned	with	lithography	techniques,	the	reaction	chambers	are	made	with	more	traditional	manufacturing	methods.	Once	microelectrode	technology	and	MEMS	made	their	entry,	it	became	apparent	that	dielectrophoresis	would	be	a	promising	tool	for	the	selective
manipulation	and	separation	of	cells,	bacteria,	viruses,	and	perhaps	even	biomacromolecules	such	as	DNA	and	proteins.	A	limitation	may	be	cell	damage,	electroporation,	and	electrofusion,	which	start	at	field	strengths	of	1–3	×	105	Vm−1.	However,	in	dielectrophoresis,	the	field	is	rarely	higher	than	105	Vm−1.	In	practice,	no	irreversible	cell	damage
has	been	reported	in	DEP	experiments.66	Another	possible	limitation	is	that	of	particles	being	smaller	than	10	nm;	these	might	be	too	difficult	to	manipulate	because	of	the	hydrodynamic	effects	interfering	with	the	DEP	force.	Batch	and	continuous	separation	of	particles	has	been	achieved	through	positive	and	negative	DEP	in	FFF	chambers.	A
typical	DEP-FFF	separation	chamber	is	shown	in	Figure	6.87	and	consists	of	two	glass	plates	spaced	a	small	distance	(typically	99.2%	are	obtained.85	Electrorotation	is	used,	for	example,	to	determine	the	dielectric	properties	of	human	leukocyte	Dielectrophoretic	separation	chamber	Valve	2	Cell	type	1	(nonviable	cells)	Cell	type	2	(viable	cells)	Valve
1	Pump	2	Pump	3	Pump	1	Microscope	slide	with	interdigited,	castellated	electrodes	Cell	mixture	FIGURE	6.87	Outline	of	a	continuous	dielectrophoretic	separation	system.	Valves,	frequency	generators,	and	pumps	are	all	under	computer	control.	(Markx,	G.	H.,	and	R.	Pethig.	1995.	Dielectrophoretic	separation	of	cells:	continuous	separation.	Biotech
Bioeng	45:337–43.	With	permission.)	subpopulations.86	Pethig	et	al.65	are	experimenting	with	combinations	of	DEP,	ROT,	and	TWD	elements	on	a	single	substrate	to	make	a	so-called	biofactoryon-a-chip.	Electrowetting	Electrical	control	of	interfacial	tension	between	a	liquid	and	a	solid	provides	another	means	of	fluid	pumping	without	moving
mechanical	parts.	Altering	the	apparent	surface	tension	at	the	solid/liquid	interface	becomes	possible	by	applying	a	potential	over	the	interface.	This	phenomenon	is	known	as	electrowetting	and	is	described	by	the	Lippmann	equation:	G	SL		G	max	SL	Er	E0	(	V	Vpzc	)2	2D	(6.136)	where	Vpzc	represents	the	potential	of	zero	charge	max	for	the
solid/liquid	(electrolyte)	interface,	and	G	SL	is	the	surface	tension	corresponding	to	V	=	Vpzc.	The	thickness	of	the	diffusion	layer	in	the	solution	is	given	by	δ,	and	εr	and	ε0	are	the	relative	permittivity	of	the	solution	and	the	permittivity	of	vacuum,	respectively.	A	voltage	applied	across	the	interface	will	alter	the	surface	tension	and	cause	the	liquid	to
move	within	the	capillaries.	The	flow	velocities	achieved	with	electrocapillary	pressure	are	several	centimeters	per	second	or	nearly	two	orders	of	magnitude	higher	than	the	velocities	achieved	by	electro-osmotic	pumping.87	Fluidics	Surface	tension	becomes	important	only	when	dimensions	drop	well	below	1	mm.	As	in	the	case	of	electro-osmotic
pumping,	subtle	uncontrollable	changes	at	the	solid/electrolyte	interface	make	this	actuation	principle	difficult	to	control	and	electrolyte	specific.	Light	has	been	used	to	control	the	wettability	of	the	surface	of	certain	photoresponsive	materials.	The	exact	mechanisms	of	the	surface	wettability	changes	of	these	materials	on	illumination	still	are	being
debated;	however,	it	is	generally	accepted	that	the	effect	is	caused	by	a	photoelectrochemical	reaction	at	the	surface.88	With	ZnO,	UV	irradiation	is	responsible	for	generating	electron-hole	pairs	on	its	surface.	These	holes	react	with	the	lattice	oxygen	to	form	surface	oxygen	vacancies	in	a	process	described	by	Zhang	et	al.89	in	the	following
equations:	495	for	example,	showed	changes	of	contact	angle	from	109°	before	to	5°	after	UV	exposure	for	a	droplet	of	water	on	a	ZnO	surface.	Other	wide	bandgap	semiconductor	oxides,	such	as	Ta	2O5,	TiO2,	indium–tin	oxide,	In	TaO4,	and	In2O3,	also	exhibit	optowetting.	These	materials	reverse	their	characteristic	and	tend	to	go	back	to	their
hydrophobic	state	if	the	UV-exposed	sample	is	placed	in	a	dark	room;	over	time	the	hydroxyl	groups	absorbed	on	the	defect	sites	are	replaced	by	oxygen	atoms.	This	is	because	the	surface	is	thermodynamically	unstable	after	the	hydroxyl	absorption,	and	oxygen	is	more	strongly	bonded	on	the	defect	site	than	a	hydroxyl	group.	Because	there	is	some
degree	of	reversibility,	these	semiconductors	show	promise	as	a	wettability	switch	for	future	microfluidic	applications.	ZnO	2hN	m	2h	2e	Centrifugal	Fluidic	Platform—CD	Fluidics	O2	h	m	O	1	O	h	m	O2	V0	(oxygen	vacancy)	2	Introduction	Reaction	6.1	In	ambient	air,	water	and	oxygen	from	the	surroundings	compete	with	lattice	oxygen	to	dissociatively
absorb	on	those	vacancies.	In	solution	the	defect	sites,	however,	kinetically	favor	the	absorption	of	hydroxyl	groups	over	oxygen,90	and	with	the	surface	attracting	more	hydroxyl	(−OH)	groups,	the	surface	becomes	more	hydrophilic.	This	switch	from	a	hydrophobic	to	a	hydrophilic	surface	has	been	extensively	documented.	Sun	et	al.,91	An	attractive
approach	to	fluid	propulsion	is	centrifugation	in	fluidic	channels	and	reservoirs	crafted	in	a	CD-like	plastic	substrate	as	shown	in	Figure	6.88.	The	centrifugal	force	caused	by	the	rotation	of	the	CD	results	in	the	release	and	flow	of	reagents	and	analytes.	No	external	pumps	and	valves	are	needed—	fluidic	flow	can	be	controlled	by	the	spinning	rate.
The	centrifugal	force	generated	in	such	an	instrument	overcomes	(depending	on	the	rotation	speed)	the	capillary	forces	in	the	fluidic	network	and	moves	fluid	in	a	valveless	manner	from	reservoir	chamber	LabCDTM	reader	LabCDTM	disc	Analysis	optics	Drive	motor	Cuvette	Informatics	Spectrophotomeric	read	cuvette	Fluidics	manifold	CD	optics
FIGURE	6.88	Centrifugal	platform	on	a	CD.	The	name	LabCD™	was	introduced	by	Gamera,	the	first	fluidic	CD	company	(now	defunct).	496	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	to	reaction	chamber	and	eventually	to	a	waste	site.	A	whole	range	of	fluidic	functions,	including	valving,	mixing,	metering,
sample	splitting,	and	sample	separation,	has	been	implemented	this	way.92	Such	analytical	functions	make	for	a	laboratory-on-a-disc	with	applications	in	diagnostics	and	drug	discovery.	Analytical	measurements	may	be	fluorescent	or	absorption	based,	and	informatics	embedded	on	the	same	disc	could	provide	test-specific	information	(merging	of
fluidics	with	informatics).	Prototyping	methods	of	this	microfluidic	platform	are	covered	in	Volume	III,	Chapter	5	on	selected	new	materials	and	processes	for	MEMS	and	NEMS.	In	Volume	II,	Chapter	10	on	replication	techniques	and	LIGA,	we	cover	manufacturing	of	the	fluidic	CD.	The	aspect	of	the	CD	platform	we	are	interested	in	here	is	the	physics
behind	its	operation	and	the	comparison	of	CD	fluidics	to	mechanical,	osmotic,	and	acoustic	pumping.	Centrifugal	Platform	Operation	In	a	centrifugal	platform,	the	centrifugal	force	provides	the	pumping	force,	whereas	hydrophilic	and	hydrophobic	valves	are	used	to	inhibit	flow.	In	Figure	6.89a,	we	show	a	schematic	of	a	centrifugal	platform	together
with	relevant	parameters;	Figure	6.89b	and	c	demonstrates	two	types	of	hydrophobic	valves,	and	Figure	6.89d	is	a	hydrophilic	or	capillary	valve.	For	a	hydrophobic	CD	surface,	to	make	a	valve,	a	flow	restriction	can	be	made	in	the	flow	channel	by	(a)	(b)	reducing	its	radius	from	r1	to	r2.	A	positive	pressure	is	then	needed	to	push	the	fluid	across	this
restriction.	From	Equation	6.96,	the	pressure	p	is	determined	by	r,	the	radius	of	the	capillary,	and	the	required	pressure	Δ	p	to	overcome	a	sudden	narrowing	in	capillary	tubing	is	calculated	from	Equation	6.96	as:	¥	1	1´	$p		2S	L	cosQc	¦	µ	§	r1	r2	¶	(6.137)	Equation	6.137	is	independent	of	the	length	of	the	restriction	and	flow	rate.	Once	the	capillary
downstream	is	wetted,	the	pressure	needed	to	continue	flow	is	given	by	Equation	6.54	(Hagen-Poiseuille’s	Law).	These	hydrophobic	restrictions	can	be	used	as	passive	valves	in	fluidic	networks:	by	setting	the	pumping	pressure	below	the	pressure	associated	with	the	restriction,	no	flow	will	take	place	unless	the	pumping	pressure	is	increased.	Mixers,
diluters,	sample	splitters,	and	sample	integrators	have	been	built	using	passive	hydrophobic	valving	in	combination	with	an	external	mechanical	pump.93	Of	course,	the	same	principles	can	be	applied	in	combination	with	centrifugal,	electrokinetic,	or	acoustic	pumping.	As	shown	in	Figure	6.89c,	one	can	also	create	a	hydrophobic	valve	by	locally
changing	the	hydrophobicity	of	the	surface,	i.e.,	by	locally	increasing	θc.	In	the	case	of	a	contact	angle	less	than	90°	(a	hydrophilic	surface),	to	make	a	valve	the	capillary	is	widened,	which	leads	to	the	need	of	increased	pressure	as	more	energy	is	required	now	to	wet	a	larger	surface	area	(Figure	6.89d).	(c)	(d)	Center	of	CD	Hydrophobic	zones	Δr	r	Δr
L	Liquid	Hydrophobic	valves	Capillary	valve	FIGURE	6.89	Centrifugal	platform	on	a	CD.	(a)	CD	platform,	(b	and	c)	hydrophobic	valves,	and	(d)	hydrophilic	capillary	valve.	497	Fluidics	Assuming	a	capillary	valve,	when	spinning	the	CD,	the	two	opposing	forces	at	work	can	be	described	as	follows	(see	Figures	6.89a	and	6.90).	The	pumping	force	(Pc)
caused	by	spinning	of	the	disc	is	given	by:	dPc		RW	2r	dr	(6.138)	where	ρ	=	the	density	of	the	liquid	ω	=	the	angular	velocity	of	the	CD	platform	r	=	the	distance	between	a	liquid	element	and	the	center	of	the	CD	Integration	of	Equation	6.138	from	r	=	R1	to	r	=	R	2	gives:	$Pc		RW	2	(R	2	R	1	)	R	2	R1		RW	2	$R	–	R	2	(6.139)	The	capillary	force	(Ps)
caused	by	interface	tension	is	given	by:	$Ps		G	cosQc	–	C	A	(6.140)	where	γ	=	the	interface	tension	θc	=	the	contact	angle	(in	a	practical	example	θc	may	be	61.5°)	A	=	the	cross-section	area	of	the	capillary	C	=	the	associated	contact	line	length	The	burst	frequency	is	the	frequency	at	which	the	fluidics	are	released	from	their	reservoirs.	The					liquid
will	be	released	when	Δ	Pc	is	greater	than	Δ	Ps;	consequently,	the	burst	frequency	calculated	from	Equations	6.139	and	6.140	is	given	by:	1	2	1	¥	´2	¥	G	cos	Qc	–	C	´	G	cos	Qc	fb	r	¦	2		¦	µ	(6.141)	2	§	P	R	–	R	–	$R	–	4	A	µ¶	§	P	R	–	R	–	$R	–	dH	¶	Here	dH	is	the	so-called	hydrodynamic	diameter	of	the	channel.	Example	6.8:	Two-Point	Calibration	Disc	As	an
early	first	example	of	the	use	for	the	CD	fluidic	platform,	the	author	and	his	team,	by	appropriately	choosing	the	channel	diameter	and	reservoir	dimensions	and	locations,	designed	an	automated	two-point	optrode	calibration	system,	capable	of	five	sequential	fluid	movement	steps	as	shown	in	Figure	6.91a	and	b.	The	liquid	flows	in	the	order	of
calibrant	1,	wash	1,	calibrant	2,	wash	2,	and	sample	to	an	optrode	chamber	by	increasing	the	rotating	speed	(see	Figure	6.91a	for	the	placement	of	these	fluidic	chambers,	top	figure	is	an	actual	photograph	of	the	CD	and	the	bottom	is	a	schematic).	Figure	6.91b	shows	the	calculated	burst	frequencies	of	the	reservoirs	in	the	two-point	calibration
platform.	The	same	optrode	chamber	is	used	for	measuring	calibrants	and	sample	to	eliminate	artificial	system	errors	common	with	devices	using	separate	chambers	for	measuring	sample	and	calibrants.	To	demonstrate	the	functionality	of	this	twopoint	calibration	system,	we	deposited	a	potassium	ion	selective	membrane	in	the	optrode	chamber
using	a	microdrop	delivery	setup.	The	membrane	was	composed	of	poly(vinyl	chloride)	(PVC),	valinomycin	(ionophore),	dioctyl	sebacate	(plasticizer),	potassium	tetrakis(4-chlorophenyl)	borate,	and	chromoionophore	for	detection	at	a	640-nm	wavelength.	The	slope	(sensitivity)	of	a	dose-response	curve	(absorption	of	the	640-nm	wavelength	vs.
concentration)	was	determined	by	the	measurements	of	calibrant	1	and	calibrant	2.94	The	ion	concentration	of	unknown	samples	was	then	deduced	from	this	calibration	curve.	Example	6.9:	The	CD	Platform	as	a	Microscope	FIGURE	6.90	Schematic	illustration	of	fluid	propulsion	in	centrifugal	microfluidics.	Horacio	Kido	and	Jim	Zoval	from	the
author’s	research	team	recognized	that	the	optical	498	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Sample	Second	wash	Second	calibration	First	wash	First	calibration	Calculated	burst	frequency	(rpm)	Waste	Optical	sensor	Center	of	disc	Sample	Wash	2	Calibrant	2	Wash	1	Calibrant	1	Optrode	1200	1000
800	600	400	1	Sample	Waste	(a)	5	2	3	4	Wash	2	Calibrant	2	Wash	1	Calibrant	1	Reservoirs	(b)	FIGURE	6.91	Two-point	calibration	of	an	optrode	on	a	CD.	(a)	Functional	diagram	and	photo	of	a	two-point	calibration	unit	on	a	CD.	(b)	A	plot	of	calculated	burst	frequencies.	disc	drive	is	a	sophisticated	laser	scanning	microscope	designed	to	characterize
and	identify	micrometer-sized	features	at	a	rate	of	about	a	megahertz	(Figure	6.92).	By	taking	the	voltages	from	the	photodetector	and	sending	them	to	a	computer	using	a	fast	A/D	converter,	an	image	of	what	is	on	the	disc	can	then	be	reconstituted	using	simple	graphics	software.	It	does	not	matter	whether	the	image	is	a	pit	in	the	CD	(see	Figure
6.92)	or	objects	placed	on	the	disc	(see	Figure	6.93).	Compact	Disc	Objective	lens	1/4	Wave	plate	Beam	splitter	Laser	Cylindrical	lens	Quadrant	photodetector	Low	High	Voltage	FIGURE	6.92	Using	the	CD	as	a	microscope.	Time	Example	6.10:	Using	the	Coriolis	Force	on	the	CD	On	a	spinning	CD,	the	Coriolis	force	can	be	used	to	switch	fluid	flow
between	two	reservoirs	depending	on	the	direction	of	the	CD’s	rotation.	The	Coriolis	force,	we	remember,	is	a	fictitious	force	exerted	on	a	body	when	it	moves	in	a	rotating	reference	frame.	It	is	called	a	fictitious	force	because	it	is	a	by-product	of	a	coordinate	transformation.	To	understand	the	Coriolis	force	Fluidics	499	Coriolis	force	thus	can	be	used
to	switch	fluid	flow	between	a	left	reservoir	and	a	right	reservoir	depending	on	the	direction	of	the	CD	rotation	(Figure	6.94b).	DNA	array	Gnat	wing	Some	other	applications	of	the	CD,	including	cultivation	of	C.	elegans	worms,	can	be	found	in	the	References.95,96	A	recent	review	article	on	CD	fluidics	can	be	found	in	Madou	et	al.97	In	Table	6.8	we
compare	four	popular	fluidic	platforms:	mechanical,	osmotic,	centrifugal,	and	acoustic.	This	table	should	be	read	together	with	the	more	detailed	Table	1.8	from	Chapter	1	in	Volume	III.	For	more	background	on	the	physics	behind	acoustic	fluidics	see	Volume	III,	Chapter	8	on	actuators.	White	blood	cells	FIGURE	6.93	Images	from	the	CD	microscope.
on	the	CD,	it	is	convenient	to	rewrite	the	NavierStokes	equation	(Equation	6.8)	in	a	rotating	reference	frame.	This	results	in	an	expression	for	the	Coriolis	force	given	as:	FCoriolis		2R	–	u	s	u	(6.142)	The	formula	implies	that	the	Coriolis	force	is	perpendicular	both	to	the	direction	of	the	velocity	of	the	moving	mass	and	to	the	frame’s	rotation	axis.	In



this	expression,	ρ	is	the	fluid	density,	ω	is	the	angular	velocity	vector,	and	u	is	the	flow	velocity	vector.	The	Coriolis	force	is	transverse	to	the	CD	radius	and	acts	to	transport	the	fluid	stream	left	or	right	depending	on	the	direction	of	the	CD	rotation	(see	Figure	6.94a).	The	Scaling	in	Analytical	Separation	Equipment	Introduction	When	incorporating
sensors	in	microfluidics	one	finds	that	most	sensing	techniques	scale	poorly	in	the	microdomain.	As	we	analyze	in	Chapter	7,	different	detection	schemes	exhibit	different	signal	scaling	factors.	For	example,	in	an	amperometric	technique,	in	which	an	analytical	current	is	the	signal,	the	output	exhibits	a	(l2)	scaling	(i.e.,	proportional	to	the	area	of	the
electrode);	an	optical	absorption	technique	scales	as	(l3),	and	potentiometric	techniques	are,	in	principle,	size-independent.	In	general	we	find	that	most	detection	methods	are	less	sensitive	Inlet		r	FCoriolis	–w	x	u	dH	A	left	reservoir	r	A	right	reservoir	FCoriolis	u	CCW	rotation	(a)	(b)	FIGURE	6.94	Coriolis	force	for	flow	switching.	(a)	Forces	shown	on
a	disc	rotating	at	the	angular	velocity	vector	ω	pointing	into	the	paper	plane.	When	this	disc	spins	in	the	counterclockwise	direction,	the	Coriolis	force	switches	the	fluid	in	the	channel	to	the	left,	and	when	this	disc	spins	in	the	clockwise	direction,	the	fluid	moves	to	the	right.	(b)	When	the	CD	rotates	counterclockwise	(CCW),	the	Coriolis	switching
valve	diverts	fluid	to	the	waste	reservoir	(left	reservoir),	and	when	the	CD	rotates	clockwise,	fluid	is	diverted	to	the	extraction	chamber	(right	reservoir).	500	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	6.8	Comparison	of	CD	Fluidics	with	Mechanical,	Osmotic,	and	Acoustic	Pumping	(see	also	Table	1.8
,	Chapter	1	in	Volume	III)	Mechanical	(e.g.,	with	Johnson	and	Johnson’s	blister	pouch	HIV	test;	see	Figure	1.12	in	Volume	III,	Chapter	1)	−	Scales	as	l3	+	No	contact	of	sample	with	electrodes	+	Generic	(all	types	of	sample	can	be	used)	+	Innovation	in	the	blister	pouch	+	Solves	liquid	and	vapor	valving	−	Difficult	to	further	miniaturize	−	Difficult	to
multiplex	Electrokinetic	(electro-osmosis)	(e.g.,	with	the	microchip	in	Figure	6.71	used	for	high-speed	electrophoretic	separations)	+	Scales	as	l2	−	High-voltage	source	is	not	convenient	−	Many	parameters	influence	propulsion	force	−	Not	generic	(only	limited	types	of	samples	can	be	used)	−	Mixing	difficult	to	implement	−	Sample	contact	with
capillary	walls	modifies	the	electro-osmotic	force	(EOF)	+	First	products	on	the	market	/	Solves	liquid	valving	but	not	for	vapors!	+	Better	for	high-throughput	screening	and	smaller	samples	Centrifugal	(e.g.,	with	the	two-point	calibration	CD	in	Figure	6.91)	+	Scales	a	bit	better	than	l3	+	Compatible	with	a	wide	range	of	samples	+	Mixing	easy	to
implement	+	Sample	preparation	easier	than	with	an	electrokinetic	set-up	+	Simple	and	inexpensive	CD	player	for	drive	+	No	fluid	contact	+	Established	+	Generic	/	Solves	liquid	valving	elegantly	but	not	vapor	valving	+	Most	functions	demonstrated	+	Cell	work	easier	+	Better	for	diagnostics	Acoustic	(e.g.,	with	White’s	flexural	plate	wave	device;
see	Volume	III,	Chapter	8)	+	Scales	as	l2	+	No	fluidic	contact	−	Research	and	development	phase	+	Generic	−	Does	not	solve	valving	yet	−	ZnO	technology	to	implement	the	acoustic	transducer	still	difficult	to	reproduce	−	Easy	to	further	miniaturize	when	used	in	microchambers	in	microfluidic	platforms.	In	this	chapter,	we	saw	already	that	all	flow
in	small	tubes	is	laminar	(making	mixing	a	challenge),	that	evaporation	from	small	droplets	is	very	fast,	and	that	surface	tension	in	the	microdomain	becomes	very	appreciable.	These	represent	mostly	negative	aspects	associated	with	scaling	down	any	analytical	equipment	involving	fluid	handling.	Positive	attributes	of	miniaturizing	such	equipment
are	the	savings	on	expensive	reagents,	short	analysis	times,	and	Fluidics	fast	heating/cooling	(e.g.,	for	PCR),	which	all	dictate	small	devices.	We	now	look	into	one	class	of	analytical	equipment	involving	fluid	handling,	namely,	separation	equipment,	with	some	more	detail.	Electrophoresis,	as	described	earlier	in	this	chapter,	is	only	one	of	many
separation	techniques	used	in	analytical	chemistry;	other	methods	include	gas	chromatography	(GC)	and	many	varieties	of	liquid	chromatography.	Miniaturization	in	electrophoresis	and	chromatography	has	been	a	study	topic	for	many	years.	The	goal	is	not	only	to	separate	smaller	amounts	of	chemical	compounds,	but	theory	also	predicts	that	a
reduction	in	dimensions	of	the	separation	column	should	result	in	an	enhancement	of	analytical	performance,	such	as	a	shorter	separation	time	and	more	efficient	heat	dissipation.98,99	To	put	recent	advances	in	miniaturization	of	separation	devices	in	context,	we	need	to	reconsider	the	fundamentals	of	separation	methodology.	The	following
theoretical	analysis	will	shed	light	on	scaling	laws	applicable	to	analytical	separation	systems.	We	closely	follow	the	derivations	presented	by	Manz	et	al.98	One	principal	goal	of	separation	techniques	is	to	create	the	narrowest	possible	separation	bands,	w,	to	increase	the	separation	efficiency.	Several	mechanisms	contribute	to	band	broadening,	each
with	its	own	standard	deviation	σ,	and	we	need	to	understand	each	of	the	contributing	mechanisms	to	appreciate	the	effect	of	miniaturization	on	separation	performance.	Commonly	Used	Terms	in	Separation	Chemistry	Analytical	separation	of	compounds	often	is	affected	by	forcing	the	sample	compounds,	suspended	in	a	carrier	medium	or	mobile
phase,	through	a	selectively	absorbing	medium	or	stationary	phase	immobilized	in	some	sort	of	flow	channel.	The	mobile	phase	in	chromatography	may	be	a	liquid	or	a	gas.	The	stationary	phase	(the	one	that	stays	in	place	inside	the	flow	channel	or	column)	is	most	commonly	a	viscous	liquid	coated	on	the	inner	side	of	a	capillary	tube	or	on	the	surface
of	solid	particles	packed	in	the	column.	Alternatively,	the	solid	particles	in	the	column	may	form	the	stationary	phase	themselves.	To	force	the	sample	and	carrier	phase	(i.e.,	the	eluent),	through	the	column,	either	501	a	pressure	or	electrical	gradient,	respectively,	defining	chromatography	techniques	and	electrophoresis	techniques,	can	be	employed.
The	fluid	emerging	from	the	column	is	called	the	eluate,	and	the	process	of	passing	liquid	or	gas	through	a	chromatography	column	is	called	elution.	The	partitioning	of	solutes	between	the	mobile	and	stationary	phases	gives	rise	to	separation	of	the	various	components	in	the	sample.	Columns	are	either	packed	or	open	tubular.	A	packed	column	is
filled	with	particles	as	the	stationary	phase	or	the	particles	are	coated	with	the	stationary	phase.	An	open	columnar	column	is	a	narrow	capillary	in	which	the	inside	wall	itself	forms	the	stationary	phase	or	a	stationary	phase	is	coated	on	that	wall.	The	center	of	an	open	tubular	column	is	hollow.	Based	on	the	mechanisms	of	interactions	of	the	solute
with	the	stationary	phase,	different	types	of	chromatography	are	distinguished:	adsorption,	partition,	ion	exchange,	molecular	exclusion	(also	called	gel	filtration),	and	affinity	chromatography.100	An	electrochemical	or	optical	detector,	in	the	case	of	liquid	chromatography,	or	a	thermal	conductivity	detector	(TCD)	or	flame	ionization	detector	(FID),	in
the	case	of	gas	chromatography,	may	detect	solutes	eluted	from	a	column.	A	chromatograph	is	a	graph	showing	the	response	of	such	a	detector	as	a	function	of	elution	time	(Figure	6.95).	Ideally,	a	solute	applied	as	an	infinitely	narrow	band	at	the	inlet	of	a	separation	column	emerges	with	a	Gaussian	shape	at	the	outlet.	In	less	ideal	circumstances,
the	band	becomes	asymmetric.	Different	compounds	are	retained	for	different	amounts	of	time,	called	retention	times	(tr),	onto	the	immobilized	medium	through	which	they	are	forced.	Retention	time	tr	is	the	time	needed	after	injection	of	the	mixture	for	each	component	to	reach	the	detector.	The	retention	time	for	a	solute	often	is	corrected	for	the
time	it	takes	the	unretained	mobile	phase	(e.g.,	air)	to	travel	through	the	column	(tm).	This	so-called	adjusted	retention	time	t′r	may	be	written	as:	t	ra		t	r	t	m	(6.142)	For	any	two	components	1	and	2,	the	relative	retention,	α,	is	given	as:	A	t	ra	2	t	ra1	(6.143)	502	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	t´r
Detector	response	tr	tm	Injection	time	Air	Octane	Unknown	Nonane	Time	FIGURE	6.95	Schematic	gas	chromatogram	showing	measurement	of	retention	times.	in	which	t′r2	>	t′r1	so	that	α	is	always	larger	than	1.	The	larger	the	α,	the	better	the	separation	between	compounds	1	and	2.	The	relative	retention	is	independent	of	flow	rate	and	is	used	to
identify	compounds,	even	when	the	flow	rate	has	changed	between	experiments.	For	each	compound	in	the	column,	the	capacity	factor,	k′,	is	defined	as:	ka		tr	tm	tm	(6.144)	A	larger	capacity	factor	signifies	a	compound	better	retained	onto	the	column.	The	capacity	factor	in	Equation	6.144	corresponds	to	the	ratio	of	time	the	solute	spends	in	the
stationary	phase	over	the	time	it	spends	in	the	mobile	phase.	The	latter	ratio	in	turn	is	based	on	the	partition	coefficient	K,	an	equilibrium	constant	defined	by	the	ratio	of	the	concentration	Cs	of	solute	in	the	stationary	phase	over	Cm,	the	concentration	of	the	solute	in	the	mobile	phase:	ka		V	C	s	Vs	K	s	Vm	C	m	Vm	(6.145)	where	Vs	is	the	volume	of	the
stationary	phase	and	Vm	the	volume	of	the	mobile	phase.	From	Equations	6.143–6.145,	we	can	conclude	that:	A	t	ra2	k	2a	K			2	t	ra1	k1a	K1	(6.146)	The	relative	retention	of	two	solutes	is	proportional	to	the	ratio	of	their	partition	coefficients.	Two	factors	contribute	to	the	efficiency	of	separation	of	components	on	a	column.	One	is	the	difference	in
elution	times	between	peaks;	the	other	is	the	width	of	the	peaks.	Different	compounds	in	an	applied	sample	on	a	column	separate	into	bands,	and	the	further	apart	they	are,	the	better	the	separation	performance	of	the	setup.	The	resolution	of	two	peaks	is	defined	as:	resolution		$t	r	$Vr		w	av	w	av	(6.147)	in	which	Δtr	or	Δwr	is	the	separation	between
peaks	in	units	of	time	(t)	or	volume	(V),	and	wav	is	the	average	width	of	the	two	peaks	in	corresponding	units.	A	band	of	solute	in	a	column	invariably	spreads	as	it	travels	through	a	separation	medium	and	emerges	at	the	detector	with	a	standard	deviation	σ;	the	narrower	the	bands	(w),	the	better	the	resolution.	Band	Broadening	in	the	Column
Individual	solute	bands	in	a	column	generally	assume	symmetric	concentration	profiles	that	can	be	described	in	terms	of	a	Gaussian	distribution	curve	and	its	standard	deviation,	σx.	The	Gaussian	curve	is	given	by:	x2	C	m	e	4	Dt	4PDt	(6.148)	where	D	=	diffusion	coefficient	(m2/s)	(104	faster	in	gases	than	in	liquids)	m	=	moles	per	unit	cross-sectional
area	C	=	concentration	(mol	m−3)	t	=	time	x	=	distance	along	the	column	(total	length	Lt)	from	the	center	of	the	band	(at	the	band	center,	x	=	0)	Fluidics	The	standard	deviation	of	this	distribution	curve,	σx,	is	used	to	describe	the	bandwidth	length	and	is	given	by:	(6.149)	S	x		2Dt	i.e.,	the	width	at	time	t	of	a	band	progressing	in	the	column.	If	a
solute	moves	a	distance	x	at	the	linear	flow	rate	ux	(m	s	−1),	the	time	it	has	been	on	the	column	is	t	=	x	u	x–1	(when	x	=	Lt,	then	t	=	t	r).	Or	we	can	write	that:	x	¥	2D	´	S		2Dt		2D		x		Hx	u	x	¦§	u	x	µ¶	2	x	(6.150)	and:	H 	S	2x	x	(6.151)	In	this	equation,	plate	height	H	(also	called	the	height	equivalent	to	a	theoretical	late)	is	the	proportionality	constant
between	the	variance	(σ2)	of	the	band	and	the	distance	it	has	traveled	(x).	Thus,	plate	height	is	simply	a	quantity	relating	the	width	of	a	band	to	the	distance	traveled	through	the	column.	The	number	of	theoretical	plates,	N,	in	the	entire	column	is	the	total	length	Lt	divided	by	the	plate	height:	N	2	t	2	x	2	t	2	16L	L	t	Lx	L		2			H	Sx	S	w	(6.152)	because	x
=	L	and	σ	=	w/4.	The	above	analysis	can	be	made	more	generic;	the	bandwidth	parameter,	σ,	for	a	flow	channel	can	be	expressed	not	only	in	terms	of	length	in	m	(σx,	see	above)	but	also	in	terms	of	time	in	s	(σt),	and	volume	in	m3	(σv).	Rewriting	Equation	6.152	with	L	and	w	(or	σ)	in	units	of	time	instead	of	length	leads	to:	N	16t	2r	¥	t	r2	´		w	2	¦§	S	2
µ¶	(6.153)	where	tr	is	the	retention	time	of	the	peak,	and	w	is	the	width	at	the	base	of	the	peak	in	units	of	time.	The	smaller	the	H	and	thus	the	larger	the	N,	the	narrower	the	bands	and	the	better	the	separation.	Plate	heights	are	∼0.1	to	1	mm	in	gas	chromatography	(GC),	∼10	μm	in	high-performance	liquid	chromatography	(HPLC),	and	2000	0.21
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10−8	m2/s	(SFC);	viscosities	of	the	mobile	phase	10−3	Ns/m2	(LC,	EC)	and	5	×	10−5	Ns/m2	(SFC);	electrical	conductivity	of	the	mobile	phase	0.3	S/m	(EC);	electrical	permittivity	×	zeta	potential,	5.6	×	10−11	N/V	(EC);	and	heating	power	1.1	W/m	(EC).	Source:	After	Manz,	A.,	E.	Verpoorte,	C.	S.	Effenhauser,	N.	Burggraf,	D.	E.	Raymond,	D.	J.
Harrison,	and	H.	M.	Widmer.	1993.	Miniaturization	of	separation	techniques	using	planar	chip	technology.	HRC	J	High	Resol	Chromatogr	16:433–36;	and	Manz,	A.,	N.	Graber,	and	H.	M.	Widmer.	1990.	Miniaturized	total	chemical	analysis	systems:	a	novel	concept	for	chemical	sensing.	Sensors	Actuators	B	B1:244–48.	506	Solid-State	Physics,	Fluidics,
and	Analytical	Techniques	in	Micro-	and	Nanotechnology	number	(pressure	drop),	systems	are	easier	to	compare	because	all	reduced	parameters	remain	constant	regardless	of	the	size	of	the	system.107	First,	we	define	some	of	these	reduced	parameters	in	terms	of	those	variables	that	can	be	assumed	constant	over	the	entire	range	of	interest,
including	inner	capillary	diameter	(d),	mobile	phase	viscosity	(ηm),	average	diffusion	coefficient	(Dm)	of	the	sample	in	the	mobile	phase,	and	a	Poiseuille	number,	C,	of	32	for	a	circular	cross-section.	The	diameter,	d,	is	also	the	characteristic	length	here.	With	those	constants,	other	quantities	can	be	grouped	into	dimensionless	forms—for	example,
volume,	V;	column	length,	L;	linear	flow	rate,	u;	retention	time,	t;	and	pressure	drop,	Δ	p.	A	reduced	volume	parameter,	for	example,	is	obtained	by	division	through	d3.	Thus,	one	obtains:	S	V	w		3	and	s	v		3v	d	d	(6.161)	Similarly,	time-related	parameters	such	as	the	migration	time,	t0;	the	retention,	t,	for	a	compound	with	a	capacity	factor	k′;	and	the
time	bandwidth,	σt,	can	be	reduced	to	their	dimensionless	terms,	known	as	Fourier	numbers,	in	the	following	fashion:	T0		t	0	Dm	d	2	,T		tDm	d	2		k	a	1	,	and	s	t		S	t	Dm	d2	S	1	H	,	h		,	and	s	x		x	d	d	d	(6.163)	9	(6.164)	UEX	Hm	Dm	(6.165)	with	ζ	the	zeta	potential.	Both	Bodenstein	numbers,	describing	the	reduced	pressure	and	voltage,	can	be	rewritten
as	the	so-called	flow	equations:	(6.166)	9		LPe	in	electro-osmotic	and	electrophoretic	flow,	and:	(6.167)	0		LPe	for	pressure-driven	chromatography.	Also,	the	Fourier	numbers	can	be	further	simplified	as:	L	L	and	T			k	a	1	Pe	Pe	(6.168)	The	equations	for	reduced	plate	height,	h,	and	the	Péclet	number,	Pe,	lead	to	the	following	simplified	Golay	equation
for	band	broadening	in	pressure-driven	flow,	neglecting	the	third	term	(C)	in	Equation	6.155:	h	2	1	6k	a	11k	a	2	Pe	2	Pe	96	1	k	a	(6.169)	for	a	field-driven	flow	we	simply	obtain:	h	2	Pe	(6.170)	The	reduced	bandwidth	is	then	given	by:	s	2x		Lh	(6.158)	which	represents	the	average	linear	flow	rate	divided	by	the	absolute	value	of	the	average	rate	of
diffusion	$pd	2	uL		HmDm	&	Dm	The	Bodenstein	number	thus	represents	the	average	linear	flow	rate	divided	by	the	absolute	value	of	the	average	rate	of	longitudinal	diffusion,	Dm/L.	In	this	expression,	Φ	is	the	Poiseuille	number	(32	for	a	circular	cross-section).	The	applied	voltage	can	be	reduced	to	the	“electrical”	Bodenstein	number,	Ψ:	T0		where	λ
is	the	so-called	reduced	length.	The	linear	flow	rate	of	a	nonretained	component	or	the	mobile	phase	is	reduced	to	the	Péclet	number,	Pe,	given	earlier	as:	ud	Pe		Dm	0	(6.162)	The	first	expression	describes	the	ratio	of	the	time	required	for	a	molecule	to	migrate	in	a	field-driven	flow	through	the	capillary	from	end	to	end	to	the	time	required	to	diffuse
from	wall	to	wall.	The	second	term	defines	the	analogous	expression	for	chromatography.	Terms	with	a	length	dimension	are	reduced	by	dividing	by	d:	L 	orthogonal	to	the	direction	of	flow,	Dm/d.	The	applied	pressure	can	be	reduced	to	the	so-called	Bodenstein	number	as:	(6.171)	and	the	plate	number	by:	N	L	Pe	and	N		L	h	2	(6.172)	Fluidics	507
TABLE	6.10	Reduced	Parameter	Set	for	the	Example	Separation	Systems	in	Table	6.9	CE	Capillary	LC	Capillary	SFC	Number	of	theoretical	plates,	N	Analysis	time,	t	(k′	=	5)	(min)	Capillary	inner	diameter,	dc	(μm)	Capillary	length,	L	(cm)	Reduced	length,	λ	Péclet	number	(reduced	flow	rate),	Pe	Fourier	number	(reduced	retention	time),	τ	Parameter
100,000	1	24	6.5	2700	100	28	100,000	1	2.8	8.1	29,000	14	2100	100,000	1	6.9	20	29,000	14	2100	Bodenstein	number	(reduced	pressure	decrease),	∏	Electric	Bodenstein	number	(reduced	voltage	decrease),	ψ	—	260,000	400,000	—	400,000	—	CE	=	capillary	electrophoresis;	LC	=	liquid	chromatography;	SFC	=	supercritical	flow	chromatography.
Source:	Manz,	A.,	E.	Verpoorte,	C.	S.	Effenhauser,	N.	Burggraf,	D.	E.	Raymond,	D.	J.	Harrison,	and	H.	M.	Widmer.	1993.	Miniaturization	of	separation	techniques	using	planar	chip	technology.	HRC	J	High	Resol	Chromatogr	16:433–36;	and	Manz,	A.,	N.	Graber,	and	H.	M.	Widmer.	1990.	Miniaturized	total	chemical	analysis	systems:	a	novel	concept	for
chemical	sensing.	Sensors	Actuators	B	B1:244–48.	It	can	be	recognized	here	how	the	number	of	theoretical	plates	is	in	a	way	representative	of	the	Péclet	number	of	the	system.	From	Equations	6.172	and	6.163,	the	smaller	Dm,	the	higher	the	number	of	plates,	and	the	larger	the	velocity	and	the	length	of	the	column,	the	more	the	separation	is
“efficient.”	With	these	reduced	parameters,	the	examples	of	Table	6.9	now	are	compared	again	in	Table	6.10.	We	conclude	that	the	values	for	the	reduced	variables	for	LC	and	SFC	are	identical,	regardless	of	differences	in	capillary	diameter,	lengths,	diffusion	coefficients,	and	viscosities.	This	can	be	used	conveniently	to	deduce	the	influence	of
changing	the	capillary	diameter	on	retention	time,	pressure,	and	signal	bandwidth	for	a	given	number	of	theoretical	plates	and	a	single	set	of	reduced	parameters,	as	illustrated	in	Table	6.11.	The	scaling	for	diffusion-controlled	separations,	in	which	the	time	scale	is	proportional	to	d2,	is	summarized	in	Table	6.12.	All	reduced	parameters	remain
constant	regardless	of	the	size	of	the	system;	that	is,	hydrodynamic	diffusion,	heat	diffusion,	and	molecular	diffusion	effects	behave	in	the	miniaturized	system	as	in	the	original	large	system.	Reducing	the	characteristic	length	d	(i.e.,	the	tube	diameter)	by	a	factor	of	10	makes	for	a	100-times	faster	analysis.	The	pressure	required	is	100	times	higher,
and,	more	importantly,	the	voltage	requirements	remain	unchanged	in	electrophoresis/electro-	osmosis	systems.	Miniaturization	in	diffusion-controlled	TABLE	6.11	Calculated	Parameter	Set	for	an	Open	Tubular	Column	LC	System	Diameter	d	(μm)	Length,	L	(m)	Time,	t	(min)	Pressure,	∆p	(atm)	Peak,	σx	(μm)	Peak,	σt	(ms)	Peak,	σv	(pl)	1	2	5	10	20
Reduced	Parameter	0.45	0.12	8700	450	7.4	0.35	0.9	0.5	2200	890	30	2.8	2.3	3	350	2200	190	44	4.5	12	87	4500	740	350	9	50	22	8900	3000	2800	λ	=	450,000	t	=	11,800	∏	=	17,000,000	sx	=	447	st	=	12	sv	=	354	Note:	One	million	theoretical	plates	at	zero	retention	(Péclet	number	Pe	=	38).	Assume	diffusion	coefficient	is	Dm	=	10−3m2s.	Source:
Manz,	A.,	E.	Verpoorte,	C.	S.	Effenhauser,	N.	Burggraf,	D.	E.	Raymond,	D.	J.	Harrison,	and	H.	M.	Widmer.	1993.	Miniaturization	of	separation	techniques	using	planar	chip	technology.	HRC	J	High	Resol	Chromatogr	16:433–36;	and	Manz,	A.,	N.	Graber,	and	H.	M.	Widmer.	1990.	Miniaturized	total	chemical	analysis	systems:	a	novel	concept	for
chemical	sensing.	Sensors	Actuators	B	B1:244–48.	508	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	6.12	Proportionality	Factors	for	Some	Mechanical	Parameters	in	Relation	to	the	Characteristic	Length,	d,	in	a	Diffusion-Controlled	System	Diffusion-Controlled	System	Space,	d	Time,	t	Linear	flow	rate,
u	Volume	flow	rate,	F	Pressure	drop	(laminar	flow)	∆p	Voltage	(electro-osmotic	flow),	U	Electric	field,	U/L	Reynolds	number,	Re	Péclet	number,	reduced	flow	rate,	Pe	Fourier	number,	reduced	elution	time,	τ	Bodenstein	number,	reduced	pressure,	∏	Reduced	voltage,	ψ	d	d2	L/d	d	L/d2	Constant	L/d	Constant	Constant	Constant	Constant	Constant
Source:	After	Manz,	A.,	E.	Verpoorte,	C.	S.	Effenhauser,	N.	Burggraf,	D.	E.	Raymond,	D.	J.	Harrison,	and	H.	M.	Widmer.	1993.	Miniaturization	of	separation	techniques	using	planar	chip	technology.	HRC	J	High	Resol	Chromatogr	16:433–36;	and	Manz,	A.,	N.	Graber,	and	H.	M.	Widmer.	1990.	Miniaturized	total	chemical	analysis	systems:	a	novel
concept	for	chemical	sensing.	Sensors	Actuators	B	B1:244–48.	systems	leads	to	a	higher	rate	of	separation	while	maintaining	separation	efficiency.	Separation	efficiency	in	capillary	electrophoresis,	in	terms	of	theoretical	plates	per	second,	can	be	estimated	from	Equations	6.170	and	6.172:	N	9	tU	2	(6.173)	where	Ψ	is	the	reduced	voltage	so	that	N	is
proportional	to	U,	the	applied	voltage;	the	higher	the	applied	voltage,	the	higher	the	number	of	theoretical	plates.	The	voltage	cannot	be	increased	too	much	though,	because	heat	evolution	quickly	becomes	the	limiting	factor.	In	standard	capillary	electrophoresis,	the	maximum	allowable	heat	generation	is	about	1	W/m.	Because	of	the	higher	surface-
to-volume	ratio	in	micromachined	channels,	heat	dissipation	is	faster,	which	permits	higher	electric	fields	than	in	standard	capillary	electrophoresis.	For	now,	we	will	admit	1	W/m	as	an	upper	limit	even	for	micromachined	capillaries.	Keeping	the	power	per	unit	length	constant	means:	P	UI			const	L	L	(6.174)	where	I	is	the	current	through	the
capillary.	The	resulting	upper	limit	for	the	voltage	is	then	determined	by	the	geometry	of	the	capillary	in	terms	of	the	reduced	characteristic	length	(λ	=	1/d):	Umax	t	L	(6.175)	The	plate	number	N	can	thus	reach	values	up	to	Nmax,	where:	Nmax	t	L	(6.176)	The	minimum	migration	time	is	given	by:	t0	t	L2	U	(6.177)	and:	t	min	t	L2d	(6.178)	The
maximum	number	of	plates	obtainable	per	second	is	then	given	by:	Nmax	1	t	2	2	t	min	L	d	(6.179)	clearly	demonstrating	the	benefits	of	reducing	the	inner	diameter	of	the	capillary	for	rapid	separation	in	capillary	electrophoresis.	The	reduced	height,	h,	of	a	chromatographic	system	according	to	Equation	6.169	shows	a	minimum,	hmin,	at	an	optimum
reduced	flow	rate,	Peopt	(Péclet	number).	To	reduce	losses	in	pressure	drop	and	to	minimize	analysis	time,	one	must	operate	close	to	this	optimum.	Analogous	to	Equation	6.172,	we	can	write	the	maximum	number	of	theoretical	plates	as:	Fluidics	Nmax		L	hmin	(6.180)	where	hmin	is	constant	for	optimum	Péclet	number,	Peopt,	at	a	fixed	capacity
factor	k′.	This	makes	Equation	6.180	for	pressure-driven	chromatography	equivalent	to	Equation	6.176	for	electrophoresis.	Equations	6.178	and	6.179	are	also	equally	valid	for	capillary	electrophoresis	and	capillary	chromatography.	The	reduced	parameter	analysis	shows	that	a	downscale	of	1/10	of	the	original	size	(diameter	of	a	tube)	reduces	the
related	time	variables	(analysis	time,	required	response	time	of	a	detector)	to	1/100.	The	pressure	requirements	increase	by	a	factor	of	100,	but	the	voltage	requirements	(for	electrophoresis/electro-osmosis)	remain	constant.	The	main	advantage	of	capillary	electrophoresis	is	thus	higher	speed	of	separation	with	a	comparable	efficiency.108	Example
6.11:	Droplet	Microfluidics	In	a	new	branch	of	microfluidics,	a	rich	variety	of	droplets	are	made	by	emulsification	in	microfluidic	systems.	Droplet-based	microfluidics	allows	for	independent	control	of	each	droplet,	thus	generating	microreactors	that	can	be	individually	transported,	mixed,	and	analyzed.109	The	generation	of	droplets	involves	the
disruption	of	interfacial	forces	between	two	streams	of	immiscible	fluids	either	via	flow-induced	shear	forces	or	other	surface	forces	(e.g.,	electrowetting,	dielectrophoresis).	An	often-used	breakup	method	of	streams	of	immiscible	fluids	is	in	the	confined	geometry	of	a	microfluidic	T-junction	(see	Figure	6.56).	For	a	detailed	theoretical	treatment	of
droplet	formation	in	a	T-junction,	we	refer	to	the	work	by	De	Menech	et	al.110	The	droplets	thus	formed	can	be	filled	with	reagents	to	perform	bioassays	in	discretized	femtoliter	to	nanoliter	volumes	separated	by	immiscible	fluids	as	opposed	to	more	conventional	microfluidics,	where	reactions	are	not	confined	either	spatially	or	temporally	within	the
microchannels.	Rapid	mixing	is	possible	because	there	is	relative	fluid	motion	between	the	immiscible	fluids	at	the	droplet	interfaces	that	create	recirculation	of	flows	inside	the	droplets.	The	sizes	of	the	droplets	are	extremely	monodisperse	(within	2%)	and	509	can	be	controlled	over	a	wide	range	(typically	1–100	μm	in	diameter).111–115	Because	of
high	surface	area	to	volume	ratios	at	the	microscale,	heat	and	mass	transfer	times	and	diffusion	distances	are	shorter,	facilitating	faster	reaction	times.	Because	multiple	identical	microreactor	units	can	be	formed	in	a	short	time,	parallel	processing	and	experimentation	can	easily	be	achieved,	allowing	large	data	sets	to	be	taken	efficiently	and
enabling	high	throughput	screening	and	syntheses.	Droplet	microfluidics	also	offers	greater	potential	for	increased	throughput	and	scalability	than	continuous	single-phase	flow	microfluidics.	In	the	past	5	years,	several	groups	have	used	digital	microfluidics	to	form	irregular	particles,116	double	emulsions,117	hollow	microcapsules,118	and
microbubbles.74,119–123	As	a	curious	return	to	fluidic	logic	(see	the	fluidic	logic	chips	from	1965	in	Volume	III,	Figure	1.2),	MIT’s	Neil	Gershenfeld	et	al.124	are	building	rudimentary	bubble-based	logic	devices.	They	constructed	an	entire	family	of	chips	modeled	on	the	architecture	of	existing	digital	circuits	that	mimic	the	functions	of	electronic
components:	logic	gates	(AND/OR/NOT),	memory,	and	even	a	microfluidic	ring	oscillator	constructed	from	three	AND	gates	(see	Figure	6.96).	These	digital	microfluidic	devices	show	the	nonlinearity,	gain,	bistability,	synchronization,	cascadability,	feedback,	and	programmability	required	for	scalable	universal	computation.	Instead	of	using	high	and
low	voltages	to	represent	a	bit	of	information,	the	presence	or	absence	of	a	bubble	is	used.	This	means	that	a	bubble	can	not	only	carry	some	kind	of	payload—say	a	therapeutic	drug	or	chemical	reagents	(see	above)—but	FIGURE	6.96	A	bubble	microfluidic	ring	oscillator	constructed	from	three	AND	gates.	510	Solid-State	Physics,	Fluidics,	and
Analytical	Techniques	in	Micro-	and	Nanotechnology	it	also	can	carry	information	at	the	same	time.	The	bubble	chips	are	100	times	slower	than	an	average	microprocessor,	but	among	other	uses	they	could	enhance	the	memory	capabilities	of	microfluidic	chips:	thousands	of	reagents	could	be	stored	on	a	single	chip—much	like	conventional	data
storage	technology—using	counters	to	dispense	exact	amounts	and	built-in	logic	circuits	to	deliver	the	reagents	to	targeted	spots.	They	could	also	be	used	to	sort	biological	cells	in	assays	and	to	make	programmable	print	heads	for	inkjet	printers,	for	example.	With	increasing	complexity	in	large-scale	microfluidic	processors,	bubble	logic	provides	an
on-chip	process	control	mechanism	integrating	chemistry	and	computation.	scale?	How	can	one	enhance	good	mixing	of	two	chemicals	in	a	microreactor?	6.4:	A	lawn	sprinkler	consists	of	two	arms	equipped	with	nozzles	at	right	angles	which	rotate	about	a	pivot	in	a	horizontal	plane.	Assuming	the	flow	rate	through	each	nozzle	equals	Q	and	the
nozzle’s	exit	area	is	A,	find	the	velocity	of	the	water	leaving	the	nozzle,	in	two	cases:	(a)	There	is	no	friction	at	the	pivot.	(b)	There	is	a	constant	frictional	torque	Tf	at	the	pivot.		Q	Acknowledgments	Special	thanks	to	Dr.	Suman	Chakraborty	(Indian	Institute	of	Technology	Kharagpur),	Dr.	Nahui	Kim	(University	of	California,	Irvine),	and	Marleen
Madou.	Questions	Questions	by	Omid	Rohani,	UC	Irvine	6.1:	We	partially	fill	an	open	vessel	with	a	liquid	and	rotate	it	at	a	constant	angular	velocity	ω	about	a	vertical	axis.	After	some	time	the	liquid	also	rotates	at	the	same	angular	velocity	as	the	vessel	and	the	surface	of	the	liquid	develops	into	a	steady	shape.	What	is	the	equation	that	describes	the
free	surface	of	the	liquid?	6.2:	Consider	the	flow	of	blood	through	a	micro	or	nano	channel.	List	4	assumptions	that	introduce	potential	errors	when	modelling	blood	flows	through	such	a	micro	channel	using	the	Navier-Stokes	equations.	6.3:	What	conclusions	can	one	draw	regarding	liquid	flows	in	micro	and	nano	channels	based	on	the	currently
available	data	in	the	literature?	What	do	you	know	about	turbulence	in	the	macro	scale	and	in	the	micro	and	nano	r	r	Q	6.5:	Derive	an	equation	for	the	flow	rate	Q	as	a	dp	,	H	for	fully	developed	function	of	U,	b,	dx	Couette	shear	flow,	where	U	is	the	velocity	of	a	moving	plate	and	b	is	the	height	of	the	channel	between	this	moving	plate	and	a	fixed
bottom	plate.	We	will	assume	that	the	flow	is	in	the	x-direction	and	b	is	in	the	y-direction.	dp	The	viscosity	is	represented	by	η	and	is	the	dx	pressure	gradient	in	the	x-direction.	6.6:	What	are	the	advantages	of	microfluidics?	Give	an	example	application.	6.7:	Compare	the	breakdown	of	continuum	theory	for	gasses	and	liquids.	6.8:	What	techniques	can
be	implemented	for	mixing	two	reagents	in	the	microscale	(in	low	Reynolds	number	liquids)?	6.9:	Given	is	a	mixture	of	two	proteins	of	similar	molecular	mass.	Protein	A	comes	with	a	MW	=	12,400	and	a	pI	=	10.7	and	protein	B	has	a	MW	=	12,800	and	a	pI	=	7.5	(pI	is	the	isoelectric	point).	You	are	told	that	capillary	zone	electrophoresis,	CZE,	is	the
best	way	to	separate	these	two	proteins.	Fluidics	6.10:	6.11:	6.12:	6.13:	6.14:	6.15:	6.16:	6.17:	(a)	Do	you	agree	with	the	suggestion	of	using	CZE	or	would	you	employ	another	method?	Briefly	support	your	decision	and	your	choice	of	separation	method.	(b)	Explain	the	principle	behind	capillary	electrophoresis	and	draw	a	schematic	illustrating	its
operation.	(c)	What	will	be	the	elution	order	if	you	perform	the	separation	using	a	buffer	with	a	pH	of	5.0?	Why?	When	do	the	macroscopic	laws	of	gas	flow	begin	to	fail	and	when	does	the	no-slip	condition	cease	to	apply?	Explain	some	of	the	changes	in	the	behavior	of	a	liquid	when	the	channel	diameter	decreases	to	below	ten	molecular	diameters
(the	channel	diameter	of	the	order	of	a	few	nanometers).	What	is	electrophoresis?	Explain	why	DNA	strands	of	varying	size	cannot	be	separated	by	electrophoresis	in	a	free	solution.	Describe	how	electro-osmotic	phenomena	can	cause	a	pumping	effect	in	a	fused	silica	micro	capillary.	Using	the	Hagen-Poiseuille	law	for	flow	rate,	explain	why
conventional	pumping	is	not	useful	for	the	delivery	of	small	samples?	What	pumping	method	do	you	suggest	for	delivery	of	small	samples?	How	does	this	method	change	the	flow	profile?	In	a	centrifugal	fluidic	platform	(CD-fluidics),	what	constitutes	the	pumping	force,	and	how	are	valves	for	liquids	implemented?	A	simple	and	accurate	viscometer	can
be	made	from	a	length	of	capillary	tubing.	If	the	flow	rate	and	pressure	drop	are	measured,	and	the	tube	geometry	is	known,	the	viscosity	can	be	computed.	A	test	of	a	certain	liquid	in	a	capillary	viscometer	gave	the	following	data:	flow	rate:	880	mm3/s;	tube	diameter:	500	μm;	tube	length:	1	m;	pressure	drop:	1.0	MPa.	Determine	the	viscosity	of	the
liquid.	The	accepted	transition	Reynolds	number	for	flow	in	a	circular	pipe	is	Re	≈	2300.	For	flow	through	a	6	cm	diameter	pipe,	at	what	velocity	will	this	occur	at	20°C	for	(a)	airflow	and	(b)	water	flow?	511	6.18:	List	five	electrokinetic	effects	taken	advantage	of	in	the	MEMS	field	and	list	one	application	for	each	approach.	6.19:	Why	are	more
theoretical	plates	achievable	in	capillary	electrophoresis	than	in	the	following	separation	techniques?	(a)	Slab	electrophoresis	(b)	Liquid	chromatography	6.20:	Compare/contrast	how	separation	is	achieved	in	chromatography	and	electrophoresis.	6.21:	List	6	different	methods	to	propel	fluids	through	micro	channels.	6.22:	Why	is	there	a	lower	limit	to
the	size	of	an	uncharged	particle	one	can	move	with	dielectrophoresis	(~14	nm)	and	not	on	the	size	of	a	charged	particle	one	can	move	in	electrophoresis?	What	types	of	particles	(size	and	charge)	can	one	move	with	electro-osmosis?	6.23:	If	a	100	bp	long	DNA	is	to	be	sequenced	in	a	microfabricated	channel,	calculate	the	length	of	a	channel	needed
to	get	single	base	pair	separation.	What	voltage	(E	field)	would	you	pick	to	perform	the	separation	in	a	polyacrylamide	gel.	Make	the	necessary	assumptions!	The	width	and	height	of	the	channel	is	20	μm	×	20	μm.	Thanks	to	Dr.	Rashid	Bashir,	Purdue	University.	6.24:	Demonstrate	that	δ/δT	~	Pr1/2.	Further	Reading	Abraham,	S.,	E.	H.	Jeong,	T.
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Sensors	The	History	of	Electrochemistry	(calendar	from	).	Questions	References	(a)	(b)	(a)	Shrimp	vomiting	a	bioluminescent	substance	toward	a	predator.	(b)	Firefly	exhibiting	bioluminescence.	Introduction	In	all	electrochemical	and	many	optical	sensors,	molecules	interact	with	a	solid	surface	and	generate	an	analytical	signal	that	can	be	used	to
identify	and	sometimes	quantify	an	unknown	analyte.	This	chapter	begins	with	a	detailed	study	of	the	nature	of	the	attractive	and	repulsive	forces	517	518	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	at	an	interface	between	a	liquid	and	a	solid	(mostly	in	the	form	of	small	particles	and	bulk	electrodes).	Forces
at	the	liquid/solid	interface	are	the	same	as	those	that	control	the	interaction	between	liquid	molecules	but	are	modulated	by	the	presence	of	the	solid.	Intermolecular	nonbonding	forces	between	molecules,	ions,	or	molecules	and	ions	are	much	weaker	than	intramolecular	bonding	forces,	such	as	covalent	bonds	within	a	molecule.	Nevertheless,
intermolecular	forces	sum	to	an	impressive	total	binding	energy,	often	several	hundreds	of	kilojoules	per	mole,	when	many	are	present	within	a	macromolecule	or	in	a	solid.	The	intermolecular	forces	we	will	study	include	the	classical	(coulomb)	electrostatic	forces,	van	der	Waals	interactions,	and	the	quantum	mechanical	Casimir	force.	These	forces,
when	exerted	between	individual	molecules,	extend	typically	over	a	few	nanometers	only,	but	when	molecules	come	together	into	condensed	phases,	the	force	range	at	the	surface	is	extended	to	several	tens	of	nanometers.	Intermolecular	forces	explain	the	electrical	double	layer	(EDL)	at	the	interface	of	liquid/solid	surfaces,	surface	tension,	viscosity,
vapor	pressure,	boiling	points,	and	many	other	important	phenomena,	including	DNA	hybridization	and	self-assembly.	Hydrophilic	and	hydrophobic	interactions,	also	based	on	intermolecular	forces,	are	treated	in	Chapter	6	on	fluidics.	Electrochemistry	is	the	study	of	reactions	taking	place	at	the	interface	of	a	solid	conductor	and	an	electrolyte.	Using
sensor	examples,	we	introduce	some	of	the	most	important	concepts	in	electrochemistry,	i.e.,	the	EDL,	potentiometry,	voltammetry,	two-	and	three-electrode	systems,	Marcus	theory	of	electron	transfer,	reaction	rate-	and	diffusion	ratecontrolled	electrochemical	reactions,	and	ultramicroelectrodes	(UMEs).	We	also	learn	how	different	materials,	such
as	metals,	semiconductors,	solid	electrolytes,	and	mixed	conductors,	exposed	to	a	solution	offer	the	possibility	for	building	different	types	of	electrochemical	sensors.	Besides	insights	in	electrochemical	sensor	construction,	this	section	prepares	the	reader	for	an	appreciation	of	the	role	of	electrochemistry	in	the	manufacture	of	microelectromechanical
systems	(MEMS)	and	nanoelectromechanical	systems	(NEMS),	i.e.,	in	electrochemical	machining	as	covered	in	Volume	II,	Chapter	4	(electrochemical	etching,	a	subtractive	technique)	and	Volume	II,	Chapter	8	(electrochemical	deposition,	a	forming	technique).	We	conclude	the	electrochemistry	section	with	more	electrochemical	sensor	examples,
including	ion-sensitive	field-effect	transistors	(ISFETs),	potentiometric	and	amperometric	immunosensors,	and	glucose	sensors.	Many	researchers	use	MEMS	and	NEMS	to	miniaturize	optical	components	or	whole	instruments	for	absorption,	luminescence,	or	phosphorescence	measurements.	The	latter	techniques,	like	the	electrochemical	methods
reviewed,	constitute	a	branch	of	analytical	chemistry,	a	branch	that	is	concerned	with	the	production,	measurement,	and	interpretation	of	electromagnetic	data	arising	from	either	emission	or	absorption	of	radiant	energy	by	matter.	We	compare	the	sensitivity	of	the	various	optical	sensing	techniques	and	analyze	how	amenable	they	are	to
miniaturization	(scaling	laws).	We	end	this	chapter	by	comparing	the	merits	and	problems	associated	with	electrochemical	and	optical	measuring	techniques.	Intermolecular	Forces	Introduction	For	the	nonchemist,	a	few	simple	chemistry	concepts	are	recalled	here.	A	covalent	bond,	holding	a	molecule	together,	is	a	bonding	or	intramolecular	force,
whereas	the	attraction	between	molecules	is	a	nonbonding	or	intermolecular	force.	Ionic	chemical	bonding	results	from	the	maximization	of	the	electrostatic	forces	between	large	numbers	of	cations	and	anions	in	ionic	solids.	Intermolecular	forces	between	molecules,	between	ions	in	solution,	or	between	molecules	and	ions	are	much	weaker	than
intramolecular	forces	(e.g.,	leading	to	a	binding	energy	of	only	16	kJ/mol	vs.	431	kJ/mol	for	HCl)	(see	Figure	7.1).	Covalent	bonds	(300–400	kJ/mol)	determine	molecular	architecture,	whereas	noncovalent	bonds,	typically	10–100	times	weaker,	determine	molecular	conformations.	Being	individually	weak,	noncovalent	interactions	nevertheless	sum	to
an	impressive	total,	often	several	hundreds	of	kilojoules	per	mole,	when	many	are	present	within	a	given	Electrochemical	and	Optical	Analytical	Techniques	Covalent	bond	(strong)	Intermolecular	attraction	(weak)	FIGURE	7.1	In	a	HCl	molecule,	there	is	a	bonding	or	intramolecular	bond	that	is	covalent	and	strong	and	a	nonbonding	or	intermolecular
hydrogen	bond	that	is	weak.	macromolecule,	between	macromolecules	in	a	solution,	or	between	the	building	blocks	making	up	a	solid.	The	intermolecular	energy	term	(used	in	the	analytical	calculations	involving	energy)	usually	includes	the	classical	(coulomb)	electrostatic	and	van	der	Waals	interactions.	The	nonbonding	forces	we	will	analyze	below
are:	◾	Charge-charge	interactions	(Coulomb’s	law	in	a	dielectric	medium)	◾	Permanent	and	induced	dipole	interactions	(van	der	Waals	interactions):	t	Charge-dipole	interactions	t	Dipole-dipole	interactions	t	Charge-induced	dipole	interactions	t	Dipole-induced	dipole	interactions	t	Dispersion	(induced	dipole-induced	dipole)	interactions	◾	Hydrogen
bonds:	donor	group-acceptor	group	interactions	(a	very	important	case	of	dipoledipole	interactions)	◾	Casimir	force:	a	quantum	mechanical	effect	(a	special	type	of	van	der	Waals	interaction,	i.e.,	the	retarded	van	der	Waals	force	also	known	as	the	Casimir-Polder	force)	Hydrophilic	versus	hydrophobic	interactions,	a	very	important	group	of	van	der
Waals	interactions,	were	treated	in	Chapter	6	on	fluidics.	In	Table	7.1	we	compare	bonding	and	nonbonding	forces.	Properties	controlled	by	intermolecular	forces	include	vapor	pressure,	boiling	point,	molecular	crystals,	protein	folding,	colloidal	stability,	rheological	behavior,	self-assembly,	surface	tension,	viscosity,	519	and	so	on.	To	understand	how
important	intermolecular	forces	are,	the	two	following	quotes	help:	The	very	existence	of	condensed	phases	of	matter	is	conclusive	evidence	of	attractive	forces	between	molecules,	for	in	the	absence	of	attractive	forces,	the	molecules	in	a	glass	of	water	would	have	no	reason	to	stay	confined	to	the	glass…	Anthony	J.	Stone	The	Theory	of
Intermolecular	Forces	(1996)	The	most	important	forces	dictating	the	properties	of	biomolecules	are	the	non-bonded	[intermolecular]	interactions…	Alexander	D.	MacKerell,	Jr.	Journal	of	Computational	Chemistry	(2004)	In	other	words,	in	the	absence	of	ionic	bonding	and	interatomic	or	intermolecular	forces,	all	matter	would	exist	in	the	gas	form,
even	at	0	K.	Thus,	intermolecular	forces	play	a	crucial	role	in	many	of	the	properties	of	liquids,	gases,	and	solids.	When	a	substance	melts	or	boils,	the	intermolecular	forces	are	broken	(not	the	covalent	bonds),	and	when	a	substance	condenses,	intermolecular	forces	are	formed.	Intermolecular	forces	at	a	solid/liquid	interface	are	the	same	forces	that
control	the	interaction	between	the	constituent	molecules	of	the	solution	modulated	by	the	presence	of	foreign	molecules	at	the	solid/liquid	interface.	In	this	section,	we	establish	the	operational	range	of	these	forces	and	find	that	forces	between	individual	molecules	typically	only	extend	over	a	few	nanometers.	However,	when	molecules	come
together	into	condensed	phases,	the	force	range	at	the	surface	is	extended	to	several	tens	of	nanometers.	A	couple	of	examples	of	intermolecular	forces	at	work	follow.	When	intermolecular	forces	are	weak,	little	energy	is	required	to	overcome	them.	Consequently,	boiling	points	are	low	for	such	compounds.	The	vapor	pressure	of	a	liquid	depends	on
intermolecular	forces	such	that,	when	the	intermolecular	forces	in	a	liquid	are	strong,	the	vapor	pressure	is	low.	The	boiling	point	is	related	to	vapor	pressure	and	is	lowest	for	liquids	with	the	weakest	intermolecular	forces.	Surface	tension	increases	with	increasing	intermolecular	forces,	and	because	surface	tension	520	Solid-State	Physics,	Fluidics,
and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	7.1	Comparison	of	Bonding	(Intramolecular),	Ionic,	and	Nonbonding	(Intermolecular)	Interactions	Force	Model	Basis	of	Attraction	Energy	(KJ/mol)	Example	Bonding	Ionic	Cation–anion	400–4000	NaCI	Covalent	Nuclei-shared	e–	pair	150–1100	H—H	Metallic	Cations–delocalized	electrons
75–1000	Fe	Ion-dipole	Ion	charge–dipole	charge	40–600	H-bond	Polar	bond	to	H–dipole	charge	(high	EN	of	N,O,F)	10–40	Diploe-bond	Dipole	charges	5–25	Ion-induced	dipole	Ion	charge-polarizable	e–	cloud	3–15	Dipole-induced	dipole	Dipole	charge-polarizable	e–	cloud	2–10	Dipersion	(London)	Polarizable	e–	cloud	0.05–40	Nonbonding	(intermolecular)
is	the	energy	needed	to	reduce	the	surface	area	of	a	liquid,	it	is	necessary	to	pull	molecules	apart	against	the	intermolecular	forces	of	attraction	(cohesion)	to	increase	surface	area.	Viscosity	increases	with	increasing	intermolecular	forces	because	increasing	these	forces	increases	the	resistance	to	flow.	Other	factors,	such	as	the	possibility	of
molecules	tangling	together,	can	also	affect	the	viscosity.	Liquids	with	long	molecules	that	tangle	together	are	expected	to	have	higher	viscosities.	Intermolecular	forces	explain	all	the	data	of	the	liquids	listed	in	Table	7.2,	and	we	will	learn	in	the	pages	that	follow	and	elsewhere	in	the	book	that	they	explain	many	other	important	phenomena,	from
DNA	hybridization	to	self-assembly.	Many	observed	phenomena	in	nature	have	their	basis	in	intermolecular	forces!	For	example,	in	Volume	III,	Chapter	7	on	scaling	laws,	we	will	learn	that	the	gecko’s	ability	to	walk	on	ceilings	is	due	to	van	der	Waals	attractive	forces	between	the	spatulae	(1	billion	of	them)	on	the	gecko’s	feet	and	the	wall.	This
example	shows	how	shortrange	forces	can	have	long-range	(macroscopic)	effects.	Intermolecular	forces	exert	their	influence	especially	in	the	micro-	and	nanoworld.	In	the	nanoworld,	gravitational	forces	are	negligible,	and	forces	such	as	van	der	Waals	and	the	quantum	mechanical	Casimir	force	take	over.	At	distances	less	than	a	micrometer,	the
Casimir	force	(a	special	type	of	van	der	Waals	force)	becomes	the	dominant	force	between	two	neutral	objects	in	a	vacuum.	In	Volume	III,	Chapter	8	on	actuators,	we	calculate	that	two	plates	with	an	area	of	1	cm	2	separated	by	a	distance	of	1	μm	have	an	attractive	Casimir	force	of	about	10	−7	N.	At	separations	of	10	nm,	the	Casimir	effect	produces
the	equivalent	of	1	atm.	Obviously,	Electrochemical	and	Optical	Analytical	Techniques	521	TABLE	7.2	Properties	of	Some	Liquids	at	20°C	Substance	Water,	H2O	Carbon	dioxide,	CO2	Pentane,	C5H12	Glycerol,	C3H8O3	Chloroform,	CHCl3	Carbon	tetrachloride,	CCl4	Bromoform,	CHBr3	Molecular	Weight	(amu)	Vapor	Pressure	(mmHg)	Surface	Tension
(J/m2)	Viscosity	(kg/m	·	s)	18	44	72	92	119	154	253	1.8	×	101	4.3	×	104	4.4	×	102	1.6	×	10−4	1.7	×	102	8.7	×	101	3.9	×	100	7.3	×	10−2	1.2	×	10−3	1.6	×	10−2	6.3	×	10−2	2.7	×	10−2	2.7	×	10−2	4.2	×	10−2	1.0	×	10−3	7.1	×	10−5	2.4	×	10−4	1.5	×	100	5.8	×	10−4	9.7	×	10−4	2.0	×	10−3	Intermolecular	forces	explain	the	data	of	the	liquids	in	this
table.	this	is	a	force	to	reckon	with	in	MEMS	and	NEMS	devices.	Interparticle	Interaction	Energy	(U)	and	Interaction	Forces	(F)	The	interaction	energy	between	two	particles	(atoms	or	molecules)	is	defined	as	the	pair	potential	(energy),	U(r),	which	depends	on	the	intermolecular	separation,	r.	The	force,	F(r),	between	the	two	particles	is	obtained	as
the	negative	of	the	gradient	of	the	pair	potential:	F(r	)		dU(r	)	dr	(7.1)	At	very	large	separations	(as	r	→	∞),	the	interparticle	interaction	is	negligible	(U	→	0,	F	→	0).	At	shorter	separations,	the	particles	attract	(F	<	0,	particles	are	pulled	together).	A	dimer	is	more	stable	than	the	two	isolated	particles,	hence	U(r)	<	0.	At	very	short	separations	(r	→	0),
the	particles	repel	each	other	(F	>	0,	particles	are	pushed	apart).	At	r	=	re,	U(r)	is	at	its	minimum	(Umin),	and	the	interparticle	force,	F	=	0.	This	is	summarized	in	Figure	7.2.	The	diagram	in	Figure	7.2	shows	the	total	potential	energy	between	two	particles.	A	power	law	with	r	raised	to	the	exponent	–n	generally	models	the	intermolecular	potential
energy	function:	For	the	case	of	attractive	interactions,	U(r)	<	0,	whereas	for	repulsive	interactions,	U(r)	>	0.	To	understand	the	exact	shape	of	the	curve	in	Figure	7.2,	we	must	introduce	the	exact	equations	for	repulsive	and	attractive	potentials	first.	The	most	important	repulsive	term	corresponds	to	the	limit	of	compressibility	of	matter.	At	short
internuclear	separations,	there	are	both	electrostatic	repulsions	between	the	atomic	nuclei	and	between	the	electrons	(both	valence	and	core)	on	neighboring	atoms.	The	latter	is	based	on	the	Pauli	exclusion	principle.	The	Pauli	exclusion	principle	is	quantum	mechanical	in	origin	and	only	allows	for	two	electrons	with	opposite	spin	per	energy	level.
The	importance	of	the	Pauli	principle	was	exemplified	in	Chapter	3,	where	we	saw	that	without	the	Pauli	principle	all	material	would	collapse!	The	total	short-range	repulsive	interaction	is	generally	modeled	by	steep	1/r12	dependence	on	interatomic	distance	(Figure	7.2,	left	U>0	(unstable)	U	re	U(r	)		Cr	n		C	rn	(7.2)	where	C	is	a	constant.	The
general	expression	for	F(r)	is	then:	F(r	)		nC	r	n1	(7.3)	F>0	(repulsive	force)	F	σ,	intermolecular	forces	become	inefficiently	weak	and	do	not	contribute	to	UTotal;	however,	with	n	<	3,	the	size	of	the	system	L	becomes	important.	The	latter	is	the	case,	for	example,	for	gravity	(distant	planets	and	stars)	and	Coulomb	interactions	where	n	=	1,	i.e.,	both
are	very	long-ranged	forces	that	fall	off	very	slowly.	For	n	≥	3,	the	intermolecular	potential	becomes	important	and	is	the	reason	why	bulk	properties	of	a	material	are	sizeindependent	(water	boils	at	the	same	temperature	in	a	cup	as	it	does	in	a	bucket)	unless	we	go	to	submicrometer	size	distances,	where	properties	of	material	change	as
intermolecular	forces	start	taking	over.	The	Pauli-based	repulsive	interaction,	for	example,	is	very	short	ranged	(n	=	12).	Coulomb	Interactions	r	FIGURE	7.3	Coulomb	interaction	between	two	point	charges	or	monopoles.	Q1Q	2	).	In	Equation	4PE	0	E	7.5,	Q1	=	z1e,	where	e	is	the	magnitude	of	the	electron	charge	(1.602	×	10−19	C)	and	z1	is	an
integer	value.	In	the	denominator,	ε0	is	the	permittivity	of	free	space	(8.854	×	10−12	J−1	C2	m−1),	and	ε	is	the	relative	permittivity	of	the	medium	between	the	ions	(ε	=	1	in	a	vacuum	or	ε	>	1	in	a	gas	or	liquid).	In	the	case	of	repelling	like	charges	U(r)	is	positive,	and	in	the	case	of	attracting	opposite	charges	U(r)	is	negative.	This	Coulomb
interaction	potential	is	additive	when	charges	are	grouped	in	crystals.	With	ions	in	solution,	the	Coulomb	interaction	is	modulated	by	the	dielectric	constant	of	the	medium.	Highly	polar	solvents	have	high	dielectric	constants.	Water,	for	example,	has	a	dielectric	constant	ε	=	78	(at	interfaces	this	number	is	much	lower	as	movement	of	the	water
dipoles	is	more	restricted).	This	leads	to	a	large	reduction	in	the	Coulombic	potential	between	ions	in	polar	solvents	and	can	lead	to	the	solvation	or	hydration	of	a	salt	in	a	solution	(Figure	7.4).	The	hydration	of	cations	and	anions	is	responsible	for	the	high	solubility	of	many	ionic	compounds	in	water.	When	molecules	are	in	close	contact,	U(r)	is
typically	∼10−18	J,	corresponding	to	about	200–300	kT	(where	k	is	the	Boltzmann	constant	and	T	the	temperature	in	Kelvin)	at	room	temperature.	To	contrast	(Equation	7.2	with	n	=	1	and	C	=	Na+	The	Coulomb	electrostatic	interaction	potential	between	two	charges	(Figure	7.3)	is	represented	by	the	following	equation:	Q1Q	2	4	PE	0	E	r	Q1	H2O
Types	of	Interparticle	Interaction	Forces	U(r	)		Q2	Cl–	Hydrated	Na+	ion	Hydrated	Cl–	ion	(7.5)	FIGURE	7.4	Solvation	power	of	water.	NaCl	dissolution.	Electrochemical	and	Optical	Analytical	Techniques	m2	523	m1	r	FIGURE	7.5	Gravitational	interaction	between	two	molecules.	this	Coulomb	interaction	with	the	gravity	interaction	of	molecules
(Figure	7.5),	consider	that	the	gravitational	interaction	energy	is	given	by:	U(r)		gm1m	2	r	(7.6)	This	is	equivalent	to	Equation	7.2	with	n	=	1	and	C	=	gm1m2.	In	this	expression	the	gravitational	constant	g	=	6.67	×	10−11	Nm2kg−1,	and	for	molecules	in	contact	this	leads	to	a	negligible	gravitational	interaction	energy	U(r)	of	about	10−52	J	compared



with	10−18	J	for	the	Coulomb	interaction	energy.	The	Coulomb	interaction	is	an	electrostatic	interaction,	i.e.,	such	an	interaction	may	occur	between	charged	atomic	or	molecular	species	(ions	=	monopoles)	or	between	asymmetric	charge	distributions	in	neutral	molecules	(e.g.,	dipoles,	quadrupoles,	etc.).	A	dipole	is	an	asymmetric	charge	distribution
in	a	molecule,	where	there	is	no	net	charge;	however,	one	end	of	the	molecule	is	negative	(partial	charge	=	−q)	relative	to	the	other	(partial	charge	=	+q).	Molecules	may	possess	higher-order	electric	multipoles,	arising	from	their	nonspherical	charge	distributions	(Figure	7.6).	Each	type	of	multipole	has	an	associated	multipole	moment:	the	monopole
moment	is	the	charge	of	the	atom/	molecule;	the	dipole	moment	is	a	vector	whose	magnitude	is	the	product	of	the	charge	(q)	and	distance	(λ)	between	the	charge	centers	(μ	=	qλ).	Higherorder	multipole	moments	have	tensor	properties.	A	polar	molecule	is	one	that	possesses	a	permanent	dipole	moment:	there	is	an	asymmetric	charge	distribution,
with	one	end	of	the	molecule	relatively	negative	(−q)	with	respect	to	the	other	(+q).	The	interaction	energy	between	a	stationary	point	charge	Q2	and	a	permanent	fixed	dipole	μ1	separated	by	a	distance	r	is	given	as	(Figure	7.7):	U(r	)		Q	2M1	cos	Q	4	PE	0	E	r	2	FIGURE	7.6	Electric	quadrupole.	Four	charges,	two	positive	and	two	negative.	The	arrows
depict	the	electric	fields,	and	the	lines	are	the	equipotential	surfaces.	with	Q2	=	z2e	in	units	of	C	and	μ1	(q1λ)	in	units	of	Cm	[often	expressed	in	Debye	(D),	where	D	=	3.336	10−30	Cm].	The	interaction	energy	now	depends	on	the	orientation	of	the	dipole	relative	to	the	charge	(θ)	and	the	sign	of	the	charge.	In	the	case	of	a	permanent	dipole	that	can
freely	rotate,	one	obtains	a	new	expression:	U(r	)		Q	22M12	(7.8)	6(4	PE	0	E)2	kTr	4	with	k	being	the	Boltzmann	constant.	Notice	that	temperature	dependence	now	appears	in	the	denominator.	One	example	of	this	type	of	interaction	is	the	condensation	of	water	(μ	=	1.65	D)	caused	by	the	presence	of	ions	in	water.	During	a	thunderstorm,	ions	are
created	that	nucleate	raindrops	in	thunderclouds	(ionic	nucleation).	When	an	electric	charge	(i.e.,	an	ion	=	electric	monopole)	or	asymmetric	charge	distribution	(e.g.,	Na+	Ion-dipole	interaction	–	+	I–	+	(7.7)	FIGURE	7.7	Ion-dipole	interaction.	–	524	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	dipole,
quadrupole,	etc.)	gives	rise	to	an	electric	field	(E)	that	causes	the	polarization	of	neighboring	nonpolar	atoms	or	molecules,	an	induced	dipole	is	created.	The	magnitude	of	the	induced	dipole	is:	M		AE	(7.9)	where	α	is	the	polarizability	of	the	neutral	atom	or	molecule.	Polarizability	is	the	ease	with	which	the	electron	distribution	in	the	atom	or	molecule
can	be	distorted.	Polarizability	increases	as	the	number	of	electrons	increases	and	as	the	electron	cloud	becomes	more	diffuse	(larger	molecules).	An	ioninduced	dipole	interaction	energy	is	given	as:	U(r	)		Q12A	2	2(4	PE	0	E)2	r	4	(7.10)	Van	der	Waals	Forces	To	explain	deviations	from	ideal	gas	behavior	(equation	of	state	by	Boyle	and	Gay-Lussac:	PV
=	RT),	van	der	Waals,	in	1873,	proposed	a	modification	to	the	equation	of	state	of	a	gas	as	follows:	a	´	¥	¦§	P	2	µ¶		V	b		RT	V	(7.11)	This	new	expression	accounted	for	the	fact	that	molecules	have	a	finite	volume	(b)	and	that	there	is	an	attractive	force	between	these	molecules	(a).	This	relation	correctly	predicts	gas	behavior	over	a	wider	pressure
range.	The	attractive	intermolecular	forces	between	gas	molecules	are	now	known	as	van	der	Waals	forces.	The	three	types	of	interactions	that	constitute	van	der	Waals	forces	are	summarized	in	Table	7.3.	The	exponent	n	=	6	indicates	that	these	types	of	van	der	Waals	forces	are	short	range.	The	attractive	interactions	between	dipoles,	quadrupoles,
and	between	permanent	multipoles	are	sometimes	named	after	Keesom.	Another	source	of	attraction	is	induction	(i.e.,	polarization),	which	is	the	interaction	between	a	permanent	dipole	or	multipole	on	one	molecule	with	an	induced	dipole	or	multipole.	This	interaction	is	named	after	Debye.	The	third	type	of	attraction,	London	forces,	is	named	after
the	German-American	physicist	Fritz	London,	who	himself	called	it	dispersion	forces.	This	is	the	only	attraction	experienced	by	noble	gas	atoms,	but	it	is	operative	between	any	pair	of	molecules,	regardless	of	their	symmetry.	London	dispersion	forces	are	weak	intermolecular	forces	that	arise	from	the	attractive	forces	between	transient	dipoles	(or
multipoles)	in	molecules	without	permanent	dipole	(or	multipole)	moments.	We	will	see	that	the	London	component	is	often	the	most	dominant	interaction	from	the	three	interactive	forces.	Dipole-Dipole	Interactions—Keesom	The	expression	for	the	interaction	energy	of	two	fixed	dipoles,	μ1	and	μ2,	that	are	not	coplanar	(i.e.,	there	is	an	angle	ϕ
between	them)	is	calculated	as:	M12M	22	f	(Q1	,	Q2	,	F)	U(r	)		4	PE	0	Er	3	where	r	is	the	distance	between	the	centers	of	mass	of	the	two	molecules.	The	expression	for	two	freely	rotating	dipoles,	the	so-called	Keesom	equation,	is	given	as:	U(r	)		M12M	22	3(4	PE	0	E)2	kTr	6	TABLE	7.3	Types	of	van	der	Waals	Forces	Interaction	Component	(7.12)
Origin	of	Interactions	Equation	M12M	22	3(	4	PE	0	E)2kTr	6	Keesom	Dipole-dipole	Debye	(induction)	Dipole-induced	dipole	U(r	)		London	(dispersion)	Induced	dipole-induced	dipole	U(r	)		U(r	)		M12A	2	(	4	PE	0	E)2r	6	3A	2hN	4(	4	PE	0	E	)2r	6	(7.13)	Electrochemical	and	Optical	Analytical	Techniques	Here	a	temperature	dependence	of	the	interaction
energy	appears.	Dipole-dipole	interactions	are	generally	weak.	These	dipole-dipole	interactions	become	significant	when	two	interacting	dipoles	approach	each	other	closely,	e.g.,	in	O	δ−	—Hδ+,	Nδ−	—Hδ+,	Fδ−	—Hδ+,	etc.	Such	strong	dipole-dipole	interactions	are	the	underlying	reason	for	the	wellknown	hydrogen	bonds	(see	below).	The
electrostatic	interaction	between	higher-order	multipoles	can	be	treated	in	an	analogous	fashion	to	that	described	here	for	dipole-dipole	interactions.	The	distance	dependence	of	the	interaction	energy	between	an	n-pole	and	an	m-pole	(assuming	no	molecular	rotation)	is	given	as:	U(r)	t	p	1	r	Dipole-Induced	Dipole	Interactions—Debye	An	induced
dipole	interacts	in	an	attractive	fashion	with	a	fixed,	permanent	dipole	(μ1).	The	inductive	interaction	energy	between	the	fixed	permanent	dipole	(μ1)	associated	with	molecule	1	and	the	induced	dipole	on	molecule	2	(which	has	no	fixed	dipole	but	has	certain	polarizability	α2	and	is	a	distance	r	away	from	molecule	1)	is	given	by:		M12A	2	1	3	cos	2	Q	2
6	2(4	P	E	0	E)	r	(7.15)	TABLE	7.4	Interaction	Energies	between	an	n-Pole	and	an	m-Pole	Interaction	Energies	for…	Monopole-monopole	(coulomb)	Monopole-dipole	Dipole-dipole	Dipole-quadrupole	Quadrupole-quadrupole	In	the	case	where	the	permanent	dipole	is	free	to	rotate,	the	so-called	Debye	interaction	energy	results:	U(r	)		M12A	2	(4	PE	0
E)2r	6	(7.16)	As	the	direction	of	the	induced	dipole	follows	that	of	the	permanent	dipole,	the	effect	survives	even	if	the	permanent	dipole	is	subjected	to	thermal	reorientations.	Debye	interactions	are	thus	independent	of	temperature.	Dipoles	(and	higher	multipoles)	may	also	be	induced	by	neighboring	molecules	featuring	permanent	charges
(monopoles)	or	by	highorder	multipoles.	Similar	expressions	can	be	derived	for	the	interactions	between	these	permanent	and	induced	multipoles.	(7.14)	(	n	m	1)	where	n	and	m	are	the	orders	of	the	multipoles:	n,	m	=	1	(monopole),	2	(dipole),	3	(quadrupole),	4	(octopole),	etc.	(Table	7.4).	It	is	noted	that	the	higher	the	order	of	the	multipole,	the
shorter	ranged	the	interaction	is,	i.e.,	the	more	rapidly	it	falls	off	with	distance.	U(r	)		525	U(r)	∝	r−1	U(r)	∝	r−2	U(r)	∝	r−3	U(r)	∝	r−4	U(r)	∝	r−5	Induced	Dipole-Induced	Dipole—Dispersive	or	London	Forces	The	intermolecular	forces	between	nonpolar	molecules	and	closed	shell	atoms	(e.g.,	rare	gas	atoms	such	as	He,	Ne,	and	Ar)	are	the	“London”
or	dispersion	forces,	attractive	forces	that	arise	as	a	result	of	temporary	dipoles,	which	are	induced	in	atoms	or	molecules	(Figure	7.8).	Keesom	and	Debye	interactions	require	the	presence	of	at	least	one	permanent	dipole,	but	London	interactions	do	not.	Hence,	London	interactions	exist	between	all	molecules.	It	is	also	generally	the	dominant
contribution	to	van	der	Waals	forces.	The	London	interaction	component	was	known	for	a	long	time,	but	the	theory	only	evolved	after	the	development	of	quantum	mechanics.	Nonpolar	molecules	exhibit	London	forces	because	electron	density	moves	about	a	molecule	probabilistically.	There	is	a	high	chance	that	the	electron	density	will	not	be	evenly
distributed	throughout	a	nonpolar	molecule.	When	an	uneven	distribution	occurs,	a	temporary	multipole	is	created,	which	may	interact	with	other	nearby	multipoles.	London	forces	are	also	present	in	polar	molecules,	but	they	are	usually	only	a	small	part	of	the	total	interaction	force.	This	phenomenon	is	the	only	attractive	intermolecular	force
between	neutral	atoms	(e.g.,	helium)	and	is	the	major	attractive	force	between	nonpolar	molecules	(e.g.,	nitrogen	or	methane).	Without	London	forces,	there	would	be	no	attractive	force	between	noble	gas	atoms,	and	they	could	not	then	be	obtained	in	a	liquid	form.	526	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology																							FIGURE	7.8	Induced	dipole-induced	dipole	interaction.	Dispersion	or	“London”	forces	in	helium	atoms	(a)	before	the	dipole	and	(b)	with	the	dipole.	A	general	expansion	for	the	attractive	energy	resulting	from	these	dispersion	forces	can	be	written	as:	«C	C	C	C	º	U(r	)		¬	66	88	1010	!	nn	»	r	r	r	¼	r	(7.17)	where	the	Cn
terms	are	constants	and	r	is	the	interatomic	distance.	The	first	term	represents	the	instantaneous	dipole-dipole	interaction	and	is	the	dominant	variable;	therefore,	the	higher	terms	(which	contribute	less	than	10%	of	the	total	dispersion	energy)	are	often	omitted	when	calculating	dispersion	energies.	A	reasonable	approximation	to	the	dispersion
energy	is	found	in	the	London	formula	(derived	by	London	in	1930,	based	on	a	model	by	Drude),	in	which	the	dispersion	energy	between	two	identical	atoms/molecules	is	given	as:	U(r	)		C6	r6		3A	2	hN	4(4	PE	0	E)2r	6	(7.18)	where	α	is	the	polarizability	and	hν	is	the	ionization	energy	of	the	atom/molecule.	The	polarizability	α	is	squared	in	Equation
7.18	because	the	magnitude	of	the	instantaneous	dipole	depends	on	the	polarizability	of	the	first	atom/molecule.	The	strength	of	the	induced	dipole	(in	the	second	atom/molecule)	also	depends	on	α.	When	molecules	are	in	close	contact,	U(r)	is	typically	∼10−21–10−20	J/mol,	corresponding	to	about	0.2–2	kT	at	room	temperature,	which	is	a	comparable
magnitude	to	the	thermal	energy.	London	forces	become	stronger	as	the	atom	(or	molecule)	in	question	becomes	larger.	This	is	because	of	the	increased	polarizability	of	molecules	with	larger,	more	dispersed	electron	clouds.	London	forces	provide	molecular	level	reasoning	that	at	room	temperature	small	molecules	such	as	Ar,	He,	and	CH4	are
gases,	whereas	larger	molecules,	like	hexane	and	decane,	are	liquids,	and	yet	even	larger	molecules	are	solids.	Interactions	involving	charged	species	(e.g.,	ions)	tend	to	be	stronger	than	polarpolar	interactions.	All	intermolecular	forces	are	anisotropic	(except	those	between	two	noble	gas	atoms),	which	means	that	they	depend	on	the	relative
orientation	of	the	molecules.	The	induction	and	dispersion	interactions	are	always	attractive,	but	the	electrostatic	interaction	changes	sign	on	rotation	of	the	molecules	(can	be	attractive	or	repulsive,	depending	on	the	mutual	orientation	of	the	multipoles).	When	molecules	are	in	thermal	motion,	as	they	are	in	the	gas	and	liquid	phase,	the	electrostatic
forces	are	diminished	to	a	large	extent	because	the	molecules	thermally	rotate	and	thus	probe	both	repulsive	and	attractive	parts	of	the	potential.	The	thermal	averaging	effect	is	much	less	pronounced	for	induction	and	dispersion	forces.	Further	below	we	will	see	that	the	London-van	der	Waals	forces	are	related	to	the	quantum	mechanical	Casimir
effect	introduced	in	Chapter	3	(Figure	3.69).	The	latter	is	sometimes	referred	to	as	the	retarded	van	der	Waals	force.	Example	of	Dipole-Dipole	Interaction:	Hydrogen	Bonding	Earlier	we	saw	that	weak	dipole-dipole	interactions	can	become	significant	when	two	interacting	dipoles	approach	each	other	closely,	e.g.,	in	Oδ−	—Hδ+,	Nδ−	—Hδ+,	Fδ−	—
Hδ+,	and	so	on.	Such	strong	dipole-dipole	interactions	are	the	underlying	reason	for	hydrogen	bonds.	Hydrogen	bonding	is	an	intermolecular	linkage	of	the	form	X—H—Y,	where	a	hydrogen	atom	is	bound	to	one	electronegative	atom	(e.g.,	X=N,	O,	F)	and	interacts	with	a	second	electronegative	atom	(Y)	that	has	an	available	pair	Electrochemical	and
Optical	Analytical	Techniques	of	free	electrons.	For	example,	X—H	is	the	hydrogen	bond	donor	(e.g.,	O—H,	peptide	N—H),	and	Y	is	the	hydrogen	bond	acceptor	(e.g.,	:O,	:N,	peptide	C=O).	The	donor	is,	in	this	case,	an	acid	(proton	donor),	whereas	the	acceptor	is	a	base	(proton	acceptor).	A	hydrogen	bond	is	stronger	than	most	other	nonbonded
interactions.	Typical	hydrogen	bond	strength	is	10–40	kJ	mol−1	(about	10%	of	a	covalent	bond).	A	rare	strong	H-bond	may	be	60	kJ	mol−1	when	the	donor	and	acceptor	are	very	close	for	significant	orbital	overlap.	Hydrogen	bonding	is	especially	strong	when	H	is	attached	to	F,	O,	or	N	because	these	three	elements	all	have	high	electronegativity	and
are	small	enough	to	get	close	to.	Most	biological	H-bonds	are	∼2.8	Å	(e.g.,	O—H…O	is	2.7	Å	and	O—H…N	is	2.9	Å).	Water	forms	hydrogen	bonds:	the	O—H	bonds	act	as	H-bond	donors,	and	the	O	lone	pairs	act	as	H-bond	acceptors	(Figure	7.9).	The	proton	in	the	water	molecule	is	unshielded	and	makes	an	electropositive	end	to	the	bond,	which
explains	the	partial	ionic	character	of	the	hydrogen	bond.	Most	of	the	unique	properties	of	water	are	the	result	of	this	hydrogen	bonding	and	its	polar	nature.	Water,	we	saw	above,	is	a	good	solvent	for	ionic	species	because	it	has	a	high	dielectric	constant.	Each	molecule	of	water	in	the	solid	state	(ice,	see	Figure	7.10)	is	engaged	in	4.0	hydrogen
bonds	(accepting	two	and	donating	two),	and	each	molecule	of	water	in	the	liquid	state	is	engaged	in	approximately	3.4				!		!				!												FIGURE	7.9	Hydrogen	bonding	in	water.	The	structure	of	a	water	molecule	(a)	makes	it	a	perfect	hydrogen	bond	donor	(b)	and	acceptor	(c).	527	FIGURE	7.10	In	ice,	water	molecules	form	an	H-bonded	network	that
fully	satisfies	the	H-bonding	potential	(4	per	H2O).	hydrogen	bonds	that	are	transitory	in	nature.	With	fewer	hydrogen	bonds,	the	oxygen	atoms	may	on	average	be	closer	to	each	other	(denser).	About	15%	of	H-bonds	break	when	ice	melts.	As	a	consequence,	water	is	denser	than	ice.	The	hydrogen	bond	endows	specificity	to	an	interaction	as	particular
atoms	are	required	as	donors	and	acceptors.	It	also	imposes	geometrical	constraints;	hydrogen	bonds,	like	covalent	bonds,	are	highly	directional.	The	X—H—Y	bond	is	optimally	a	straight	line	(see	Figure	7.9c),	where	the	donor	H	bond	tends	to	point	directly	at	the	acceptor	electron	pair.	The	major	component	(around	80%)	of	a	hydrogen	bond	is
electrostatic,	whereas	other	contributions	are	inductive	and	dispersion	forces.	It	is	the	latter	forces	that	impose	the	directionality	in	the	direction	of	the	acceptor	lone	pair.	Hydrogen	bonding	plays	a	very	important	role	in	biology,	being	responsible	for	the	structural	organization	of	proteins	and	other	biomolecules.	Actually,	the	existence	of	life	on
Earth	is	a	direct	consequence	of	the	hydrogen	bonding	present	in	water	and	the	wide	temperature	range	over	which	water	remains	liquid	(0–100°C).	Also,	the	tetrahedral	three-dimensional	(3D)	structure	of	ice	and	the	local	structure	of	liquid	water	is	a	consequence	of	hydrogen	bonding.	We	will	come	back	to	hydrogen	bonding	in	discussions	on
protein	folding,	DNA,	and	self-assembly	528	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	(Volume	III,	Chapters	2−4).	In	the	gas	phase,	the	optimal	H-bond	strength	between	water	molecules	is	∼23	kJ	mol−1.	The	H-bonding	in	condensed	phases	of	water	is	cooperative	(nonadditive),	and	the	strength	of	H-
bonding	increases	with	increasing	number	of	water	molecules,	as	this	increases	the	polarization	of	the	O—H	bonds.	This	is	observed	as	an	increase	in	the	average	dipole	moment	(μ)	per	water	molecule,	which	increases	from	1.85	D	(isolated	H2O)	to	2.4−2.6	D	(liquid	H2O	at	0°C).	In	Table	7.5,	we	summarize	what	we	have	learned	about	intermolecular
forces	thus	far.	We	describe	the	type	of	interaction,	give	a	model	and	an	example,	and	list	the	distance	dependence	of	the	energy.	to	combine	them	to	describe	the	exact	shape	of	the	curve	in	Figure	7.2	for	the	total	potential	energy	of	interaction	between	two	neutral	atoms	or	polar	molecules	as	a	function	of	the	distance	between	them.	In	combining
forces,	one	typically	groups	the	attractive	forces	between	polar	and	nonpolar	molecules	in	the	so-called	van	der	Waals	force.	This	refers	to	all	electrostatic	induction	and	dispersion	interactions	between	polar	and	nonpolar	molecules,	varying	as	r	−6.	From	Table	7.3,	van	der	Waals	forces	include	Keesom	(dipole-dipole),	Debye	(dipole-induced	dipole),
and	London	dispersive	interactions	(induced	dipole-induced	dipole).	These	short-range	forces	(n	=	6)	can	all	be	expressed	as:	U(r)		The	Lennard-Jones	Potential	Having	introduced	the	equations	for	repulsive	and	attractive	intermolecular	forces	we	are	now	ready	C	r6	(7.19)	The	most	important	component	of	the	van	der	Waals	force,	as	seen	earlier,	is
the	London	term.	TABLE	7.5	Intermolecular	Energy	Dependence	on	Distance	for	Various	Types	of	Interactions	Type	of	Interaction	Model	(a)	Charge-charge	Longestrange	force;	nondirectional	(b)	Charge-dipole	(fixed)	Depends	on	orientation	of	dipole	(c)	Dipole-dipole	Depends	on	mutual	orientation	of	dipole	(d)	Charge-induced	dipole	Depends	on
polarizability	of	molecule	in	which	dipole	is	induced	(e)	Dipole-induced	dipole	Depends	on	polarizability	of	molecule	in	which	dipole	is	induced	(f)	Dispersion-London	forces	Involves	mutual	synchronization	of	fluctuating	charges	(g)	Fermi	repulsion	Occurs	when	outer	electron	orbitals	overlap	(h)	Hydrogen	bond	Charge	attraction	+	partial	covalent
bond	+	q–	q+	q–	q+	+	q–	q+	q–	q+	q–	q+	−	NH3	–	q–	q+	1/r	O	+	+	Dependence	of	Energy	on	Distance	Example	O	C	H	+	–	NH3	q	O	q+	H	q–O	Hq+	q–	H	+	O	q	H	H	NH3	q–	q+	q–O	Hq+	q–	q+	H	q+	q–	q–	q+	q+	q–	1/r6	1/r6	1/r12	–	–	q–	1/r3	1/r4	+	q–	q–	q+	1/r2	Length	of	bond	fixed	N	H	O	C	Electrochemical	and	Optical	Analytical	Techniques
Regardless	of	other	interactions	found	within	a	complex	system	of	atoms	and	molecules,	there	will	almost	always	be	a	contribution	from	van	der	Waals	forces.	Taking	into	account	both	repulsive	and	attractive	interactions,	a	good	approximation	to	the	total	potential	energy	of	interaction	between	two	neutral	atoms	or	polar	molecules	is	given	by	the
Lennard-Jones	potential:	U(r)		B	C	r12	r	6	(7.20)	The	C/r6	term	is	the	attractive	van	der	Waals	term,	also	known	as	the	dispersive	term	(Equation	7.19).	The	term	B/r12	describes	the	hard-core	repulsion,	also	known	as	Fermi	repulsion,	and	stems	from	the	Pauli	exclusion	principle.	Atoms	are	treated	here	as	hard	spheres	with	diameter	σ	[in	the
extreme;	d	¥	S´	U(r)	=	¦	µ	].	This	leads	to	a	potential	expression	of	§r¶	the	following	form:	«®	¥	S	´	12	¥	S	´	6	º®	U(r	)		4	E	¬	¦	µ	¦	µ	»	§r¶	®	®	§	r	¶	¼	«®	¥	S12	´	¥	S	6	´	º®	dU		24	E	¬	2	¦	13	µ	¦	7	µ	»	dr	®	§	r	¶	§	r	¶	¼®	In	Equation	7.21,	ε	is	the	depth	of	the	energy	well	and	σ	is	the	separation	at	which	U(r)	=	0.	The	equilibrium	separation,	i.e.,	the
position	of	the	m	inimum	in	U(r),	occurs	at	re	=	21/6	×	σ	[U(r)	=	−ε].	The	van	der	Waals’	radii	(σ)	of	atoms,	which	is	the	size	of	an	atom	or	the	preferred	distance	atoms	will	pack	to	if	no	other	significant	interactions	occur,	may	be	calculated	from	this	equation.	The	increase	in	ε	when	going	from	lighter	to	heavier	rare	gases	reflects	the	increase	in	the
attractive	dispersion	forces	because	of	the	higher	polarizability	that	occurs	as	a	result	of	the	lower	effective	nuclear	charge	experienced	by	the	outer	electrons	in	the	heavier	rare	gas	atoms.	As	molecules	are	larger	and	(usually)	more	polarizable	than	rare	gas	atoms,	typical	binding	energies	caused	by	dispersion	forces	are	of	the	order	ε	≈	10	kJ	mol−1
per	intermolecular	interaction.	The	interactive	attraction	forces	are	the	derivative	of	the	van	der	Waals	term,	and	these	contributions	(polar	or	nonpolar)	all	decrease	as	1/r7.	In	all	cases,	substituting	numerical	values	in	Equation	7.22,	these	forces	do	not	exceed	a	range	of	a	few	nanometers.	(7.21)	Example	7.1:	as	illustrated	in	Figure	7.11.	The	force
between	the	two	molecules	is	derived	from	the	Lennard-Jones	potential	as:	F(r	)		529	The	magnitude	of	the	dispersion	energy	for	two	methane	molecules	separated	by	0.3	nm	is	approximately	−4.7	kJ	mol−1,	i.e.,	ε	≈	4.7	kJ	mol−1.	(7.22)	Calculating	Interaction	Forces	between	Surfaces	and	Particles	Introduction	U(r)	ULJ		+	r–12	0	σ	re	ULJ		–	r–6	Thus
far,	we	have	mainly	discussed	intermolecular	forces	at	work	between	various	types	of	molecules.	Now	we	turn	our	attention	to	the	detailed	nature	of	the	attractive	and	repulsive	forces	at	an	interface	between	a	liquid	and	a	solid.	Based	on	this	knowledge,	we	will	be	ready	to	introduce	the	electrode/	liquid	interface	and	the	electrochemical	principles
that	enable	electrochemical	sensors.	Van	der	Waals	Forces	on	Solid	Surfaces	-ε	r	FIGURE	7.11	The	Lennard-Jones	potential.	Van	der	Waals	forces	for	molecules,	we	saw,	vary	as	1/r7	(Equation	7.22),	with	r	being	the	distance	between	them.	In	1937,	Hamaker	calculated	the	530	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and
Nanotechnology	TABLE	7.6	Hamaker	Constants	H	for	Various	Materials	in	10−20	J	Material	6H-SiC	tetra-ZrO2	β-Si3N4	α-Al2O3	Y2O3	MgO	MgAl2O4	SiO2	Vacuum	Medium	Water	n-Dodecane	25	20	18	15	13	12	13	6.5	13	8.8	7.0	5.2	4.0	3.2	3.5	0.83	1	6.8	5.0	3.6	2.6	1.9	2.1	0.15	Example	7.2:	Considering	only	van	der	Waals	attraction,	what	is	the	force
and	energy	of	adhesion	between	two	particles	of	radius	1	μm	with	H	=	10−19	J?	(L0	=	3	Å).	The	force	of	adhesion	is	calculated	as:	F(r	)		¥	10	19	J	s	10	6	m	´	HS		¦§	12	s	(3	s	10	10	)2m2	µ¶	12L20		9.26	s	10	8	N	Source:	Bergström,	L.	1997.	Adv	Colloid	Interface	Sci,	70:125.64	total	van	der	Waals	interaction	force	between	two	spherical	particles	(an
agglomeration	of	molecules/	atoms)	by	adding	contributions	for	each	atom	of	the	interacting	particles	and	found*:	F(r	)		HS	12L20	(7.23)	where	σ	=	particle	radius	L	0	=	equilibrium	separation	distance	of	r,	the	distance	where	repulsive	quantum	forces	equal	attractive	van	der	Waals	forces	(for	liquids,	0.16	nm;	for	solids,	0.3	nm)	H	=	Hamaker
constant	A	typical	value	of	the	Hamaker	constant	H	for	SiO2	in	water	is	0.83	×	10−20	J.	For	the	Hamaker	constant	of	some	selected	materials	in	different	media,	see	Table	7.6.	The	Hamaker	constant	H	is	defined	as:	H		P	2CR1R2	(7.24)	where	ρ1	and	ρ2	are	the	atom	densities	in	the	two	spherical	particles	and	C	is	the	coefficient	in	the	interaction
potential	energy	equation.	Based	on	Equation	7.23,	the	energy	of	adhesion	between	two	spheres	is:	U(r	)		°	F(r	)dr		°	HS	HS	dr		2	12L	0	12L	0	(7.25)	where	r	=	L	0	is	the	equilibrium	distance.	*	This	is	a	simplified	equation	in	which	we	assume	that	the	distance	between	particles	is	significantly	smaller	than	the	particle	radius	(σ	10−2	M).	With	the
Grahame	model,	shifts	in	the	potential	dip	toward	more	positive	or	more	negative	values	than	the	pzc	can	be	explained.	In	Figure	7.23,	we	illustrate	three	example	mechanisms	that	generate	surface	charges	at	the	solid/	liquid	interface:	ion	adsorption	(e.g.,	Ca	2+	onto	a	+	Br–	Ag	+	Ion	adsorption	Ag	Br–	(incorporation)	Br–	Ag+	Ion	dissociation	Ag+
Br–	Ag+	Ag+	AgBr	Ag+	Ag+	COOH	COO–	COOH	COO–	4+	Si	Isomorphous	substition	3+	Al	O	O	FIGURE	7.23	Examples	of	surface	charges.	3+	Al	2+	Mg	–	–	Ag+	537	lipid	layer),	ion	dissociation	of	surface	groups	(e.g.,	solid-COOH	→	solid	–COO−	+	H+),	and	isomorphous	substitution.	When	a	surface	is	fully	ionized,	a	charge	occupies	about	0.5	nm2.
The	Zeta	Potential	and	Electrokinetic	Phenomena	When	a	liquid	moves	over	a	solid	surface,	a	thin	layer	of	liquid	along	that	solid	surface	stays	motionless.	Liquid	movement	begins	only	at	a	shear	plane	in	the	diffuse	double	layer	at	a	distance,	x0,	away	from	the	wall.	The	shear	plane	(slipping	plane)	is	an	imaginary	surface	separating	the	thin	layer	of
liquid	bound	to	the	solid	surface	that	shows	elastic	behavior	different	from	the	rest	of	the	liquid	showing	normal	viscous	behavior.	Adsorbed	species	are	rigidly	held	inside	the	shear	plane	while	outside	of	it	there	is	free	movement.	The	shear	plane	can	therefore	roughly	be	associated	with	the	outer	Helmholtz	plane	(OHP).	The	value	of	the	electric
potential	at	the	shear	plane	with	respect	to	the	bulk	solution	is	called	the	electrokinetic	or	zeta	potential	(ζ).	The	electrokinetic	potential	ζ—from	which	all	electrokinetic	effects	(Figure	7.24)	can	be	derived—represents	the	value	of	the	electrostatic	potential,	ψ,	at	x	0.	Its	value	at	any	point	is	determined	from	the	profile	of	the	electrostatic	potential	as
a	function	of	distance	from	the	wall	into	the	moving	fluid.	The	thickness	δ	of	the	diffuse	layer	is	defined	as	the	distance	from	the	immobile	OHP	or	Stern	layer	to	a	point	at	which	the	electrostatic	potential	has	dropped	to	37%	of	the	zeta	potential.	The	amount	and	type	of	ionic	species	in	the	solution	greatly	influence	the	zeta	potential;	for	example,	the
larger	the	concentration	of	added	indifferent	electrolyte	in	the	moving	solution,	the	smaller	the	ζ	(see	Figure	7.25).	The	electrokinetic	effects	that	are	controlled	by	the	zeta	potential	are	electrophoresis,	electro-osmosis,	streaming	potential,	and	sedimentation	potential	(see	Figure	7.24).	As	listed	in	Figure	7.24,	the	movement	of	charged	particles	in	an
electric	field	is	termed	electrophoresis.	When	the	charged	solid	surface	is	fixed	and	the	electric	field	causes	a	movement	of	the	liquid,	this	is	called	electro-osmosis.	Forcing	a	liquid	through	a	capillary	or	porous	plug	induces	a	difference	of	electric	potentials	called	streaming	potential,	and	forced	movement	of	charged	solid	particles	in	a	liquid,	538
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Electrophoresis	Applied	Mobile	Fixed	Mobility	Electro-osmosis	Applied	Fixed	Mobile	Pressure/	velocity	Streaming	potential	Generated	Fixed	Mobile	Potential	Sedimentation	potential	Generated	Mobile	Fixed	Potential	FIGURE	7.24	Electrokinetic	effects	controlled	by	the	zeta	potential.	e.g.,	as	a	result	of	gravitation,	induces	a	difference	of	electric
potentials,	i.e.,	the	sedimentation	potential.	To	a	certain	approximation,	all	four	of	the	electrokinetic	effects	are	different	manifestations	of	the	same	phenomenon.	As	a	rough	approximation,	the	electrophoretic	mobility	(the	ratio	of	the	velocity	of	particles	to	the	field	strength),	induced	pressure	difference	in	electro-osmosis,	streaming	potential,	and
sedimentation	potential	are	all	proportional	to	the	zeta	potential	(ζ).	The	size	of	particles	that	can	be	calculated	from	these	experiments	corresponds					"	!	!										!														FIGURE	7.25	The	electrokinetic	potential,	ζ,	is	the	electrostatic	potential,	ψ,	at	a	distance,	x0,	from	the	surface,	that	is,	the	shear	plane	where	the	fluid	movement	begins.	The
concentration	and	type	of	ions	in	the	solution	influence	the	position	of	the	curves	and	thus	the	electrokinetic	potential.	Ions	and	impurities	at	the	surface	influence	these	curves	as	well.	to	the	particle	dimensions	plus	the	double-layer	thickness.	Marian	Smoluchowski	(1921)	was	the	first	to	properly	derive	an	equation	to	calculate	the	zeta	potential
from	the	electrokinetic	mobility,	via:	v	E	r	E	0Z	E	or	H	ME		E	r	E	0Z	H	(7.39)	where	v	=	velocity	εr	=	media	dielectric	constant	ε0	=	permittivity	of	free	space	ζ	=	zeta	potential	E	=	electric	field	η	=	medium	viscosity	μE	=	electrophoretic	mobility	In	this	simplified	derivation,	the	electrostatic	driving	force	is	opposed	by	the	frictional	force	only,	and	it	is
assumed	that	κa	>>	1,	where	κ	is	the	Debye	parameter	and	a	is	the	particle	radius.	In	other	words,	the	electrical	double	layer	thickness	is	assumed	to	be	much	smaller	than	the	particle	radius.	Only	when	there	is	a	low	zeta	potential,	large	colloidal	particles,	and	high	ionic	strengths	does	this	equation	produce	good	results.	For	example,	with	values	of
zeta	potentials	with	practical	meaning,	i.e.,	ζ	<	120	mV,	the	error	is	negligible	when	κa	>	100.	The	zeta	potential	of	an	aqueous	solution	in	contact	with	glass	can	have	a	magnitude	as	high	as	100	mV.3	Electrochemical	and	Optical	Analytical	Techniques	Many	commercial	zetameters	have	the	above	Smoluchowski	equation	built	into	the	software,
usually	together	with	the	electric	permitivity	and	viscosity	data	for	water	at	25°C.4	In	the	past,	electro-osmosis	and	electrophoresis	were	the	most	popular	methods	to	determine	zeta	potentials.	Recently,	electro-osmosis	also	has	been	studied	for	implementation	as	the	pumping	mechanism	in	commercial	fully	automatic	instruments.	However,	pH,	ionic
strength,	and	surface	impurities	all	affect	the	electrokinetic	potential	and	conspire	to	make	electro-osmosis	a	rather	difficult	pumping	mechanism	to	control	(see	Chapter	6).	Electrophoresis	and	electro-osmosis	potential	were	also	covered	in	Chapter	6	on	fluidics	(both	AC	and	DC	electrokinetic	phenomena	are	discussed).	Here	we	dwell	a	bit	further	on
the	stability	of	colloidal	dispersions	as	they	constitute	one	of	the	key	avenues	toward	making	nanoparticles.	Colloidal	Dispersions	Colloidal	dispersions	are	among	the	most	important	types	of	systems	encountered	both	in	nature	and	in	the	manufacture	of	a	wide	variety	of	products,	and	their	electrokinetic	properties	are	among	the	most	important	in
effecting	their	characterization.	Colloids	also	form	one	of	the	most	important	gateways	toward	bottom-up	nanotechnology	(i.e.,	nanochemistry).	(See	Volume	III,	Chapter	3	on	the	comparison	of	top-down	and	bottom-up	approaches	in	nanotechnology.)	Colloids	are	mixtures	in	which	one	material	is	dispersed	in	another,	with	the	dispersed	material	(the
“dispersoid”)	divided	into	particles	that	range	in	size	from	approximately	1	nm	to	10	μm.	Colloids	have	many	properties	distinct	from	those	of	solutions	of	ordinary-sized	molecules	or	from	those	of	mixtures	of	macroscopic	phases	(e.g.,	slurries	of	visible	particles).	The	dispersed	material	may	either	be	dissolved	(i.e.,	in	the	case	of	solutions	of
macromolecules),	giving	a	lyophilic	colloid,	or	they	may	constitute	a	separate	phase,	giving	a	lyophobic	colloid.	We	limit	the	present	discussion	to	lyophobic	colloids,	which	may	be	further	classified	according	to	the	types	of	phases	that	compose	them,	as	shown	in	Table	7.9.	We	further	limit	our	study	to	“sols,”	i.e.,	solid	particles	dispersed	in	liquids.
One	of	the	features	distinguishing	the	behavior	of	lyophobic	colloids	is	their	inherent	instability.	The	stability	(“shelf	life”)	of	a	lyophobic	colloid	is	kinetic	in	nature	rather	than	thermodynamic,	i.e.,	it	depends	on	how	slowly	the	inexorable	processes	of	self-aggregation	take	place.	Aggregation	is	often	accompanied	by	sedimentation,	which	ultimately
leads	to	macroscopic	phase	separation.	The	aggregation	of	colloidal	particles	is	a	spontaneous	process	because	of	the	integrated	effect	of	the	attractive	van	der	Waals	interactions	between	the	molecules	in	the	different	particles.	As	we	saw	above,	these	van	der	Waals	forces	consist	chiefly	of	London	or	“dispersion”	forces.	Although	these	interactions
are	extremely	short	ranged,	with	a	potential	that	varies	as	−C/r	6	(where	C	is	a	constant	dependent	on	molecular	properties,	and	r	is	the	distance	between	the	molecules;	see	Equation	7.18),	the	integrated	effect	between	all	the	molecules	of	one	colloid	particle	with	those	of	a	nearby	colloid	particle	is	much	longer	ranged,	with	a	potential	that	varies	as
−Hσ/12L0	(Equation	7.25).	In	this	expression,	H	is	the	Hamaker	constant	and	L0	is	the	equilibrium	distance	between	repulsive	and	attractive	forces	between	the	particle	surfaces.	The	constant	H	depends	on	C	and	the	molecular	density	ρ	in	the	particles	(see	Equation	7.24).	These	TABLE	7.9	Lyophobic	Colloids	Dispersed	Phase	Liquid	Solid	Gas	Liquid
Solid	Gas	Liquid	Solid	Dispersion	Medium	Gas	Gas	Liquid	Liquid	Liquid	Solid	Solid	Solid	539	Common	Name	Aerosol	Aerosol	Microfoam	Emulsion	Sol	Solid	microfoam	Solid	emulsion	Micro(nano)	composite	Examples	Fog,	fine	sprays	Smoke,	viruses,	tear	“gas”	Shaving	cream,	beer	foam	Milk,	mayonnaise	Paint,	ink,	clay	Foam	plastics,	marshmallow
Butter,	cheese,	opal,	pearl	Injection-molded	objects	540	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	integrated	attractive	forces	between	colloid	particles	are	referred	to	as	long-range	van	der	Waals	forces	(see	Figure	7.26a).	They	are	generally	important	when	ordinary	colloid	particles	are	within	100	nm	of
each	other	and	become	large	as	the	particle	surfaces	approach	one	another.	The	result	is	that	colloid	particles	aggregate	quickly	as	external	effects,	such	as	Brownian	motion	and/or	bulk	fluid	motion	(e.g.,	by	stirring),	bring	them	within	range.	In	aqueous	media,	one	effect	that	can	slow	down	the	aggregation	process	is	the	presence	of	electric	charge
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Waals	attraction	+	+	+	+	+	+	+	–	+	+	+	+	+	–	–	–	––	+	––	–	+	–	–	+	+	+	–	–	–	–	+	–	–	+	–	–	–	+	+	–	–	+	–	––	–	+	+	+	+	+	+	+	+	+	+	(b)	Electrostatic	repulsion	FIGURE	7.26	(a)	The	aggregation	of	colloidal	particles	is	a	spontaneous	process	because	of	the	integrated	effect	of	the	attractive	van	der	Waals	interactions	between	the	molecules	in	the	different
particles.	These	consist	chiefly	of	London	or	“dispersion”	forces,	that	is,	forces	caused	by	synchronous	oscillations	of	the	electron	clouds	of	nearby	molecules	causing	strong	attraction	between	their	temporal	dipoles.	(b)	In	aqueous	media,	one	effect	that	may	slow	down	the	aggregation	process	is	the	presence	of	electric	charge	on	the	surfaces	of	the
particles.	Such	charged	surfaces	attract	a	cloud	of	ions	of	opposite	charge	(counterions)	to	their	vicinity.	As	the	particles	approach,	these	clouds	of	like	charge	begin	to	overlap,	setting	up	repulsion.	surfaces	of	the	particles	as	shown	in	Figure	7.26b.	Solid	surfaces	in	contact	with	water	generally	acquire	a	charge	by	one	or	a	combination	of	the
mechanisms	we	illustrated	earlier	in	Figure	7.23	(e.g.,	oxide	particles	acquire	charge	via	the	pH-dependent	ionization	of	their	superficial	–OH	groups).	These	charged	solid	surfaces	attract	a	cloud	of	ions	of	opposite	charge	(counterions)	to	their	vicinity.	As	the	particles	approach,	these	clouds	of	like	charge	begin	to	overlap,	setting	up	repulsion.	When
this	electrostatic	repulsion	is	put	together	with	the	long-range	van	der	Waals	attraction,	a	total	interaction	curve	of	the	type	shown	in	Figure	7.27	results.	This	adding	of	these	forces	was	first	carried	out	by	Derjaguin	and	Landau	in	Russia	and	Verwey	and	Overbeek	in	the	Netherlands	in	the	1940s	in	the	so-called	the	DLVO	theory.	The	curve	that
results	when	combining	these	forces	has	an	energy	barrier,	and	approaching	particles	must	possess	sufficient	kinetic	energy	to	overcome	that	barrier	if	they	are	to	aggregate.	If	the	barrier	is	large	relative	to	kT,	the	probability	of	aggregating	(the	sticking	probability)	during	a	collision	is	low.	In	other	words,	the	rate	of	aggregation	of	colloidal	particles
depends	on	the	height	of	the	DLVO	barrier.	For	a	given	colloid	(given	Hamaker	constant	H	and	given	particle	radius	σ),	the	electrostatic	repulsion	(barrier	height)	depends	on	the	zeta	potential	and	the	double-layer	thick	ness,	which	in	turn	depends	on	the	ion	concentration	and	valency	of	the	electrolyte.	The	stability	of	hydrophobic	colloids	thus
depends	on	the	zeta	potential:	when	the	absolute	value	of	the	zeta	potential	is	above	50	mV,	the	dispersions	are	very	stable	because	of	mutual	electrostatic	repulsion.	When	the	zeta	potential	is	close	to	zero,	the	coagulation	(formation	of	larger	assemblies	of	particles)	is	very	fast,	causing	fast	sedimentation.	For	a	1-1	electrolyte	and	a	given	colloid,	the
effect	of	increasing	the	salt	concentration	on	the	barrier	is	shown	in	Figure	7.28.	Small	changes	in	concentration	C	have	a	large	effect	on	the	barrier	height,	and	it	is	possible	to	identify,	for	any	given	case,	a	particular	concentration	(called	the	CCC,	or	critical	coagulation	concentration)	at	or	above	which	rapid	aggregation	occurs.	For	a	monovalent
electrolyte,	the	CCC	is	generally	between	50	and	200	mM.	For	counterions	of	higher	Electrochemical	and	Optical	Analytical	Techniques	541		!"% 	"!!#	!	""	"$	!	($	!	!		"	&				#	#		% &	$		!	,	#!$	!	("	!""	!	##!	'	,		!	,		+/-,*	)!""&.	FIGURE	7.27	When	electrostatic	repulsion	is	put	together	with	long-range	van	der	Waals	attraction,	a	total	interaction	curve	of	the
type	shown	here	results.	valence,	the	CCC	decreases	drastically,	in	accord	with	the	Schulze-Hardy	rule:	1	(7.40)	CCC	t	6	Zi	Casimir	Forces	An	important	prediction	of	quantum	theory	is	the	existence	of	irreducible	fluctuations	of	electromagnetic	fields	even	in	a	vacuum	and	at	0	K,	i.e.,	the	existence	of	a	so-called	zero	point	energy	(ZPE).	The	where	Zi
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barrier,	and	it	is	possible	to	identify,	for	any	given	case,	a	particular	concentration	(called	the	CCC,	or	critical	coagulation	concentration)	at	or	above	which	rapid	aggregation	will	occur.	This	can	be	determined	experimentally	by	(b)	“jar	testing.”	For	a	monovalent	electrolyte,	the	CCC	is	generally	between	50	and	200	mM.	For	counterions	of	higher
valence,	the	CCC	drops	drastically,	in	accord	with	the	Schulze-Hardy	rule,	as	shown.	542	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Virtual	particle	Virtual	antiparticle	h/4π	FIGURE	7.29	Virtual	particles	pop	out	of	a	vacuum	and	wander	around	for	an	undefined	time	and	then	pop	back,	thus	giving	the
vacuum	an	average	zero	point	energy.	(From	latter	can	be	described	as	a	turmoil	of	virtual	particles	that	come	in	and	out	of	existence,	violating	the	energy-momentum	conservation	of	the	system	for	very	short	periods	of	time,	as	described	by	Heisenberg’s	uncertainty	principle	(Equations	3.106	and	3.107)	(Figure	7.29).	In	Chapter	3,	we	saw	how	this
zero	point	energy	can	be	measured	through	the	Casimir	force,	a	small	attractive	force	between	two	close	parallel,	uncharged	conductive	plates	in	a	vacuum	(Figures	3.69	and	7.30).	This	force,	inversely	proportional	to	the	fourth	power	of	the	distance	FIGURE	7.30	The	Casimir	force.	Fluctuating	virtual	particles	exert	a	“radiation	pressure”	on	the
plates	that	on	average	is	greater	outside	the	plates	than	between	them.	(Based	on	energy.htm.)	between	the	plates	(see	Volume	III,	Chapter	8	on	actuators),	comes	about	because	the	fluctuating	virtual	particles	exert	a	“radiation	pressure”	on	the	plates,	which	on	average	is	greater	outside	the	plates	than	between	them,	as	shown	in	Figure	7.30.	The
Dutch	theoretical	physicist	Hendrik	Casimir	predicted	this	startling	phenomenon	in	1948	while	he	was	working	at	Philips	Research	Laboratories	in	Eindhoven	on,	of	all	things,	a	problem	concerning	colloids!	At	the	time	of	his	discovery,	Casimir	was	studying	the	properties	of	“colloidal	solutions.”	The	properties	of	such	solutions,	we	know	now,	are
determined	by	van	der	Waals	forces.	One	of	Casimir’s	colleagues,	Theo	Overbeek	(of	the	DLVO	theory	fame),	realized	that	the	theory	that	was	used	at	the	time	to	explain	van	der	Waals	forces	did	not	properly	explain	some	of	the	experimental	evidence	on	colloids.	The	prevailing	theory	Overbeek	found	lacking	was	the	one	by	Fritz	London,	who,	in
1930,	described	the	interaction	potential	between	two	atoms	as	a	result	of	fluctuations	of	the	atomic	electric	dipole	moments	as	U∼1/r6	(see	Equation	7.18).	Overbeek	asked	Hendrick	Casimir	to	investigate	this	problem,	and	by	1948,	Casimir	and	Polder5	had	extended	the	London	force	to	larger	separations	and	found	that	retardation	effects	weaken
this	force,	and	that	the	attractive	atom-surface	force	at	large	distances	comes	with	a	different	power	law	than	in	the	simpler	short-range	case.	If	the	distance	between	fluctuating	charges	is	large	enough,	it	takes	a	finite	amount	of	time	for	the	Electrochemical	and	Optical	Analytical	Techniques	electromagnetic	field	from	one	charge	to	reach	the	other
(i.e.,	the	speed	of	light	c	is	finite).	By	the	time	the	second	charge	responds	to	the	field,	the	momentary	charge	configuration	at	the	first	position	will	have	changed,	and	the	charge	fluctuations	will	fall	out	of	step	with	each	other.	The	strength	of	interaction	is	therefore	always	weakened,	and	its	distance	dependence	is	changed;	for	example,	1/r	6	energy
between	small	particles	becomes	1/r7.	This	retarded	van	der	Waals	force	is	also	known	as	the	CasimirPolder	force.	Casimir	noticed	that	this	result	could	be	interpreted	in	terms	of	vacuum	fluctuations.	He	asked	himself	what	would	happen	if	there	were	two	mirrors—rather	than	two	molecules—facing	each	other	in	a	vacuum.	It	was	this	work	that	led
to	his	famous	prediction	of	an	attractive	force	between	reflecting	plates.	In	the	late	1950s	and	early	1960s,	Evgenii	Lifshitz	took	into	account	the	dielectric	properties	of	the	media	and	thermal	fluctuations	and	developed	a	general	theory	for	van	der	Waals	type	forces,	of	which	the	Casimir-Polder	force	is	a	limiting	case.6	Although	experimental
evidence	of	an	attractive	force	between	neutral	atoms	and	between	neutral	atoms	and	surfaces	has	existed	for	a	long	time,	it	was	not	until	1993	that	Ed	Hinds’	group	at	Yale	was	able	to	measure	that	atom-surface	force	at	larger	distances	or	in	the	retarded	or	Casimir-Polder	regime.7	Although	the	Casimir	force	is	too	small	to	be	observed	for	plates
that	are	several	meters	apart,	it	can	be	measured	if	the	plates	are	within	micrometers	of	each	other.	For	example,	we	calculate	in	Volume	III,	Chapter	8	on	actuators	that	two	plates	with	an	area	of	1	cm2	separated	by	a	distance	of	1	μm	have	an	attractive	Casimir	force	of	about	10	−7	N,	roughly	the	weight	of	a	water	droplet	that	is	half	a	millimeter	in
diameter.	Although	this	force	might	appear	small,	at	distances	below	1	μm	the	Casimir	force	becomes	the	strongest	force	between	two	neutral	objects.	Indeed,	at	separations	of	10	nm—about	100	times	the	typical	size	of	an	atom—the	Casimir	effect	produces	the	equivalent	of	1	atm.	Although	we	do	not	deal	directly	with	such	small	distances	in
everyday	life,	they	are	important	in	nano-	and	microscale	structures	(NEMS	and	MEMS).	With	the	decrease	in	device	dimensions,	additional	forces	543	have	to	be	considered	that	are	normally	neglected	in	macrosystems.	For	example,	one	of	the	principal	causes	of	malfunctioning	in	surface	micromachined	MEMS	devices,	we	discuss	in	Volume	II,
Chapter	7,	is	stiction,	i.e.,	the	collapse	of	movable	elements	onto	nearby	surfaces,	resulting	in	their	permanent	adhesion.	This	can	occur	during	fabrication,	especially	because	of	capillary	forces,	or	during	operation.	The	Casimir	effect	is	potentially	an	important	underlying	mechanism	causing	this	phenomenon.	The	problem	is	technologically	important
because	it	adversely	affects	the	production	yield	on	batchfabricated	devices.	An	overview	of	recent	measurements	of	the	Casimir	force	is	presented	in	Volume	III,	Table	8.21.	Electrochemistry	Introduction	Electrochemistry	is	the	study	of	reactions	taking	place	at	the	interface	of	a	solid	conductor	and	an	electrolyte	(an	ionic	conductor	with	ions	as	the
mobile	charge-carrying	species).	Using	sensor	examples,	we	introduce	some	of	the	most	important	concepts	in	electrochemistry,	i.e.,	potentiometry,	voltammetry,	two-	and	three-electrode	systems,	Marcus	theory	of	electron	transfer,	reaction	rateand	diffusion	rate-controlled	electrochemical	reactions,	and	ultramicroelectrodes	(UMEs).	In	this	same
section,	we	also	learn	how	different	materials	such	as	metals,	semiconductors,	solid	electrolytes,	and	mixed	conductors	exposed	to	a	solution	offer	the	possibility	for	building	different	types	of	electrochemical	sensors.	As	summarized	in	Table	7.10,	different	types	of	mobile	charge	carriers	characterize	these	different	materials.	Metal	electrodes	(e.g.,
Pt)	feature	electrons	as	the	mobile	charge	carriers,	whereas	semiconductors	(e.g.,	n-Si)	have	electrons	and/or	holes	to	play	that	role.	Solid	electrolytes	(e.g.,	LaF	3)	possess	mobile	ions.	Insulators	(e.g.,	SiO2),	however,	have	no	free	charge	carriers,	whereas	mixed	conductors	(e.g.,	IrO	x)	have	both	ions	and	electrons.	We	conclude	this	section	by
providing	more	electrochemical	sensor	examples,	including	ion-sensitive	field-effect	transistors	(ISFETs),	potentiometric	544	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	7.10	Charge	Carriers	for	Different	Electrode	Materials	and	Different	Types	of	Sensors	Based	on	Their	Interface	with	a	Solution
Material	(Examples)	Metals	(Pt,	Au,	etc.)	Charge	Type	of	Electrochemical	Sensor	Electrons	Electrodes	of	the	first	kind	sensor	for	redox	species	with	the	highest	electron	exchange	current	i0,e	Semiconductors	(GaAs,	Si,	etc.)	Electrons	and	holes	pH	sensor	for	the	least	conductive	semiconductors	(wide	bandgap),	redox	couple	sensitive	for	the	more
conductive	semiconductors	(narrow	bandgap)	Insulators	(SiO2,	Al2O3,	etc.)	No	mobile	charges	pH-sensitive	surface	in	an	ISFET	Ions	as	mobile	For	detection	of	ionic	species	with	the	highest	ion	Ionic	conductor	(LaF3,	ZrO2(s),	RbAg4I5,	sea	water,	etc.)	carriers	exchange	current	i0,i	+	−	Mixed	conductor	(Pd,	plasma,	IrOx,	etc.)	H2	in	Pd	[H	+	e	],
Sensor	application	depends	on	the	relative	magnitude	of	IrOx[H+	+	e−],	electron	exchange	and	ion	exchange	currents	i0,e	and	i0,i	and	amperometric	immunosensors,	and	glucose	sensors.	Interface	Processes	In	electrochemistry,	one	studies	reactions	in	which	charged	particles	(ions	or	electrons)	cross	the	interface	between	two	phases	of	matter.
Typically	this	involves	a	solid	phase	(the	electrode)	and	a	conductive	solution	(or	electrolyte).	These	interface	processes	are	represented	as	chemical	reactions	and	are	known	generally	as	electrode	reactions.	Electrode	reactions	take	place	within	the	double	layer	and	produce	a	slight	unbalance	of	the	electric	charges	in	both	the	electrode	and	the
solution.	External	manipulation	of	the	interfacial	potential	difference	affords	an	important	way	to	exert	control	over	an	electrode	reaction.	The	interfacial	potential	difference	at	a	solid/electrolyte	interface	is	limited	to	only	a	few	volts	at	most.	This	does	not	seem	like	very	much	until	one	realizes	that	this	potential	spans	only	within	a	layer	of	water
molecules	and	ions	that	attach	themselves	to	the	electrode	surface—	normally	only	a	few	atomic	diameters	thick.	Thus,	a	very	small	voltage	produces	a	very	large	potential	gradient.	For	example,	a	potential	difference	of	1	V	across	a	typical	10	–8-cm	interfacial	boundary	layer	amounts	to	a	potential	gradient	of	100	million	V/cm—a	very	significant
electrical	field	and	hence	an	important	potential	influence	on	the	charge	transfer	reaction.	Charge	transport	in	electrodes	occurs	via	motion	of	electrons	(or	holes),	and	charge	transport	in	the	electrolyte	occurs	via	motion	of	ions	(positive	and	negative).	With	reference	to	Figure	7.31,	it	is	easily	recognized	that	for	current	to	flow	across	the	solid/	liquid
interface	(in	this	case	across	a	metal/electrolyte	solution	interface)	an	electrochemical	reaction	must	occur.	A	process	at	the	solid/electrolyte	interface	where	charges	(e.g.,	electrons)	are	transferred	across	this	interface	is	called	a	Faradaic	process.	For	example,	an	oxidant	O	(say,	Ag+)	gets	reduced	in	a	cathodic	reaction	(reaction	on	the	cathode)	to
become	a	reductant	R	(say,	Ag+	+	e–	→	Ag):	O	+	ne–	→	R	Reaction	7.1	An	oxidant	O	is	defined	as	an	oxidizing	agent,	i.e.,	a	reactant	that	oxidizes	another	reactant	and	which	is	itself	reduced.	A	reductant	R	is	a	reducing	agent,	i.e.,	a	reactant	that	reduces	another	reactant	and	which	is	itself	oxidized.	For	a	complete	circuit,	a	counter	electrode	(CE)
must	also	be	present	in	the	electrochemical	cell	of	Figure	7.31,	so	that	an	anodic	reaction	(on	the	anode)	may	occur	(e.g.,	Cd–2e–	→	Cd2+):	R’–ne−	→	O’	Reaction	7.2	eeCd	(anode)	-	Cd	Salt	bridge	+	Cd2+	Ag+	Cd2+	+	2e-	Ag+	+	e-	Ag	(cathode)	Ag	FIGURE	7.31	An	electrochemical	cell	with	an	anode	and	a	cathode	and	a	salt	bridge	connecting	the	two
half-cells.	Electrochemical	and	Optical	Analytical	Techniques	Redox	reactions	(Reactions	7.1	and	7.2)	are	electron	transfer	processes	where	an	oxidizing	agent	receives	electrons,	becoming	a	reducing	agent;	and	a	reducing	agent	gives	off	electrons,	becoming	an	oxidizing	agent.	Oxidizing	(O	and	O’)	and	reducing	agents	(R	and	R’)	form	so-called	redox
couples	(ox	+	ne−	⇔	red,	e.g.,	Ag+	+	e−	→	Ag).	The	anode	of	the	electrochemical	cell	in	Figure	7.31	is	the	electrode	where	the	oxidation	occurs,	and	the	cathode	is	the	electrode	where	the	reduction	takes	place.	An	electrochemical	cell	typically	consists	of	two	electronic	conductors	(also	called	electrodes)	connected	through	an	external	wire	and	two
half-cells	filled	with	an	ionic	conductor	(called	an	electrolyte)	and	a	redox	couple.	A	salt	bridge	is	an	ionic	solution	connecting	the	two	half-cells	(half-reactions)	that	completes	the	circuit.	No	further	electrode	reaction	would	take	place	if	electrical	neutrality	were	not	maintained	via	this	salt	bridge.	The	salt	bridge	(also	Luggin	capillary)	maintains
electrical	neutrality	in	the	two	half-cells	by	migration	of	ions	through	the	porous	material	and	also	prevents	mixing	of	the	half-cell	solutions.	If	the	anode	and	cathode	solutions	were	allowed	to	mix,	the	chemical	driving	force	would	lead	to	the	transfer	of	electrons	directly	between	reactants	rather	than	through	the	external	circuit	(wire,	load).	A	salt
bridge	is	often	made	by	equipping	a	U-shaped	glass	tube	with	Vycor	frits	at	both	ends	and	filling	it	with	a	viscous,	aqueous	ionic	solution	that	allows	charge	transport	without	permitting	the	two	solutions	to	mix	with	each	other.	The	solution	may	be	an	agar	gel	loaded	with	KCl	or	KNO3.	The	K+,	Cl−,	and	NO−3	ions	have	similar	mobilities	and	migrate
in	opposite	directions	with	similar	velocities.	This	minimizes	the	appearance	of	junction	potentials	in	the	bridge.	Junction	potentials	occur	at	the	interface	of	solutions	with	different	ion	concentrations	as,	for	example,	between	the	electrolyte	solutions	of	a	reference	electrode	and	the	sample.	These	potential	differences	are	caused	by	the	different
mobilities	of	ions	at	the	interface	of	the	two	solutions	(Figure	7.32).	There	is	no	need	for	concern	about	junction	potentials	as	long	as	they	are	kept	small	and	constant	during	an	analysis.	The	salt	bridge	is	one	part	of	an	electrochemical	sensor	that,	we	will	see	further	below,	is	particularly	cumbersome	to	miniaturize	(see	ISFET	section).	Na+	NaCl
solution	Cl–	NaCl	solution	Region	rich	in	Na+	545	Water	+	–	+	–	+	–	Water	Region	rich	in	Cl–	FIGURE	7.32	Ions	diffuse	from	a	region	of	high	ionic	strength	to	a	region	of	lower	ionic	strength	and	will	migrate	(diffuse)	at	different	rates,	depending	on	their	relative	charge	and	size	(z/r).	This	creates	regions	with	higher	net	negative	charge	and	regions	of
higher	net	positive	charge	at	the	interface	(or	junction).	The	difference	in	local	charge	represents	some	work	(ΔG	free	energy),	or	chemical	potential,	called	a	junction	potential.	At	each	electrode,	an	electrochemical	reaction	occurs.	This	reaction	is	called	a	half-cell	reaction	(because	there	are	two	electrodes	in	a	typical	cell	at	which	reactions	occur).
There	are	two	fundamental	types	of	half-cell	reactions:	an	oxidation	reaction	(in	Figure	7.31,	the	oxidation	reaction	is	Cd	→	Cd2+	+	2e–)	and	a	reduction	reaction	(in	Figure	7.31,	the	reduction	reaction	is	Ag+	+	e–	→	Ag).	In	writing	the	overall	reaction	the	charge	must	be	conserved	so	that	the	number	of	electrons	lost	in	oxidation	equals	the	number	of
electrons	gained	in	reduction:	Cd(s)	+	2Ag+(aq)	→	2Ag(s)	+	Cd2+(aq)	Reaction	7.3	Reactions	occur	pairwise;	one	cannot	have	oxidation	without	reduction.	Because	all	redox	reactions	occur	pairwise,	i.e.,	reduction	and	oxidation	always	occur	at	the	same	time,	we	cannot	measure	the	cell	potential	for	just	one	half-cell	reaction.	This	means	that	we
must	establish	a	relative	scale	for	cell	potentials.	The	standard	hydrogen	electrode	(SHE)	serves	as	the	ultimate	reference	electrode	(REF	E)	for	calculating	the	potential	of	a	single	electrode.	Hydrogen	gas	is	bubbled	at	1	atm	into	a	1	M	hydrochloric	acid	solution	at	25°C	(298	K)	with	a	platinum	electrode	(Pt	black)	providing	the	reaction	surface
(Figure	7.33).	546	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	7.11	Number	of	Standard	Reduction	Potentials	All	Measured	Relative	to	the	Standard	Hydrogen	Electrode	(SHE)	Hydrogen	electrode	operating	under	standard-state	conditions	Standard	Potential	(V)	H2	gas	at	1	atm	Reduction	Half-
Reaction	+2.87	+1.51	Pt	electrode	+1.36	+1.33	FIGURE	7.33	The	standard	hydrogen	electrode	(SHE).	Under	these	standard-state	conditions,	the	potential	for	the	reduction	of	H+	is	taken	to	be	exactly	zero:	2	H+	(1	M)	+	2	e–	→	H2	(1	atm)	E0	=	0	V	Reaction	7.4	The	voltage	associated	with	a	reduction	reaction	at	an	electrode	with	all	solutes	present
at	1	M	and	all	gases	at	1	atm	is	called	the	standard	reduction	potential.	Now	recall	that	the	cell	potential	is	the	difference	between	two	electrode	potentials	(the	anode	and	the	cathode):	(7.41)	+0.54	+0.40	+0.34	0	−0.28	−0.44	−0.76	−0.83	−1.66	−2.71	−3.05	Strongest	oxidizing	agent	Most	positive	values	of	E0red	F2(g)	+	2e–	2F–(aq)	2H+(aq)	+	2e–
H2(g)	Li+(aq)	+	e–	Li(s)	Most	negative	values	of	E0red	Increasing	strength	of	reducing	agent	Table	7.11	lists	a	number	of	standard	reduction	potentials,	all	measured	relative	to	the	SHE.	The	redox	reactions	are	spontaneous,	in	the	forward	direction	as	written	in	this	table,	if	the	standard	EMF	of	the	cell	is	positive	[E0red(cathode)	>	E0red(anode)].
Comprehensive	listings	of	E0red	values	for	most	halfcell	reactions	are	available	in	the	Lange’s	Handbook	of	Chemistry	and	in	the	CRC	Handbook	of	Chemistry	and	Physics.	Because	half-cell	potentials	are	measured	relative	to	SHE,	they	reflect	the	spontaneity	of	redox	reactions	relative	to	SHE,	with	more	positive	potentials	resulting	in	more	potent
oxidants	(oxidants	that	want	to	be	reduced)	and	more	negative	potentials	resulting	in	more	potent	reductants	(reductants	do	not	want	to	be	reduced;	they	spontaneously	oxidize).	Using	a	table	of	standard	reduction	potentials,	any	species	on	the	left	of	a	given	half-reaction	will	react	spontaneously	with	any	species	appearing	on	the	right	of	any	half-
reaction	that	appears	below	it,	where	reduction	potentials	are	listed	from	highest	and	most	positive	to	lowest	and	most	negative	(see	Figure	7.34).	+1.23	+1.06	+0.96	+0.80	+0.77	+0.68	+0.59	Increasing	strength	of	oxidizing	agent	1	M	HCL	E	0cell		E	0red	(cathode)	E	0red	(anode)	F2(g)	+	2e−	→	2F−(aq)	MnO4−	(aq)	+	8H+(aq)	+	5e−	→	Mn2+(aq)
+	4H2O(l)	Cl2(g)	+	2e−	→	2Cl−(aq)	Cr2O72−(aq)	+	14H+(aq)	+	6e−	→	2Cr3+(aq)	+	7H2O(l)	O2(g)	+	4H+(aq)	+	4e−	→	2H2O(l)	Br2(l)	+	2e−	→	2Br−(aq)	NO−3(aq)	+	4H+(aq)	+	3e−	→	NO(g)	+	H2O(l)	Ag+(aq)	+	e−	→	Ag(s)	Fe3+(aq)	+	e−	→	Fe2+(aq)	O2(g)	+	2H+(aq)	+	2e−	→	H2O2(aq)	MnO4−	(aq)	+	2H2O(l)	+	3e−	→	MnO2(s)	+	4OH−(aq)	I2(s)
+	2e−	→	2I−(aq)	O2(g)	+	2H2O(l)	+	4e−	→	4OH−(aq)	Cu2+(aq)	+	2e−	→	Cu(s)	2H+(aq)	+	2e−	→	H2(g)	Ni2+(aq)	+	2e−	→	Ni(s)	Fe2+(aq)	+	2e−	→	Fe(s)	Zn2+	(aq)	+	2e−	→	Zn(s)	2H2O(l)	+	2e−	→	H2(g)	+	2OH−(aq)	Al3+(aq)	+	3e−	→	Al(s)	Na+(aq)	+	e−	→	Na(s)	Li+(aq)	+	e−	→	Li(s)	Strongest	reducing	agent	FIGURE	7.34	In	a	table	of	standard
reduction	potentials,	any	species	on	the	left	of	a	given	half-reaction	will	react	spontaneously	with	any	species	appearing	on	the	right	of	any	half-reaction	that	appears	below	it	when	reduction	potentials	are	listed	from	highest	and	most	positive	to	lowest	and	most	negative.	Electrochemical	and	Optical	Analytical	Techniques	Half-cell	reactions	are
reversible,	i.e.,	depending	on	the	experimental	conditions,	any	half	reaction	can	be	either	an	anode	or	a	cathode	reaction.	Oxidation	potentials	can	be	obtained	from	reduction	potentials	by	changing	the	sign,	so	Equation	7.41	can	be	rewritten	as:	E	0cell	E	0red	(cathode)	E	0ox	(anode)	(7.42)	The	standard	reduction	potential	is	an	intensive	property,
and	changing	a	stoichiometry	coefficient	of	a	reaction	does	not	change	the	reduction	potential	[e.g.,	both	half-cells	Zn	2+(aq,	1	M)	+	2e–	→	Zn(s)	and	2Zn2+(aq,	1	M)	+	4e–	→	2Zn(s)	come	with	a	standard	reduction	potential	of	E0	=	−0.76	V].	This	intensive	property	is	also	not	affected	by	either	the	size	of	the	electrode	or	by	the	volume	of	electrolyte,
but	the	concentration	of	Zn	ions	must	be	1	M.	The	potential	difference	at	any	concentration	is	called	the	electromotive	force	(EMF	=	cell	voltage	=	cell	potential	=	Ecell).	This	electromotive	force	depends	on:	◾	The	reactions	that	occur	on	the	electrodes	◾	The	concentrations	of	reactants	and	products	(see	Nernst	equation	further	below)	◾	The
temperature	(assumed	to	be	25°C	unless	otherwise	stated)	A	shorthand	electrochemical	cell	notation	has	been	developed	for	convenience:	◾	The	anode	is	always	on	the	left	and	the	cathode	on	the	right.	◾	All	redox	forms	of	reagents	present	should	be	listed	with	phase	and	concentration	in	parentheses,	ZnSO4	(aq,	1	M).	◾	Single	lines	represent	a
change	of	phase:	single	vertical	line	“|”	(e.g.,	s	to	l	or	l	to	g).	◾	A	comma	should	be	used	to	separate	two	components	in	the	same	phase.	◾	Double	lines	represent	a	salt	bridge	or	membrane:	double	vertical	line	“||”.	Exercise	7.1:	A	spontaneous	redox	reaction	produces	energy	that	can	do	electrical	work	as	in	the	Daniell	cell	(1836)	with	a	zinc	electrode
(in	1	M	Zn2+)	and	a	copper	electrode	(in	1	M	Cu2+)	as	shown	in	Figure	7.35.	Calculate	the	cell	EMF	(a),	and	represent	this	cell	in	shorthand	notation	(b).	From	Table	7.11:	(a)	Cu	2+(aq)	+	2e–	→	Cu(s)	E0red	=	+0.34,	and	from	the	same	table	Zn2+(aq)	+	2e–	→	Zn(s)	E0red	=	−0.76	V;	the	latter	reaction	will	spontaneously	run	to	the	left	or	Zn(s)	−	2e–
→	Zn2+(aq)	E0ox	=	+0.76	V,	so	the	overall	reaction	(using	Equation	7.42):	Cu2+(aq)	+	2e–	→	Cu(s)	◾	Fe(s)	|	Fe+2	(1M)	||	H+	(1M)	|	H2(g)	|	Pt	(1M)	◾	Cd+2	(1M)	|	Cd(s)	||	Ag+	(1M)	|	AgCl(s)	|	Ag(s)	E0red	=	+0.34	Zn(s)	−	2e–	→	Zn2+(aq)	E0ox	=	+0.76	V	Zn(s)	+	Cu2+(aq)	→	Zn2+(aq)	+	Cu(s)	EMF	=	+1.1	V	(b)	The	Daniell	cell	in	shorthand	notation:
Zn(s)	|	Zn2+	(1M)	||	Cu2+	(1M)	|	Cu(s)	With	a	measured	EMF	of	=	1.10	V	at	25°C.	Exercis	e	7.2:	Is	the	following	redox	reaction	spontaneous?	Mg2+	+	2Ag	→	Mg	+	2Ag+	Given	that:	Ag+	+	e–	=	Ag	E0red	=	+0.80	V	Mg	2+	+	2e–	=	Mg	E0red	=	−2.37	V	V	e–	e–	Salt	bridge	Zn	Cl–	Zn2+	Example	7.3:	547	Cu2+	Cathode	Anode	Zn	Cu	K+	2e–	+	Zn2+
FIGURE	7.35	The	Daniell	cell.	Cu2+	+	2e–	Cu	548	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Summing	the	two	half-cells	to	obtain	the	above	total	cell	reaction,	we	obtain	(using	Equation	7.42):	2Ag	−	2e–	=	2Ag+	E0ox	=	−0.80	V	Mg	+	2e	=	Mg	2+	–	E	0	red	Mg2+	+	2Ag	→	Mg	+	2Ag+	moles		=	−2.37	V
EMF	=	−3.17	V	This	is	not	a	spontaneous	reaction	because	the	EMF	of	the	cell	is	negative.	The	above	examples	all	concern	Faradaic	processes	in	which	electrons	cross	the	solid/electrolyte	interface.	In	a	non-Faradaic	process,	there	are	no	charge	transfer	reactions	across	the	interface	because	they	are	thermodynamically	and	kinetically	unfavorable.
Under	these	conditions,	processes	such	as	adsorption	and	desorption	can	still	take	place	and	modify	the	structure	of	the	electrode/solution	interface.	During	the	charging	of	the	double	layer,	a	transient	external	capacitive	current	flows:	Cd		dQ	idt		dV	dV	of	chemical	produced	(in	moles)	by	the	amount	of	charge	passed	through	the	interface:	(7.43)
Further	below,	we	will	see	that	the	value	of	Cd	can	be	obtained	from	a	cyclic	voltammogram	by	measuring	the	current,	i,	at	a	given	voltage	sweep	rate,	dV/dt.	Faradaic	and	non-Faradaic	processes	occur	simultaneously	during	electrode	reactions.	The	electrochemical	stability	window	of	an	electrochemical	cell	is	defined	as	the	potential	range	over
which	an	electrode	in	a	solvent	with	an	inert/indifferent	electrolyte	(salt)	can	be	polarized	without	substantial	Faradaic	currents.	These	stability	ranges	depend	on	the	nature	of	the	solvent,	the	salt,	the	electrode,	and	the	presence	of	contaminants.	Nonaqueous	electrochemistry	often	provides	stability	windows	as	wide	as	4–5	V,	whereas	in	aqueous
electrochemistry	the	hydrolysis	of	water	limits	the	range	typically	to	1.5	V.	Thermodynamically,	the	voltage	difference	between	hydrogen	and	oxygen	evolution	at	ideally	reversible	electrodes	is	expected	at	1.23	V.	Faraday’s	Law	Electron	transfer	causes	oxidation	(electrons	jump	from	a	dissolved	species	onto	the	solid)	or	reduction	(electrons	transfer
from	the	solid	onto	a	species	in	solution)	to	occur	at	the	interface.	This	process	is	governed	by	Faraday’s	law,	which	dictates	the	amount	Q	i–t		nF	nF	(7.44)	where	i	=	current	passed	(in	amperes,	A)	t	=	time	of	current	flow	(in	seconds,	s)	n	=	number	of	electrons	involved	in	the	reaction	F	=	Faraday	(=	96,500	C	mol−1)	Q	=	charge	(in	coulombs,	C)	The
current,	i,	multiplied	by	the	time	the	current	flows,	t,	gives	us	the	total	number	of	coulombs	(Q	=	i	·	t).	The	charge	on	1	mol	of	electrons	is	called	the	Faraday	(F),	i.e.,	1.6	×	10−19	C	multiplied	by	the	number	of	Avogadro	(NA)	(eNA)	6.02	×	1023	or	96,500	C/mol.	Thermodynamic	Interpretation	of	the	Electromotive	Force	Starting	with	some	standard
thermodynamic	relations,	we	find	from	dU	=	dQ	+	dW	(U	=	internal	energy,	Q	=	heat,	and	W	=	work)	and	dQ	=	TdS	that	dU	=	TdS	–	PdV	+	dWelectrical	(S	is	entropy,	–PdV	is	mechanical	work,	and	+dWelectrical	is	electrical	work).	Because	dGT	=	dH	T	−	TdS	(H	is	enthalpy)	and	dGT	=	dU	T,P	+	PdV	−	TdS	(U	is	internal	energy,	P	pressure,	and	V
volume);	therefore,	dGT	=	TdS	–	PdV	+	dWelectrical	+	PdV	−	TdS,	and	we	arrive	at	the	important	relationship	between	Gibbs	free	energy	and	work	done	in	an	electrical	system	(most	electrochemical	cells	work	at	constant	P	and	T),	i.e.,	the	so-called	Gibbs	function:	dGT,P	=	dWelectrical	(7.45)	The	Gibbs	function	is	at	the	heart	of	electrochemistry
because	it	identifies	the	amount	of	work	we	can	electrically	extract	from	a	system.	Now	the	maximum	electrical	work	done	by	an	electrochemical	cell	equals	the	product	of	the	charge	flowing	and	the	potential	difference	across	which	it	flows	or	Welectrical	=	EQ.	The	charge,	Q	=	n	·	NA·	e	where	n	is	the	number	of	moles	of	electrons	transferred	per
mole	of	reaction,	NA	is	Avogadro’s	number	(6.02	×	1023),	and	e	is	the	charge	on	an	electron	(−1.6	×	10−19	C).	As	we	just	calculated	above,	NA·	e	=	F	(1	Faraday	Electrochemical	and	Optical	Analytical	Techniques	is	96,485	C/mol),	and	we	obtain	Welectrical	=	nFE.	By	convention,	we	identify	work,	which	is	negative	with	work	being	done	by	the
system	on	the	surroundings.	Negative	free	energy	change	is	identified	as	a	spontaneous	process.	Therefore,	we	must	choose	a	convention	for	the	sign	of	the	cell	potential	consistent	with	these	equations,	the	convention	regarding	reaction	spontaneity,	and	the	sign	for	ΔG.	If	we	choose	to	associate	a	positive	potential	with	a	spontaneous	process,	then
we	need	a	negative	sign	in	the	equation	relating	ΔG	to	E:	ΔGT,P	=	−nFE	(7.46)	Note	how	a	measurement	of	a	cell	potential	directly	calculates	the	Gibbs	free	energy	change	for	the	process.	With	ΔG	negative	and	E	positive,	the	reaction	is	spontaneous,	and	one	defines	a	voltaic	(galvanic)	electrochemical	cell	as	a	cell	that	generates	an	electrical	current
(e.g.,	battery	or	fuel	cell).	With	ΔG	positive	and	E	negative,	the	reaction	is	nonspontaneous,	as	encountered	in	an	electrolytic	electrochemical	cell,	and	it	occurs	as	a	result	of	passage	of	current	from	an	external	power	source	(e.g.,	electrolysis	of	water	and	the	charging	of	a	battery).	A	galvanic	cell	is	one	that	is	allowed	to	operate	in	its	natural
direction.	An	electrolytic	cell	is	one	operated	in	reverse.	A	galvanic	cell	produces	a	potential	to	drive	an	external	load.	An	electrolytic	cell	is	one	that	consumes	external	electricity.	Note	that	the	electrode	polarity	changes	between	galvanic	and	electrolytic.	The	nomenclature	of	the	electrode	also	changes.	However,	the	definition	for	reduction	and
oxidation	is	constant:	Oxidation	Is	Loss	of	electrons	and	Reduction	Is	Gain	of	electrons,	or	“OIL	RIG.”	All	thermodynamic	measurements	are	based	on	differences	between	states;	there	is	no	absolute	value	for	any	property	(with	the	exception	of	entropy).	To	quantify	thermodynamics,	we	choose	by	convention	a	reference	state	called	the	standard
ambient	temperature,	pressure,	and	concentration	state	[temperature	=	298	K	(25°C),	pressure	=	1	bar	(105	Pa),	concentration	=	1	molal	(mol	of	solute/kg	of	solvent)].	The	use	of	atmospheres	as	a	unit	of	pressure	is	widespread,	and	it	is	so	close	to	the	value	of	1	bar	(1.0134	bar	=	1	atm)	that	the	reference	state	often	used	is	that	of	1	atm.	The
differences	are	seldom	significant.	Concentrations	are	more	reliably	measured	549	in	molality	(amount/mass	of	solvent)	rather	than	molarity	(amount/volume	of	solvent).	However,	for	the	following	reasons:	1)	volume	is	easier	to	measure	than	mass,	and	2)	density	of	water	(the	most	common	solvent)	is	close	to	1,	the	most	commonly	used	reference
state	for	concentration	is	that	of	1	M	(mol/L).	Reference	states	are	indicated	by	the	superscript	°,	e.g.,	C°	or	P°.	The	propensity	for	a	given	material	to	contribute	to	a	reaction	is	measured	by	its	activity,	a.	This	describes	how	“active”	this	substance	is	in	the	reaction	compared	with	how	it	would	behave	if	it	were	present	in	its	standard	state.	Activity
scales	with	concentration	or	partial	pressure:	a	∝	C/C°	or	a	∝	P/P°	(7.47)	Generally	speaking,	a	substance’s	activity	increases	as	the	amount	of	that	substance	available	for	reaction	increases.	However,	because	of	intermolecular	interactions	(which	increase	as	a	substance’s	concentration	or	partial	pressure	increases),	there	are	deviations	from	a	direct
correspondence	as	pressure	and	concentration	increase.	These	differences	can	become	very	significant	at	very	high	concentrations.	We	then	define	activity	as:	a	=	γ	C/C°	or	a	=	γ	P/P°	(7.48)	Activity	coefficients	γ	are	close	to	1	for	dilute	solutions	and	for	low	partial	pressures,	but	they	change	with	concentration,	temperature,	other	species,	and	so	on.
Generally,	we	ignore	activity	coefficients	for	educational	simplicity,	but	careful	work	requires	its	consideration.	In	the	case	of	pressure,	the	coefficient	used	is	often	called	fugacity,	but	it	is	the	same	thing	and	behaves	in	the	same	way.	Activity	a	is	unitless,	and	because	activity	coefficients	are	close	to	1	for	dilute	solutions,	the	reference	states	for
partial	pressure	and	concentration	have	a	numerical	value	of	1.	Therefore,	we	often	approximate	activity	by	concentration	(M)	or	partial	pressure	(atm).	The	reference	state	for	a	solid	material	is	itself,	and	the	same	is	true	for	a	pure	liquid.	A	solvent	is	usually	present	in	huge	excess	(compared	with	the	solutes);	therefore,	it	is	mostly	like	a	pure	liquid.
In	all	these	cases,	a	=	1.	In	other	words,	if	we	increase	the	amount	of	a	pure	solid,	a	pure	liquid,	or	a	solvent,	the	reaction	goes	on	for	a	longer	time	(but	it	does	not	go	any	faster).	550	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	If	you	increase	the	amount	of	these	materials	in	a	system,	it	will	not	increase	the
reaction	rate,	but	it	may	increase	the	duration	of	a	reaction.	The	point	is	that	the	“activity”	of	the	system	does	not	change	with	amount	of	these	materials,	so	they	are	always	referenced	to	themselves.	The	Nernst	Equation	We	now	want	to	know	what	happens	with	the	cell	potential	if	the	concentrations	and	pressures	are	not	in	the	standard	state.	We
first	derive	how	the	chemical	potential,	μ,	changes	with	activity	by	integrating	the	expressions	for	the	dependence	of	amount	of	material	on	the	Gibbs	function,	leading	to	the	following	relationship:	M		M	0	RT	ln	a	(7.49)	Q	contains	all	the	activities	of	both	reactants	and	products,	all	raised	to	their	proper	stoichiometric	coefficients.	When	all
participants	have	unit	activity	(a	=	1),	then	Q	=	1	and	ln	Q	=	0,	or:	$G		$G0	The	reaction	proceeds	and	Q	changes	until	finally	ΔG	=	0.	At	that	point,	the	reaction	stops	as	equilibrium	is	reached	with	the	reaction	quotient	Q	=	Q*.	The	reaction	does	not	stop	at	Q*	but	simply	has	reached	the	situation	where	the	forward	and	reverse	reaction	rates	are
equal.	Chemical	activity	is	still	ongoing	with	just	as	much	vigor	as	before,	but	it	is	happening	equally	in	both	directions—products	are	reacting	to	turn	into	reactants	just	as	fast	as	reactants	are	reacting	to	turn	into	products.	This	is	called	a	dynamic	equilibrium,	rather	than	a	static	equilibrium.	When	analyzing	a	chemical	reaction	such	as	aA	+	bB	→	cC
+	dD	mathematically,	we	form	the	following	reaction	quotient:	Q	a	cC	a	dD	a	aA	a	Bb	(7.50)	where	products	appear	in	the	numerator	and	reactants	in	the	denominator.	It	requires	the	activity	of	each	reaction	participant,	where	each	term	is	raised	to	the	power	of	its	stoichiometric	coefficient.	Terms	in	the	reaction	quotient	that	arise	from	the
participation	of	pure	solids,	pure	liquids,	or	solvents	are	left	out	as	they	all	equal	to	1.	If	we	ignore	activity	coefficients,	then	activities	for	solutes	and	gases	are	numerically	equal	to	their	concentration	or	partial	pressures	(because	the	activity	is	the	ratio	of	these	terms	with	the	number	1).	One	often	writes	the	reaction	coefficient	Q	with	concentration
and	pressure	shown	explicitly,	but	remember	that	we	are	really	dealing	with	activities.	The	reaction	quotient	is	unitless	because	it	has	only	activity	in	its	expression,	and	all	activities	are	unitless.	The	Gibbs	free	energy	has	the	same	activity	dependence	as	the	chemical	potential:	G		G0	RT	ln	a	(7.51)	When	we	apply	this	to	a	reaction,	the	reaction
quotient	comes	into	play,	which	gives	us:	$G		$G0	RT	ln	Q	(7.52)	(7.53)	0		$G	0	RT	ln	Q*	$G	0		RT	ln	Q*	and	Q*		K	eq	(7.54)	This	special	Q*	is	renamed	Keq,	the	equilibrium	constant.	From	the	expression	for	the	Gibbs	free	energy	as	a	function	of	activity	(Equation	7.51),	we	can	derive	an	expression	in	terms	of	the	cell	potential	by	using	the	relation
between	the	free	energy	and	the	cell	potential	E	(Equation	7.46):	$G		$G0	RT	ln	Q		nFE		nFE	0	RT	ln	Q	(7.55)	where	n	is	the	number	of	electrons	transferred	in	the	process.	By	rearranging,	we	obtain	the	very	important	Nernst	equation:	E		E0	RT	0.0592	ln	Q		E	0	log	Q	nF	n	(7.56)	This	expression	relates	the	dependence	of	the	cell	potential	E	on	the
reaction	quotient	Q.	The	logarithmic	term	tells	us	that	if	Q	changes	by	a	factor	of	10,	this	will	change	the	cell	potential	by	59.2	mV,	or	about	60	mV	for	a	one-electron	process	(n	=	1).	This	“rule	of	thumb”	relationship	will	show	up	often	in	sensors,	batteries,	fuel	cells,	and	so	on.	The	above	equations	allow	us	to	relate	measured	cell	potentials	to
standard	Gibbs	free	energies	of	reaction.	These,	in	turn,	are	related	to	a	reaction’s	equilibrium	constant	(see	Equation	7.54).	Electrochemical	and	Optical	Analytical	Techniques	Example	7.4:	Example	7.6:	Consider	the	Daniell	cell	of	Figure	7.35	again.	What	is	the	potential	of	the	cell	if	[Cu2+]	=	0.01	M	and	[Zn2+]	=	1.00	M?	(We	will	assume	that	the
activity	coefficients	are	=	1.)	Consider	the	cell:	E		1.10	–	0.0592	1.00		1.10	–	0.030	log(100)	log	n	0.01		1.041	V	Pt	|	I	–	(1.00M),	I2	(1.00M)	||	Fe2+	(1.00M),	Fe3+	(1.00M)	|	Pt	with	a	standard	cell	potential	given	by	=	0.771	V	−	0.536	V	=	+0.235	V.	$G0		–	nFE0		–	2(96,	485	C	/	mol)(0.235	J)	Note	that	the	cell	potential	is	decreased	by	about	60	mV	from
the	standard	cell	potential.	This	accounts	for	a	decrease	in	Cu2+	concentration	of	two	orders	of	magnitude,	where	our	rule	of	thumb	predicted	120	mV;	however,	because	the	reaction	involves	two	electrons	(n	=	2),	we	obtain	a	60-mV	change	in	potential	only.		–45,	348	J/m	mol	This	is	the	free	energy	change	leading	to	the	equilibrium	constant,	Keq,	for
the	reaction	as	follows:	In	Keq		Example	7.5:	The	Nernst	equation	demonstrates	that	potential	depends	on	concentration.	A	cell	made	of	the	same	materials,	but	with	different	concentrations,	will	also	produce	a	potential	difference,	e.g.:	Cu	|	Cu2+	(0.001M)	||	Cu2+	(1.00M)	|	Cu	What	is	standard	cell	potential	E0	for	this	cell?	What	is	the	cell	potential
E?	What	is	n,	the	number	of	electrons	transferred?	Which	electrode,	anode,	or	cathode	will	be	in	the	numerator?	E		E0	–	0–	551	¥	[Cu2	]anode	´	0.0592	log	¦	n	§	[Cu2	]cathode	µ¶	0.0592	0.001		0.089	V	log	2	1.00	The	standard	cell	potential	in	a	concentration	cell	clearly	must	be	0	for	the	two	electrodes,	because	at	standard	conditions	both	are
identical.	The	number	of	electrons	transferred	is	two.	Remember	that	we	are	calculating	the	cell	potential	for	the	cell	as	written	in	the	definition.	The	right	side	is	the	cathode	and	thus	refers	to	a	reduction	process.	The	other	is	for	oxidation.	If	we	write	those	two	reactions,	we	see	that	the	aqueous	solution	from	the	cathode	appears	as	a	reactant.
Hence	the	cathode	aqueous	solution	is	in	the	denominator,	and	conversely	the	anode	side	is	in	the	numerator.	(–45,	348	J	/	mol)	*G0		–		18.3034	(8.314	J	/Kmol)(298	K	)	RT	Keq		e18.3034		8,	89107	Exercise	7.3:	A	metal	in	contact	with	a	sparingly	soluble	salt	of	the	metal,	we	will	see	below,	is	called	an	electrode	of	the	second	kind.	Another	common
name	for	such	an	electrode	is	an	anion	electrode.	Examples	include	reference	electrodes	(REF	Es),	such	as	Ag/AgCl(s)	and	Hg/Hg	2Cl2(s)/Cl−	[saturated	calomel	electrode	(SCE)].	These	reference	electrodes	are	often	more	convenient	to	use	than	the	above-reviewed	SHE.	Consider	the	Ag/AgCl	electrode	shown	in	Figure	7.36.	This	REF	E	is	made	from



an	Ag	wire	coated	with	AgCl(s)	immersed	in	an	NaCl	or	KCl	solution.	The	reactions	involved	are	AgCl	↔	Ag+	+	Cl−	and	Ag+	+	e−	↔	Ag(s)	[E0red	=	+0.80	V].	Derive	the	Nernst	equation	for	this	electrode.	Ag+	+	e−	↔	Ag(s)	E0red	=	+0.80	V	Chemical	reaction;	AgCl	↔	Ag+	+	Cl−	no	electrons	involved	AgCl	+	e−	↔	Ag(s)	+	Cl−	E		E0	a	Ag	a	Cl	0.0592
log	but	a	Ag	and	a	AgCl		1	1	a	AgCl	or	E		0.80	–	0.0592	log	a	Cl	552	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	V	–	Anode	+	Cathode	Pt	RE-5B	7.5	cm	6	cm	FIGURE	7.36	A	typical	commercial	Ag/AgCl	reference	electrode.	(From	.)	From	this	expression,	Cl–	(an	anion)	activity	determines	the	potential	of	this
electrode,	and	the	electrode	can	be	used	as	a	Cl−	sensor	(60-mV	voltage	change	per	decade	of	Cl–	concentration	change).	The	purpose	of	a	reference	electrode	is	to	provide	a	stable	potential,	independent	of	solution	composition,	against	which	other	potentials	can	be	reliably	measured.	Filling	a	glass	envelope,	which	is	equipped	with	a	small	pinhole
to	make	ionic	contact	with	the	outside	solution,	with	a	saturated	Cl–	solution	that	surrounds	a	Ag/AgCl	wire	produces	a	reliable	reference	electrode.	The	constant	aCl–	in	the	above	equation	provides	for	a	constant	E	(E	=	0.22	V	vs.	SHE	at	25°C).	Only	when	enough	solvent	or	ions	from	the	outside	solution	enter	the	glass	envelope	does	the	reference
potential	start	drifting.	It	is	obvious	that	the	larger	the	REF	E	electrolyte	reservoir,	the	longer	the	reference	electrode	will	last	without	need	to	refill	the	reservoir	with	fresh	saturated	Cl−	solution.	This	explains	why	miniaturization	of	a	reference	electrode	is	such	a	challenge;	smaller	means	less	electrolyte	capacity	and	thus	a	shorter	lifetime.	Two-
Electrode	and	Three-Electrode	Cell	Configurations	There	are	two	common	electrode	configurations	used	in	electrochemistry:	two-electrode	and	threeelectrode	cells.	In	a	two-electrode	configuration,	an	Ag	|	AgCl	|	Cl–	plus	salt	bridge	Reference	electrode	Fe2+,	Fe3+	FIGURE	7.37	Potentiometric	sensor	in	a	two-electrode	cell.	The	entire	left	half-cell	is
made	into	a	self-contained	reference	electrode	containing	appropriate	solutions	and	a	salt	bridge.	The	chloride	concentration	in	the	reference	electrode	is	held	constant	by	the	fixed	solubility	of	KCl.	electrochemical	cell	is	equipped	with	one	working	electrode	(WE)	and	one	reference	electrode	(REF	E)	(Figure	7.37).	The	electrode	at	which	the	reaction
of	interest	occurs	is	called	the	working	electrode.	An	amperometric	measurement	with	such	a	cell	occurs	when	current	is	passed	between	the	WE	and	REF	E	by	applying	a	potential	between	the	two.	The	kinetics	of	the	electrochemical	reaction	are	driven	by	the	applied	potential,	and	we	measure	the	diffusioncontrolled	current	flowing	across	the
electrode/	solution	interface.	This	current	is	directly	proportional	to	the	bulk	concentration	of	the	analyte	present	in	the	solution	(see	Equation	7.124).	Passage	of	a	significant	current	through	a	reference	electrode	shifts	the	electrode	away	from	equilibrium	and	may	even	destroy	its	materials	(e.g.,	in	the	case	of	Ag/AgCl,	the	AgCl	could	all	be	reduced
to	Ag).	Moreover,	a	significant	resistance	decrease	(iR)	results	for	less	conductive	media	(in	a	salt	water	solution,	this	is	not	a	problem	since	R	is	typically	100	Ω,	so	with	i	<	10	μA,	iR	<	1	mV)	or	when	the	WE	is	very	large.	As	a	consequence,	a	two-electrode	cell	should	only	be	used	when	the	iR	drop	is	less	than	1	mV	or	when	using	micro-	or
ultramicroelectrodes.	In	potentiometric	measurements,	only	very	small	currents	are	drawn,	and	a	two-electrode	system	can	always	be	used	confidently	in	this	case	(as	long	as	a	high-impedance	voltmeter	is	used	so	that	a	measurement	of	the	potential	difference	will	be	accurate).	In	potentiometry,	the	electron	transfer	reaction	is	kinetically	facile,	i.e.,
Electrochemical	and	Optical	Analytical	Techniques	the	equilibrium	electron	exchange	current	i0,e	(on	an	electron	conductor)	or	ion	exchange	current	i0,i	(on	an	ion	conductor)	is	large.	The	cell	potential	responds	to	changes	in	the	activity	of	the	analyte	species	present	in	the	solution	in	a	well-defined	manner	described	by	the	Nernst	equation.	The	cell
potential	varies	in	a	linear	manner	with	the	logarithm	of	the	analyte	activity.	Microelectrochemical	sensors	are	often	based	on	a	two-electrode	system	with	a	WE	and	a	pseudoreference	electrode	because	a	real	reference	electrode	is	too	complicated	and	expensive	to	implement.	This	is	possible	because	the	small	working	electrode	draws	so	little
current	that	a	larger	pseudoreference	electrode	(i.e.,	a	Ag/AgCl	film)	is	not	shifted	from	equilibrium	enough	to	cause	large	errors.	In	a	three-electrode	electrochemical	cell	(Figure	7.38)	one	deals	with	a	WE,	a	REF	E,	and	a	counter	electrode	(CE)	or	auxiliary	electrode.	A	Luggin	capillary	is	often	used	to	position	the	sensing	point	of	a	reference
electrode	at	a	desired	point	in	a	cell	close	to	the	working	electrode.	With	three-electrode	systems,	a	potentiostat	is	used.	A	potentiostat	is	an	instrument	that	controls	the	voltage	difference	between	a	WE	and	a	REF	E	(Figure	7.39).	The	potentiostat	implements	this	control	by	injecting	current	into	the	cell	through	the	auxiliary	electrode	or	CE.	In
almost	all	applications,	the	potentiostat	measures	the	current	flow	between	Graphite	counter	electrode	Cell	top	Working	electrode	contact	Reference	electrode	Cell	clamp	Cell	bottom	Luggin	capillary	Metal	sample	FIGURE	7.38	In	this	three-electrode	cell,	the	counter	electrode	(CE)	is	a	graphite	rod,	the	working	electrode	(WE)	is	located	in	the
center,	and	the	reference	electrode	(REF	E)	is	brought	close	to	the	working	electrode	surface	via	a	Luggin	capillary.	553	FIGURE	7.39	Solartron	1286	potentiostat	and	1250	frequency	response	analyzer.	(See	also	.	bioanalytical.com.)	the	working	and	auxiliary	electrodes.	A	high	impedance	is	placed	in	front	of	the	reference	electrode	to	limit	the
current	so	that	the	reference	potential	remains	constant.	A	cell	like	this	avoids	the	internal	polarization	of	the	reference	electrode	and	its	potential	degradation.	The	system	also	compensates	for	a	major	portion	of	the	cell	iR	drop.	A	potentiostat	can	be	converted	to	work	in	galvanostat	mode.	Whereas	in	potentiostat	mode	one	controls	the	potential	and
measures	the	ensuing	current,	in	galvanostat	mode	one	controls	the	current	and	measures	the	ensuing	voltage.	Voltammetry	is	an	electroanalytical	method	in	which	the	potential	of	an	indicator	electrode	is	varied	in	a	definite	manner	with	time,	and	the	current	flowing	through	the	indicator	electrode	is	measured.	Voltammetric	techniques	are
classified	according	to	the	type	of	voltage	perturbation	applied	to	the	working	or	indicator	electrodes,	i.e.,	the	way	in	which	the	voltage	signal	input	varies	with	time.	The	form	of	the	input	V(t)	function	determines	the	form	of	the	resulting	current	response	(see	some	examples	in	Table	7.12).	The	current/potential	response	curve	is	called	a
voltammogram.	The	voltammetry	method	relies	on	the	fact	that	the	current	measured	reflects	rate-determining	diffusion	of	the	analyte	species	from	the	bulk	solution	to	the	surface	of	the	indicator	electrode,	where	it	is	readily	oxidized	or	reduced.	The	solution	contains	supporting	electrolyte,	i.e.,	an	excess	of	nonreactive	electrolyte	(e.g.,	KCl	or	NaCl),
to	conduct	current	besides	the	redox	couple.	This	ensures	that	the	redox	species	reaches	the	electrode	by	diffusion	but	not	by	migration.	Under	such	conditions	of	diffusion	control,	the	measured	current	is	linearly	proportional	554	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	TABLE	7.12	Voltammetry
Examples	Potential	Excitation	Signal	Name	of	Techniques	Polarography	(DC	or	normal)	Slow	linear	scan	(or	constant	E)	AC	Polarograph	Slow	linear	scan	+	low	amplitude	sine	wave	Pulse	polarography	Square	voltage	pulses	of	increasing	amplitude	Square	voltage	pulses	of	constant	amplitude	+	linear	ramp	Linear	scan	E	Differential	pulse
polarography	Single-sweep	voltammetry	E	Mass	Transfer	Measurement	Analytical	Relation	to	Bulk	Concentration	Diffusion	i	vs.	E	id	∝	C	E	Diffusion	E	iac	vs.	E	ia	∝	C	i	i	vs.	E	id	∝	C	i	Diffusion	E	Δi	vs.	E	Diffusion	E	ip	∝	C	Diffusion	E	Triangular	scan	E	i	vs.	E	Diffusion	E	i	vs.	E	ip	∝	C	ip	∝	C						–)	(+	Switching	potentials	ve	rs	es	(	%#			&##% !$$$	% #
&##&$	#	!#% 		% 	##	ca	n	(–	+)	Time	Cycle	time	(1	ms	1	μs	typical)	FIGURE	7.40	Triangular	waveform	used	to	register	a	cyclic	voltammogram.			'	'	Re	an	/		(#	$&!!*	–	sc	ip	ip	ic	E	occurs	and/or	based	on	the	nature	of	the	currentcarrying	species	within	them.	Based	on	the	nature	and	number	of	phases,	one	typically	recognizes	electrodes	of	the	first
kind	and	electrodes	of	the	second	kind.	Based	on	the	charge	carrier	in	the	solid,	we	can	also	distinguish	between	metals,	semiconductors,	insulators,	solid	electrolytes,	and	mixed	conductors.	As	summarized	in	Table	7.10,	different	types	of	mobile	charge	carriers	characterize	the	different	types	of	electrode	materials.	Metal	electrodes	(e.g.,	Pt)	feature
electrons	as	the	mobile	charge	carriers,	whereas	semiconductors	(e.g.,	n-Si)	have	electrons	and/or	holes	that	play	that	role.	Solid	electrolytes	!!	d	i	io	/	We	distinguish	electrodes	based	on	the	nature	and	number	of	phases	between	which	electron	transfer	ar	L	E	E	Introduction	w	ip	i	i	Types	of	Electrodes	Fo	r	id	E	i	to	the	bulk	concentration	of	the
analyte	species	(see	Equation	7.124).	A	most	important	example	of	voltammetry	is	cyclic	voltammetry,	an	electrochemical	method	in	which	information	about	an	analyte	is	obtained	by	measuring	current	(i)	as	a	function	of	applied	potential	using	a	triangular	waveform	for	excitation	(Figure	7.40).	We	will	detail	the	features	of	a	cyclic	voltammogram
after	we	elucidate	the	difference	between	kinetic	and	diffusion-controlled	electrochemical	reactions.	In	Figure	7.41	we	compare	two-	and	threeelectrode	systems.	Potential	ip	L	E	i	i	+	id	i	i	i	Cyclic	voltammetry	0	Typical	Display	"&	&$$	&% 	$$+	,$	(	-			'$					(#	$&!!*			.#%#			&##% $	!$$% #	&% 	&% #	&)#*%#		$&	##$$% 		"&	&$$	&% 	$	FIGURE	7.41
Two-electrode	versus	three-electrode	system.	Electrochemical	and	Optical	Analytical	Techniques	555	(e.g.,	LaF3)	have	mobile	ions,	whereas	insulators	(e.g.,	SiO2)	possess	no	free	charge	carriers.	Mixed	conductors	(e.g.,	IrOx)	have	both	ions	and	electrons	for	conduction.	We	treat	ion-selective	electrodes	(ISEs),	also	called	membrane	electrodes,	as	a
separate	category	of	electrodes.	Membrane	electrodes	include	pH	glass	membrane	electrodes,	crystalline	solid	electrolyte	electrodes,	polymeric	electrodes,	and	membranebased	gas-sensing	probes.	reactions,	and	allows	electron	transfer	to	and	from	solution.	Gold	is	also	an	inert	metal	indicator	electrode	used	for	the	same	purpose.	Carbon	electrodes
are	often	used	because	many	redox	reactions	are	very	fast	on	a	carbon	surface	(see	also	C-MEMS	in	Volume	III,	Chapter	5).	Note	that	not	all	metals	are	electrodes	of	the	first	kind;	metals	such	as	Fe,	Al,	and	W	are	not	electrodes	of	the	first	kind	because	they	have	relatively	thick	surface	oxide	coatings	that	are	pH-sensitive.	Electrodes	of	the	First	and
Second	Kind	Electrodes	of	the	Second	Kind	Metals	in	contact	with	their	sparingly	soluble	salt	are	electrodes	of	the	second	kind,	also	called	anion	electrodes.	Examples	include	Ag/AgCl(s)	and	Hg/Hg	2Cl2(s)/Cl−	(saturated	calomel	electrode;	SCE).	As	seen	from	the	Nernst	expression	for	an	electrode	of	the	second	kind	(see	also	Exercise	7.3	on	a
Ag/AgCl	electrode):	Electrodes	of	the	First	Kind	A	metal	in	contact	with	its	cations	or	a	metal	in	contact	with	a	redox	couple	in	solution	is	called	an	electrode	of	the	first	kind.	Examples	include	Cu2+/Cu(s),	Zn2+/Zn(s),	the	standard	hydrogen	electrode	(SHE)	(i.e.,	Pt	black	in	contact	with	H2/H+),	Ag+/Ag	[nonaqueous	reference	electrode	(REF	E)],	and
Cl–/Cl2(g)/Pt.	A	working	electrode	(WE)	(e.g.,	Pt)	that	changes	potential	against	a	suitable	reference	electrode	and	senses	the	redox	couple	concentration	present	in	solution	is	an	indicator	electrode	of	the	first	kind.	The	electrode	response	of	this	type	with	respect	to	a	REF	E	is	given	by	the	Nernst	equation:	E		E0	0.0592	log	a	Mn	n	(7.57)	Often	these
sensors	respond	to	cations,	so	they	also	may	be	called	cation	electrodes.	With	an	electrode	of	the	first	kind,	the	fastest	electron-exchange	reaction,	i.e.,	the	reaction	with	the	largest	exchange	current	density	i0,e	(the	current	at	zero	external	current	and	with	no	net	reaction),	determines	the	potential	of	the	electrode.	Often	there	are	different	redox
species	involved	in	establishing	the	equilibrium	potential,	in	which	case	we	speak	about	a	mixed	potential:	zero	external	current	but	net	reaction	(e.g.,	corrosion).	The	inert	species	in	solution	(e.g.,	1	M	NaCl),	also	called	indifferent	electrolyte,	do	not,	at	zero	or	low	bias,	exchange	electrons	with	the	platinum	electrode.	Instead,	they	provide	solution
conductivity.	All	redox	couples	have	a	known	redox	potential	as	measured	against	a	standard	reference	electrode	(e.g.,	SHE).	Platinum	is	the	most	common	metal	indicator	electrode	to	measure	these	redox	potentials.	Pt	is	mostly	inert,	does	not	participate	in	E		E0	0.0592	log	a	A	n	n	(7.58)	In	this	case,	anion	activity	determines	potential.	These
electrodes	make	great	reference	electrodes	because	of	the	low	solubility	of	their	salt	(potential	very	stable).	As	said	before,	a	reference	electrode	is	an	electrode	that	does	not	change	its	potential	with	solution	composition.	By	making	the	anion	concentration	around	the	sensor	element	constant,	one	obtains	such	a	situation.	Fixing	the	anion
concentration	is	often	accomplished	by	mounting	the	electrode	in	a	glass	envelope	and	putting	a	saturated	solution	of	the	anion	in	contact	with	the	sparingly	soluble	salt	of	the	metal	wire,	which	itself	is	encapsulated	in	a	very	slowly	leaking	glass	envelope.	This	is	illustrated	for	a	Ag/AgCl	REF	E	in	Figure	7.42.	The	purpose	of	a	reference	electrode	is	to
provide	a	stable	potential	against	which	other	potentials	can	be	reliably	measured.	Criteria	for	the	selection	of	a	good	reference	electrode	include	stability	(time,	temperature)	and	reproducibility.	Importantly,	the	potential	should	not	be	altered	by	passage	of	a	small	current,	i.e.,	the	electrode	should	be	perfectly	nonpolarizable	(Figure	7.43).	The
definition	for	an	ideal	nonpolarizable	electrode	is	that	there	is	no	charge	transferred	across	the	electrode/electrolyte	interface	(in	the	case	of	a	Ag/AgCl	electrode,	all	the	charge	transfer	is	between	the	Ag	and	the	556	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	Wire	lead	Air	inlet	to	allow	electrolyte	to	drain
slowly	through	porous	plug	Ag	wire	bent	into	a	loop	Aqueous	solution	saturated	with	KCl	and	AgCl	AgCl	paste	Solid	KCl	plus	some	AgCl	Porous	plug	for	contact	with	external	solution	(salt	bridge)	FIGURE	7.42	Construction	of	a	Ag/AgCl	reference	electrode.	AgCl	instead),	and	ΔV	remains	=	0	for	a	wide	range	of	currents.	An	ideal	polarizable	electrode
(IPE)	is	one	where	the	charge	transfer	resistance	is	very	large,	so	that	Δi	=	0	for	a	large	range	of	voltages.	The	behavior	of	such	an	interface	when	the	potential	across	the	electrode	is	changed	resembles	that	of	a	plain	capacitor.	An	IPE	follows	the	standard	capacitor	equation.	The	reference	electrode	should	also	be	easily	constructed	and	convenient
for	use.	The	standard	hydrogen	electrode	is	difficult	to	use	because	Pt	black	is	easily	poisoned	by	organics,	sulfide,	cyanide,	and	so	on.	Also,	hydrogen	is	explosive,	and	sulfuric	and	hydrochloric	acids	are	very	strong	acids;	however,	SHEs	feature	one	of	most	reproducible	potentials	(±1	mV).	More	convenient	reference	electrodes	include	the	Ag/AgCl
and	the	saturated	calomel	electrode	(Hg/Hg2Cl2)	(which	has	problems	with	mercury	toxicity	though).	B	Electrode	potential	Ideal	polarized	electrode	(INPE;	electrode	of	fixed	i)	Δi	=	0	over	a	wide	range	of	V	(A	to	B)	Δi/ΔV	=	0	C	Current	Current	A	Electrode	potential	D	Ideal	nonpolarized	electrode	(INPE;	electrode	of	fixed	V	reference	electrodes)	ΔV	=
0	over	a	wide	range	of	i	(C	to	D)	Δi/ΔV	=	finite	value	FIGURE	7.43	Concept	of	polarization.	A	good	reference	electrode	is	ideally	nonpolarizable.	When	the	above	reference	electrodes	are	used	in	nonaqueous	media,	there	might	be	significant	junction	potentials.	Nonaqueous	media	can	also	cause	greater	noise,	and	electrolyte	precipitation	may	clog	the
electrode	frit.	Finally,	the	chemistry	may	be	water-sensitive.	Electrochemical	reference	electrodes	are	very	difficult	to	miniaturize,	and	when	miniaturized	they	do	not	last	very	long	because	the	internal	electrolyte	quickly	mixes	with	the	external	solution.	The	development	of	miniature	chemical	and	biological	sensors	has	been	hampered	by	this
problem.	Because	of	these	problems,	many	researchers	have	chosen	to	implement	pseudo-reference	electrodes	in	miniature	sensors.	These	pseudo-reference	electrodes,	for	example,	a	Ag/AgCl	wire	without	the	saturated	anion	solution,	only	mimick	the	behavior	of	a	real	thermodynamically	justified	electrode.	These	problems	will	be	illustrated	below
when	introducing	the	ISFET.	Earlier,	we	pointed	out	that	some	metals	with	a	relatively	thick	surface	oxide	coating	may	act	as	electrodes	of	the	second	kind,	with	the	oxide	coat	setting	up	a	pH	response.	This	may	be	interesting	as	an	alternative	for	pH	glass	electrodes.	Glass	pH	electrodes	have	their	shortcomings,	such	as	extreme	fragility,	relatively
slow	response	times,	short	lifetime,	and	very	high	impedance.	Moreover,	glass	electrodes	cannot	be	used	in	strong	alkaline,	HF,	or	organic	solutions	and	are	very	difficult	to	miniaturize.	As	a	consequence,	various	metal	oxides	have	been	tested	as	alternate,	fast,	robust,	long-lifetime,	low-impedance	pH	sensors	that	are	easier	to	miniaturize.	Most
studies	have	focused	on	Sb/Sb2O3	(widely	used	for	acid-based	titrations	or	in	solutions	containing	HF;	however,	voltage	drift	with	this	electrode	is	considerable),	Bi/Bi2O3	(used	in	alkaline	media),	Pt/PtO2,	Ir/IrOx	,	Ru/RuO2,	Os/OsO2,	Rh/	RhO2,	Ti/TiO2,	and	Sn/SnO2.	These	oxides	all	represent	mixed	conductors	with	both	electrons	and	ions	(protons)
exchanging	rapidly	at	the	interface.	Depending	on	the	relative	magnitude	of	i0,e	versus	i0,i,	the	electrode	acts	as	a	redox	probe,	a	pH	sensor,	or	both.	For	most	mixed	conductors	i0,e	>>	i0,i,	i.e.,	one	expects	severe	redox	interference	when	used	as	pH	sensors.	Of	the	metal	oxides	listed,	IrOx	holds	the	most	promise	as	a	very	fast,	stable,	557
Electrochemical	and	Optical	Analytical	Techniques	low-impedance	pH	sensor	with	surprisingly	small	redox	interference.8	As	an	example,	we	introduce	some	of	our	own	work	on	Ir/IrO	x	as	a	solid-state	ion-selective	electrode	(ISE).	Whereas	this	oxide	previously	had	been	prepared	by	electrochemical	growth	(potential	cycling),	anodic	electrodeposition,
AC	reactive	sputter	coating	(Ir	target	and	oxygen	gas),	and	thermal	oxidation,	we	showed	for	the	first	time	that	an	electrode	prepared	by	meltoxidation	in	a	lithium	carbonate	(Li	2CO3)	exhibits	a	very	reproducible,	fast	pH	response	(faster	than	a	few	tens	of	seconds)	with	low	redox	interference.	The	Nernstian	slope	(58	mV/pH)	is	close	to	ideal.	Other
good	characteristics	of	this	electrode	include	stability,	even	in	solutions	containing	F–.	The	ease	of	miniaturization	using	integrated	circuit	(IC)	techniques	is	an	additional	benefit.	The	world’s	smallest	CO2	sensor,	based	on	thin-film	IrOx	pH	sensing,	is	shown	in	Volume	II,	Figures	4.92–4.97.	An	example	IrOx-based	pH	probe	(A)	and	some	experimental
results	(B)	are	shown	in	Figure	7.44.	From	the	SEM	picture	of	an	electrode	cross-section	(C),	the	IrO	x	coating	on	the	Ir	wire	appears	as	a	20-μm-thick,	nonporous	film	with	a	columnar	grain	structure.	In	Figure	7.50	we	use	a	Ir/IrOx	wire	as	described	here	to	make	a	CO2	gas	sensor.	SensIrOx,	a	private	enterprise,	demonstrated	effective	pH
measurement	in	extreme	temperature	and	pressure	conditions	using	IrOx	probes	as	shown	in	Figure	7.44	(	).	For	example,	in	food	production	or	biological	process	monitoring,	IrO	x	probes	provide	a	safe,	nonglass	solution.	They	are	also	well-suited	for	measurements	E	/	mV	(b)	(a)	(A)	(B)	800	700	600	500	400	300	200	100	0	–100	–200	in	high	salt
solutions,	viscous	sludges	and	slurries,	or	for	wide-ranging	pH.	A	pH	sensor	based	on	IrO	x	,	suitable	for	measuring	total	acidity	number	in	nonaqueous	applications	(e.g.,	engine	oil),	was	also	developed	by	SensIrOx.	Ion-Selective	Electrodes	Introduction	Ion-selective	electrodes	(ISEs)	are	membrane	electrodes	that	exchange	ions	at	a
membrane/solution	interface.	Ideally,	these	electrodes	respond	to	one	ion	only,	and	their	equilibrium	potential	does	not	involve	redox	reactions.	ISEs	use	a	membrane	that	exchanges	ions	fast,	where	the	electric	potential	across	the	membrane/liquid	interface	depends	on	the	concentration	of	the	ion	with	the	fastest	(largest)	ion	exchange	current,	i0,i.
The	difference	in	voltage	across	the	membrane	is	measured	between	two	REF	Es:	an	internal	and	an	external	one,	as	sketched	for	the	case	of	F−	sensing	with	a	LaF3	ISE	(developed	in	1967	by	Ross)	in	Figure	7.45.	The	ion	from	solution	that	exchanges	sites	within	the	single-crystal	LaF	3	is	F−,	which	is	mobile	in	the	LaF	3	crystal	lattice,	even	at	room
temperature.	The	electrical	potential	difference	across	the	membrane	boundaries	of	an	ISE	can	be	described	by:	*E		[C	]	outer	0.0592	log	n	[C	]	inner	(7.59)	where	n	is	the	charge	on	the	analyte	ion	(1	in	the	case	of	F−),	[C	+]outer	is	the	ion	concentration	in	the	pH	=	1.0	pH	increasing	pH	decreasing	1.0	IrOx	13.0	0	10	20	30	40	50	Time	/	min	13.0	60
70	80	(C)	FIGURE	7.44	(A)	Solid-state	pH	sensor:	Ir	wire	with	IrOx	coat	(a)	and	Au	wire	contact	(b).	(B)	A	pH	titration	curve	with	IrOx,	no	hysteresis.	(C)	SEM	of	an	electrode	cross-section.	Note	this	same	type	of	pH	sensor	was	used	to	construct	the	CO2	gas	sensor	in	Figure	7.50.	558	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-
and	Nanotechnology	External	reference	electrode	ISE	Internal	reference	electrode	Internal	electrolyte	solution	Analyte	solution	LaF3	membrane	FIGURE	7.45	A	F−	ion-selective	electrode	based	on	a	single	crystal	of	the	solid	electrolyte	LaF3	as	the	membrane.	unknown	solution,	and	[C	+]inner	is	its	concentration	in	the	inner	solution.	Because	the	[C
+]inner	is	constant,	the	above	equation	can	be	simplified	to:	*E		0.0592	log	¨ªC	outer	·¹	n	(7.60)	There	is	no	change	in	the	inner	reference	solution	because	there	is	no	contact	between	the	inner	reference	electrolyte	and	the	unknown	sample	solution.	Contact	with	the	sample	solution	is	established	with	the	outer	membrane	surface	and	the	external
reference	electrode,	which	is	in	ionic	contact	via	a	Luggin	capillary.	The	potential	of	the	whole	electrochemical	cell	(at	25°C)	is	then	given	as:	E	cell		E	const	0.0592	log	a	Mn	n	(7.61)	where	n	is	the	valence	of	the	ion	that	can	be	–	(for	anions)	or	+	(for	cations)	and	a	is	the	activity	of	the	ion.	For	univalent	ions,	the	slope	is	59.16	mV/decade,	and	for
divalent	ions,	the	slope	is	29.58	mV/decade.	From	the	slope,	it	is	possible	to	tell	whether	the	electrode	is	behaving	properly.	The	selectivity	coefficient	describes	the	relative	response	of	any	electrode	to	interfering	species	and	is	defined	as:	k	A	,X		response	to	interfering	X	response	to	prrincipal	ion	A	(7.62)	The	smaller	the	value	of	k,	the	lesser	the
response	to	X.	For	example,	for	F−	sensing	with	a	LaF3	sensor	in	the	presence	of	Cl−,	the	selectivity	coefficient	is	k	F	−,Cl–	=	10−4;	in	other	words,	Cl−	ions	must	be	present	in	a	concentration	10,000	times	higher	than	F−	to	set	up	a	similar	signal	strength.	At	pH	>	8,	OH−	anions	become	a	major	interference	for	F−	measurement.	At	low	pH,	F−
exists	only	as	HF	(which	this	sensor	will	not	pick	up).	Therefore,	the	sample	must	be	buffered	at	a	pH	between	5	and	7	for	reliable	F−	analysis.	Some	requirements	that	all	membranes	in	ionselective	electrodes	must	meet	include	minimal	solubility,	a	finite	electrical	conductivity,	and	selectivity	for	one	ion	only.	The	solubility	of	an	ISE	electrode	in
analyte	solutions	typically	approaches	zero.	In	general,	the	finite	conduction	of	a	membrane	takes	the	form	of	migration	of	singly	charged	ions	within	the	membrane	(e.g.,	F−	in	LaF	3	and	Na	+	and/or	Li+	in	a	glass	electrode).	Finally,	a	membrane	or	some	species	contained	within	the	membrane	matrix	must	be	capable	of	selectively	exchanging	ions
with	analyte	ions.	The	types	of	membrane	electrodes	include	glass	electrodes,	crystalline	solid-state	electrodes,	polymer	electrodes,	and	gas-sensing	probes.	The	selectivity	of	a	membrane	electrode	is	linked	with	the	uniqueness	of	the	binding	site	for	the	intended	ion	from	solution.	Ideally,	there	would	be	only	one	type	of	binding	site	in	the	membrane
with	exclusive	selectivity	for	the	intended	ion.	In	practice,	surfaces	are	very	complex,	often	involving	fractals	as	encountered	on	the	beach,	trees,	snowflakes,	and	so	on,	rather	than	atomically	sharp	transitions	(see	Figure	7.13).	This	implies	that	a	binding	site	at	the	surface	might	find	itself	in	a	variety	of	energetic	configurations	with	different
associated	binding	constants/selectivities	for	the	analyte.	As	a	consequence,	absolute	selectivity	with	one	sensor	material	cannot	be	achieved.	In	Volume	III,	Chapter	10	on	MEMS	and	NEMS,	we	illustrate	how	using	an	array	of	sensors	in	an	electronic	tongue	or	in	an	electronic	nose	might	present	a	possible	alternative	to	more	selective	sensing.	Glass
Electrodes	A	traditional	pH	(pondus	Hydrogenii;	literally	hydrogen	exponent)	Electrochemical	and	Optical	Analytical	Techniques	H+	H+	–O	H+	H+	H+	Internal	solution	H+	O–	H+	–O	O–	–O	O–	–O	O–	H+	H+	External	solution	FIGURE	7.46	The	Donnan	potential	on	a	thin	pH-sensitive	glass	membrane	is	established	on	both	sides	of	the	membrane.
measurement	with	a	glass	electrode	qualifies	as	a	potentiometric	ion-selective	electrode	(ISE)	(e.g.,	a	thin	glass	layer	with	a	composition	of	22%	Na	2O,	6%	CaO,	and	72%	SiO2),	and	it	is	the	most	common	solid-state	ISE.	The	H+	ion	is	the	only	one	that	significantly	exchanges	with	the	outer	hydrated	glass	layer	(see	Figure	7.46).	The	proton	exchange
at	the	glass/solution	interface	results	in	a	charge	buildup,	establishing	the	socalled	Donnan	potential.	The	Donnan	potential	is	also	established	at	the	glass	membrane/internal	solution	interface	and	is	kept	constant	by	the	fixed	pH	of	the	internal	electrolyte	(inner	reference),	whereas	the	Donnan	potential	on	the	other	side	of	the	membrane	is
determined	by	the	analyte	solution	pH	(Figure	7.46).	Na+	or	Li+	ions	that	are	present	in	the	glass	carry	the	electrical	current	by	migrating	from	one	side	to	the	other.	A	combination	electrode	used	for	pH	measurements	utilizes	a	combination	of	a	silver	reference	electrode	and	a	glass	electrode	as	shown	in	Figure	7.47.	pH	half-cell	Internal	buffer
solution	The	pH	response	of	a	glass	electrode,	based	on	Equation	7.61	and	the	fact	that	pH	=	–log	[H+],	is	given	by:	E	cell		E	const		0.0592	pH	Glass	pH-sensing	membrane	Hydrated	inner	gel	layer	Dry	glass	middle	layer	Hydrated	outer	gel	layer	FIGURE	7.47	A	combination	pH	sensor.	(7.63)	A	glass	electrode	is	calibrated	with	several	buffers	close	to
the	pH	of	the	unknown	solution.	It	is	also	important	that	the	glass	electrode	be	kept	hydrated	when	not	in	use.	If	not,	the	hydrated	gel	layer	of	the	glass	dries	out,	and	the	electrode	has	to	be	reconditioned/rehydrated	for	several	hours	before	use.	The	selectivity	of	a	glass	electrode	strongly	depends	on	the	glass	composition,	with	a	Li2Ocontaining	glass
having	a	selectivity	coefficient	k	H+,Na+	of	≈	10	−11	−	10	−13	and	a	Na	2O-containing	glass	having	a	k	H+,Na+	of	≈	10	−10.	An	“alkaline	error”	can	result	when	cations	other	than	H+	are	present	in	large	excess	in	the	solution.	These	cations	can	exchange	for	H+	in	the	outer	glass	gel	layer.	However,	the	glass	can	be	carefully	selected	to	reduce	the
effect	of	interfering	ions.	On	the	other	hand,	by	adding	alumina	to	the	glass	composition,	selectivity	can	be	changed	for	the	determination	of	other	univalent	ions	such	as	Na+.	The	resistance	(impedance)	of	a	glass	pH	sensor	is	very	high	(100	MΩ	to	more	than	1000	MΩ),	which	requires	the	input	amplifier	of	the	pH	meter	to	be	very	high;	the	input
impedance	of	the	meter	must	be	at	least	100	times	greater	than	that	of	the	sensor	(high-input	impedance	amplifier	with	field	effect	transistor	input	stage).	However,	very	high	Reference	half-cell	Reference	electrolyte	Glass	body	Ag/AgCI	wire	559	Ag/AgCI	wire	Reference	junction	560	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-
and	Nanotechnology	impedance	can	make	the	measurement	noisy,	and	the	smaller	the	sensor,	the	bigger	this	problem	becomes.	We	will	come	back	to	this	aspect	of	miniaturized	electrochemical	sensors	when	covering	ISFETs.	We	saw	earlier	how	glass	pH	electrodes	have	many	shortcomings,	such	as	extreme	fragility,	relatively	slow	response	time,
short	lifetime,	and	very	high	impedance.	We	have	also	shown	how	IrOx	holds	promise	as	a	very	good	alternative,	as	a	stable,	low-impedance	pH	sensor	with	small	redox	interference	(although	hydrogen	is	detrimental).	Crystalline	Solid-State	ISEs	Solid-state	ISEs	are	based	on	inorganic	crystals	such	as	single-crystal	LaF3,	as	we	explored	earlier	for	F−
sensing.	Doping	of	the	LaF3	with	EuF2	creates	anion	vacancies	in	the	crystal,	allowing	F−	anions	to	jump	back	and	forth	between	the	solution	and	the	vacancies	in	the	solid.	This	leads	to	a	dynamic	equilibrium	that	establishes	a	Donnan	potential	at	the	crystal/	solution	interface	(F−	has	a	larger	ion	exchange	current	i0,i	than	any	other	ion	at	the
LaF3/electrolyte	interface).	The	F−	sensor	cell	in	Figure	7.45	can	be	annotated	as:	Ag(s)	|	AgCl(s)	|	NaCl,	NaF(aq)	|	LaF3	crystal	|	ext.	soln	||	saturated	KCl	and	AgCl(aq)	|	AgCl(s)	|	Ag(s)	The	response	of	this	electrode	is	given	by:	E	cell		E	const	0.0592	log[F	]		E	const	0.0592	pF	(7.64)	The	solid-state	membrane	may	be	a	single	crystal,	polycrystalline,
or	a	mixed	pellet	of	an	ionic	salt.	Mixed	pellets	of	Ag	2S	(with	a	solubility	constant	ksp	of	10−31)	and	AgX	respond	to	X−,	where	X	=	Cl,	Br,	I.	The	charge	transporting	species	in	Ag	2S	electrodes	is	Ag+.	Ion-selective	electrodes	for	Cu	2+,	Cd2+,	and	Pb2+	can	be	made	by	mixing	CuS,	CdS,	or	PbS	with	Ag2S.	All	mixed	pellet	Ag	2S	electrodes	also
respond	to	Ag+,	so	this	will	be	an	interferent.	Some	example	solid-state	ISEs	for	anion	sensing	are	shown	in	Table	7.13.	Polymer-Based	ISEs	Liquid-	and	polymer-based	ISEs	use	a	mobile	carrier	(also	ion	exchanger,	chelator,	or	ionophore	=	ion	carrying,	from	the	Greek	phoros,	meaning	“bearing”)	in	an	organic	solvent	or	a	polymer	matrix,
respectively,	to	render	that	liquid	or	polymer	ion-selective.	We	will	restrict	ourselves	here	to	the	discussion	of	polymer-based	ISEs	because	they	are	easier	to	miniaturize	than	liquid-based	ISEs.	The	ionophore	is	typically	a	hydrophobic	species	that	is	a	chelator	of	the	species	of	interest.	An	ion-selective	polymeric	membrane,	say	for	a	potassium	ion
sensor,	is	made	by	mixing	a	K+	ionophore	such	as	1%	valinomycin	(a	natural-occurring	antibiotic)	with	33%	polyvinyl	chloride	(PVC)	and	66%	plasticizer	(to	make	the	rigid	plastic	more	flexible:	plasticized	PVC	acts	like	a	sponge).	The	valinomycin	(Figure	7.48)	in	the	membrane	selectively	exchanges	potassium	ions	from	the	solution	(with	a	selectivity
for	K+	over	Na	+	of	k	K	,Na	=	−4.3)	setting	up	a	Donnan	potential	at	the	interface.	The	atomic	radius	of	K	+	is	1.33	Å	and	that	of	Na	+	is	0.95	Å.	With	only	this	difference	to	work	with,	valinomycin	manages	to	select	for	the	K+	ion	over	the	Na	+	ion	by	a	factor	of	nearly	5000.	No	significant	amount	of	counterions	from	solution	may	enter	the
membrane	phase,	or	selectivity	will	be	lost.	To	achieve	this	so-called	Donnan	exclusion	of	counterions,	counterions	must	also	be	present	TABLE	7.13	Examples	of	Solid-State	ISEs	for	Anions	Concentration	Range	(M)	Membrane	Material	pH	Range	Interfering	Species	F	Cl−	10	−	1	10−4	−	1	LaF3	AgCl	5–8	2–11	OH	(0.1	M)	−	−	CN	,	S2−,	I	,	S2O23,	Br
Br−	I−	SCN−	10−5	−	1	10−6	−	1	10−5	−	1	AgBr	AgI	AgSCN	2–12	3–12	2–12	CN	,	S2−,	I	S2−	CN−	S2−	10−6	−	10−2	10−5	−	1	AgI	Ag2S	11–13	13–14	Ion	−	−6	−	−	−	−	−	−	−	S2−,	I	,	CN	,	Br	,	S2O23	−	S2−,	I	Electrochemical	and	Optical	Analytical	Techniques	By	using	a	combination	of	thin-	and	thick-film	deposition	techniques,	one	can	fabricate
planar	ISEs	on	an	inexpensive	substrate	as	shown	in	Figure	7.49b.	Thin-film	silver	electrodes	are	vapor	deposited	through	a	stencil	mask	on	a	polyimide	substrate.	The	top	layer	of	the	Ag	is	converted	to	AgCl	by	dipping	in	a	FeCl3	solution.	Silk	screening	of	hydrogels	with	the	appropriate	electrolytes	completes	the	internal	and	external	reference
electrodes.	The	internal	reference	side	is	now	covered	with	the	ISE	membrane	using	a	drop	delivery	technique,	whereas	the	external	reference	side	is	covered	with	a	dielectric	membrane	(also	using	drop	delivery)	with	a	small	laser-cut	hole	for	Luggin	capillary.	By	simply	changing	the	ionophore	in	the	membrane,	different	ISEs	can	be	fabricated.
Although	we	show	only	one	ISE	in	this	figure,	many	planar	sensors	can	be	made	in	parallel	(batch	fabrication!).	By	switching	from	a	3D	to	2D	architecture,	mass	production	of	minute,	polymeric	ISEs	(e.g.,	2	×	3	mm	per	sensor)	becomes	possible,	resulting	in	inexpensive	(disposable),	reproducible	biosensors	for	ions	such	as	Ca	2+,	Na	+,	K+,	NO3−,
Cl−,	and	so	on.	For	ease	of	manufacturing,	planar	ISEs	often	do	not	use	an	internal	reference	solution.	This	makes	the	electrodes	easier	to	handle	and	store,	but	voltage	drift	tends	to	be	larger	because	there	is	no	pinning	of	the	Donnan	potential	on	the	internal	reference	side	with	a	fixed	reference	ion	concentration.	The	manufacturing	approach
sketched	here	is	contrasted	further	below	(under	ISFETs)	with	an	approach	where	the	electronics	are	integrated.	In	Volume	III,	Chapter	1	we	elaborate	on	the	MEMS	batch	and	continuous	mode	manufacture	of	arrays	FIGURE	7.48	Valinomycin	ionophore	for	K+	ion.	in	the	membrane	itself.	To	accomplish	this,	lipophilic	counterions	are	added	to	the
membrane	cocktail	[e.g.,	from	sodium	tetrakis[3,5-bis(trifluoromethyl)	phenyl]borate	or	NaTFPB].	Addition	of	lipophilic	salts	to	the	membrane	improves	selectivity	and	also	reduces	the	impedance	of	the	probe.	In	a	3D	ISE	embodiment,	as	shown	in	Figure	7.49a	the	membrane	potential	is	measured	between	an	internal	and	an	external	reference
electrode.	Equation	7.61	gives	the	Nernstian	response	of	polymeric	membrane	electrodes.	Ionophores	for	anions	are	harder	to	find	than	ionophores	for	cations	because	anions	come	in	all	types	of	shapes	(e.g.,	SCN−	is	linear	but	SO42−	is	stetrahedral),	whereas	cations	are	mostly	spherical	(see	Figure	7.48).	Anion	exchangers	are	typically	R4N+	salts,
and	they	respond	according	to	the	hydrophobicity	of	the	anions;	this	is	the	Hofmeister	series:	ClO4−	>	SCN−	>	I−	>	NO3−	>	Br	−	>	Cl−	(a)	Ag/AgCl	Ag/AgCl	Inner	solution	Inner	solution	(b)	Evaporated	Ag	film	Insulation	layer	Hydrogel	on	reference	electrodes	with	internal	electrolyte	Analyte	Membrane	(e.g.,	potassium,	sodium,	pH,	etc.)	561	Ion-
selective	membrane	Chloriodized	Ag	(AgCl)	FIGURE	7.49	(a)	A	3D	measuring	setup	for	polymeric	ISEs.	(b)	A	miniaturized	2D	polymeric	ISE.	562	Solid-State	Physics,	Fluidics,	and	Analytical	Techniques	in	Micro-	and	Nanotechnology	of	ISEs.	In	Table	7.14	we	list	membrane	compositions	and	selectivities	of	important	ISEs.	Membrane-Based	Gas-
Sensing	Probes	Gases	that	react	with	water,	which	causes	freeing	or	absorbing	of	protons	in	the	electrolyte,	can	be	detected	by	a	pH-sensitive	element,	e.g.,	a	glass	or	an	IrOx	electrode.	A	gas-permeable	membrane	(microporous),	such	as	a	100-μm-thick	Gore-Tex®	film,	separates	the	unknown	sample	from	a	pH	probe	and	a	reference	electrode
immersed	together	in	a	small	internal	solution	(no	ions	can	cross	the	gas-permeable	membrane).	The	pH	of	the	internal	solution	provides	one	with	a	measure	of	the	gas	content	of	the	analyte	solution.	Gases	that	can	be	quantified	this	way	include	CO2,	NH3,	and	H2S.	A	direct	proportionality	exists	between	the	concentration	of	the	neutral	gas	and	the
measured	pH.	For	example,	in	the	case	of	the	Severinghaus-type	CO2	sensor,	depicted	in	Figure	7.50,	the	indicator	electrode	is	only	H+	-sensitive,	and	the	potential	of	the	reference	is	constant	because	of	the	constant	Cl−	concentration	in	the	internal	electrolyte.	Therefore,	the	potential	of	the	pH	sensor	in	the	internal	reservoir	is	given	as:	E		E	0
0.059	log	a	H	The	CO2	gas	penetrates	through	the	gas-permeable	membrane	and	reacts	with	the	inner	electrolyte,	TABLE	7.14	Membrane	Compositions	and	Selectivities	of	Important	Ion-Selective	Electrodes	Analyte	Membrane	Type	H+	Glass	H+	Polymer	Na+	Glass	Na+	Polymer	K+	Polymer	Li+	Polymer	Li+	Polymer	Ca2+	Polymer	Ca2+	Polymer
Mg2+	Polymer	Ag+	Solid	state	(7.65)	Membrane	composition	Linear	Range	(–log	ai)	log	Kpoti,j	72.2%	SiO2,	6.4%	CaO,	21.4%	Na2O	(mol%)	Tri-n-dodecylamine,	PVC,	bis-2-ethylhexylsebacate,	tetraphenylborate	11%	Na2O,18%	Al2O3,	71%	SiO2	2–12	Na+:−11	K+:−11	3–12	Na+:	−10.4	K+:	−9.8	Ca2+:	−11	1–6	ETH	227,	PVC,	2-nitrophenyloctyl
ether,	tetraphenylborate	Valinomycin,	PVC,	dioctyladipate	1–3	ETH	1810,	PVC,	2-nitrophenyloctyl	ether,	tetraphenylborate	Dodecylmethyl-14crown-4,	PVC,	2-nitrophenyloctyl	ether,	tetraphenylborate	ETH	1001,	PVC,	2-nitrophenyloctyl	ether,	tetraphenylborate	Ca-di-(n-decyl)	phosphate,	PVC,	di(n-octylphenyl)	phosphonate	ETH	5282,	PVC,	2-
nitrophenyloctyl	ether,	KTpCIPB	Ag2S	300°C,	a	low	dielectric	constant	ε,	good	chemical	stability,	and	ease	of	processing.	However,	its	tendency	to	absorb	moisture	causes	the	polyimide	layers	to	swell	and	their	dielectric	constants	to	increase	significantly.	Various	polyimide	analogs	have	been	developed	to	avoid	the	latter	undesirable	property.31	A
common	approach	to	reduce	the	dielectric	constant	of	polyimides	is	the	inclusion	of		1,2	organofluorine	components,	in	the	form	of	pendant	perfluoroalkyl	groups.	The	polyamic	acid	precursor	for	fluorinated	polyimides	is	commonly	based	on	hexafluorodianhydrideoxydianiline	(HFDA-ODA).	The	inclusion	of	fluorinated	monomers	in	the	polyimide
backbone	reduces	moisture	absorption	and	the	dielectric	constant.	Unfortunately,	these	modified	polyimides	generally	show	an	increased	susceptibility	to	chemical	attack,	making	their	use	in	multilayer	fabrication	questionable.	However,	newer	formulations	have	improved	the	chemical	resistance	of	polyimides	and	have	demonstrated	a	unique	wet
etch	capability	for	making	vias	with	aspect	ratios	approaching	1.2:1.	Polyimide	can	be	“wet	etched”	using	a	strong	alkaline	solution	Photolithography	O	NH2	+O	OH	O	O	O	NH	NH2	O	H2N	Diamine	O	33	NH	H2N	O	Dianhydride	O	O	HO	n	Polyamic	acid	(H2O)	O	H2N	N	O	O	N	O	NH2	n	Polyimide	FIGURE	1.26	Typical	imidization	process	used	to	form
polyimides	from	polyamic	acid.	such	as	TMAH.	For	dry	etching	of	polyimide,	one	can	use	plasma-enhanced	chemical	vapor	deposition	(PECVD)	silicon	nitride	as	a	mask	with	an	O2	plasma	etch	(possibly	adding	some	CF4).	Tougher	polyimide	formulations	are	commercially	available	in	polyamic	acid	form	from	Amoco	under	the	trade	name	Ultradel.
They	have	a	slightly	modified	chemical	structure	based	on	hexafluorodianhydrideaminophenoxy-biphenyl	(HFDA-APBP).	The	newest	polyimides	are	extremely	versatile	materials	and	are	used,	for	example,	as	stress-release	layers	in	multichip	modules,	low	dielectric	insulation	layers,32	and	even	as	optical	waveguides	based	on	fluorinated	polyimides33
(Figure	1.27;	see	also	Chapter	3	on	dry	etching,	Example	3.4).	Ultradel	9000D	is	a	soluble,	preimidized,	fluorinated	polymer	with	properties	optimized	for	integrated	optical	applications.	FIGURE	1.27	Flexible	polyimide	waveguide	from	Mitsui	Chemicals.	(Shioda,	T.	2007.	Next	generation	packaging	technology	which	supports	the	ubiquitous	devices.
Application	of	the	flexible	optical	waveguide	to	the	consumer	products.	Electr	Parts	Mater	46:38–42.35)	Typical	absorption	losses	in	the	near-IR	range	from	0.2–0.4	dB/cm.	In	MEMS,	polyimides	have	been	used,	for	example,	as	flexible	hinges	in	mechanical	miniaturized	structures	(see	Figure	7.86).34	Both	nonphotosensitive	polyimides	and
photosensitive	polyimides	(negative	and	positive)	are	available.	Photosensitive	polyimides	have	been	processed	in	mass	production	lines	using	g-line	(436	nm)	and	i-line	(365	nm)	exposure	tools.	Using	photosensitive	polyimides	in	manufacturing	reduces	the	number	of	process	steps	dramatically	compared	with	the	use	of	nonphotosensitive	polyimides.
This	is	illustrated	in	Figure	1.28	for	making	polyimide	vias	in	packaging.	Positive	tone	polyimides,	as	used	in	Figure	1.28,	are	relatively	new	and	were	developed	by	HD	Microsystems,	a	joint	venture	between	Hitachi	Chemical	and	Dupont	(http://	www.hdmicrosystems.com).	The	positive	tone	polyimides	are	more	environmentally	friendly	than	negative
tone	polyimides	because	of	reduced	organic	solvents	and	associated	volatile	organic	compounds.	These	positive	tone	resists	also	enable	the	process	to	use	industry-standard	TMAH	developers.	Polyimide	films	very	strongly	absorb	UV	light	less	than	350	nm.	This	absorbency	is	a	result	of	the	polymer’s	high	aromaticity	that	is	also	responsible	for	the
exceptional	thermal	properties	of	polyimides,	which	allows	for	processing	at	greater	than	400°C.	Polyimides	in	packaging	and	MEMS	are	further	reviewed	in	Volume	III,	Chapter	4	on	packaging.	Whereas	in	IC	fabrication,	sacrificial	resist	layers	of	1	μm	or	less	are	common,	in	miniaturization	34	Manufacturing	Techniques	for	Microfabrication	and
Nanotechnology	FIGURE	1.28	Comparison	of	conventional	polyimide	process	and	positive	acting	photosensitive	polyimide	process	in	packaging.	The	photosensitive	polyimide	process	eliminates	multiple	steps	and	decreases	cycle	time.	(Flack,	W.,	S.	Kulas,	and	C.	Franklin.	2000.	Process	characterization	of	an	aqueous	developable	photosensitive
polyimide	as	a	broadband	stepper.	SPIE.	3999–45.36)	science,	3D	structures	frequently	require	thick	permanent	resist	layers,	capable	of	high	resolution	and	high	aspect	ratios.	Relatively	new,	chemically	amplified	deep	UV	resist	systems,	such	as	SU-8,	can	be	applied	in	very	thick	layers	(>100	μm)	and	have	excellent	sensitivity,	high	resolution,	low
optical	absorption,	high	aspect	ratio,	and	good	thermal	and	chemical	stability.	These	properties	make	SU-8	a	good	candidate	for	molds	and	other	permanent	MEMS	structures.	SU-8	is	an	acid-catalyzed	negative	photoresist,	made	by	dissolving	EPON®-SU-8	resin	(registered	trademark	of	Shell	Chemical	Company,	)	in	an	organic	solvent	such	as
cyclopentanone	solvent	or	GBL	(γ-butyrolactone)	and	adding	a	photoinitiator.	The	viscosity,	and	hence	the	range	of	thicknesses	accessible,	is	determined	by	the	ratio	of	solvent	to	resin.	The	EPON	resist	is	a	multifunctional,	highly	branched	epoxy	derivative	that	consists	of	bisphenol-A	novolak	glycidyl	ether	(Figure	1.29).	On	average,	a	single	molecule
contains	eight	epoxy	groups,	which	explains	the	“8”	in	the	name	SU-8.	The	material	has	become	a	major	Photolithography	O	C2HC	O	C2HC	CH2	O	C	C2HC	CH2	O	O	C	O	C2HC	CH2	O	C	H3C	CH3	O	C2HC	CH2	O	CH2	CH2	H3C	CH3	C2HC	CH2	O	CH2	H3C	CH3	O	O	CH2	H3C	O	35	C	CH3	O	C2HC	CH2	O	C2HC	CH2	O	FIGURE	1.29	Glycidyl	ether	of
bisphenol	A:	SU-8:	cross-linking	reaction	of	carboxy	functional	polymer	with	diepoxide.	workhorse	in	miniaturization	science.	In	a	chemically	amplified	resist	like	SU-8,	one	photon	produces	a	photoproduct	that	in	turn	causes	hundreds	of	reactions	to	change	the	solubility	of	the	film.	Because	each	photolytic	reaction	results	in	an	“amplification”	via
catalysis,	this	concept	is	dubbed	“chemical	amplification”.37	We	touch	briefly	on	resist	amplification	here,	in	the	context	of	SU-8	photoresist	only,	but	will	discuss	the	underlying	principles	in	more	detail	in	“Strategies	for	Improved	Resolution	through	Improved	Resist	Performance”	(this	chapter).	Scientists	at	IBM	discovered	that	certain
photoinitiators,	such	as	onium	salts,	polymerize	low-cost	epoxy	resins	such	as	EPON®-SU-8.	An	onium	salt,	on	UV	exposure,	generates	a	strong	Lewis	acid	and	catalyzes	the	cationic	polymerization	of	the	resin.	These	salts	are	called	photochemical	acid	generators	(PAGs),	and	their	action	constitutes	excellent	dissolution	inhibition	of	a	phenolic	resin.
In	contrast	with	conventional	free-radical	initiators,	an	onium	salt	cationic	photoinitiator,	for	example,	triphenylsulfonium	hexafluoroantimonate,	is	oxygen	insensitive	and	stable	over	a	wide	temperature	range.	On	UV	exposure	of	the	resist,	Lewis	acids	are	released	within	the	resist	matrix,	forming	a	latent	image—a	3D	distribution	of	the	catalytic
photoproduct—	and	image	formation	is	realized	after	an	activating	postexposure	baking	(PEB),	as	shown	in	Figure	1.30.	Not	only	UV	light	in	the	365–436-nm	range	but	also	electrons	and	x-rays	initiate	a	high	level	of	cross-	linking	density,	converting	the	SU-8	photoepoxy	into	a	strong	polymer	with	a	Tg	of	more	than	200°C	(the	Tg	of	the	unexposed
resist	is	55°C).38	During	the	PEB,	the	generated	photoacid	initiates	the	ring	opening	of	the	epoxy	groups,	and	extensive	cross-linking	makes	the	SU-8	insoluble.	An	SU-8	soft	bake	is	typically	carried	out	at	95°C,	and	a	hard	bake	at	200°C.	Hot	plating,	on	a	level	hot	plate,	is	preferred	over	an	oven	heat	treatment.	For	developing	a	130-μm-thick	SU-8
film,	a	5-minute	dip	in	undiluted	propylene	glycol	methyl	ether	acetate,	a	rinse	with	isopropyl	alcohol,	and	repeat	of	this	procedure	until	all	the	unpolymerized	material	is	dissolved	works	best.	SU-8	resist,	patented	by	IBM	in	1992,	was	originally	developed	for	e-beam	lithography39	and	became	commercially	available	in	1996.	Because	of	its	aromatic
functionality	and	highly	crosslinked	matrix,	the	SU-8	resist	is	thermally	stable	and	chemically	very	inert.	After	a	hard	bake,	it	withstands	nitric	acid,	acetone,	and	even	NaOH	at	90°C,	and	it	is	more	resistant	to	prolonged	plasma	etching	and	better	suited	as	a	mold	for	electroplating	than	PMMA.*	The	low	molecular	weight	[∼7000	±	(1000)]	and
multifunctional	nature	of	the	epoxy	gives	it	the	high	cross-linking	propensity,	which	*	PMMA	or	poly(methyl	2-methylpropenoate)	is	the	synthetic	polymer	of	methyl	methacrylate.	This	thermoplastic	and	transparent	plastic	is	sold	by	the	trade	names	Plexiglas,	Limacryl,	R-Cast,	Perspex,	Plazcryl,	Acrylex,	Acrylite,	Acrylplast,	Altuglas,	Polycast,	and
Lucite	and	is	commonly	called	acrylic	glass	or	simply	acrylic	36	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	Region	of	unexposed	photoresist	H+	PAG	Neutralized	photoresist	Resist	T-topping	H+	PAG	H+	H+	H+	PAG	H+	PAG	H+	Development	PAG	PAG	H+	PAG	H+	PAG	H+	Acid-catalyzed	reaction	of	exposed	resist	(post
PEB)	FIGURE	1.30	SU-8	is	a	negative-type	amplified	photoresist.	Where	light	strikes	the	photochemical	acid	generators	(PAGs),	a	Lewis	acid	is	released	within	the	resist	matrix,	forming	a	latent	image—a	3D	distribution	of	the	catalytic	photoproduct—and	image	formation	is	realized	after	an	activating	postexposure	bake	(PEB).	After	development	a	T-
topped	structure	often	results	(see	text).	also	reduces	the	solvent-induced	swelling	typically	associated	with	negative	resists.	As	a	result,	very	fine	feature	resolution,	unprecedented	for	negative	resists,	has	been	obtained,	and	epoxy-based	formulations	are	now	used	in	high-resolution	semiconductor	devices,	such	as	0.35	μm	CMOS	logic	(e.g.,	with
CGR*	chemically	amplified	negative	resist).	Low	molecular	weight	characteristics	also	translate	into	high	contrast	and	high	solubility.	Because	of	their	high	solubility	(up	to	85%	solids	by	weight	in	solvents	such	as	methyl-iso-butyl	ketone),	very	concentrated	resist	casting	formulations	can	be	prepared.	The	increased	concentration	benefits	thick	film
deposition	(up	to	500	μm	in	one	coat)	and	planarization	of	extreme	topographies.	The	high	epoxy	content	promotes	strong	SU-8	adhesion	to	many	types	of	substrates	and	makes	the	material	highly	sensitive	to	UV	exposure.	On	the	negative	side,	strong	adhesion	makes	stripping	of	the	exposed	SU-8	material	currently	one	of	the	most	problematic
aspects.	Stripping	of	SU-8	may	be	carried	out	with	hot	1-methyl-2-pyrrolidon,	plasma,	or	laser	ablation.	There	are	other	issues	to	be	resolved	with	this	resist;	for	example,	thermal	mismatch	of	SU-8	on	a	Si	substrate	(the	thermal	expansion	coefficient	*	CGR,	chemically	amplified	resist	based	on	poly(p-hydroxystyrene)	or	its	copolymers	with	styrene	or
vinylcyclohexane	with	powderlink	crosslinker	and	a	photochemical	acid	generator.	α.	for	silicon	is	2.361	ppm/K	vs.	21–52	ppm/K	for	SU-8)	produces	stress	and	may	cause	film	cracking.	Moreover,	the	absorption	spectrum	of	SU-8	shows	much	higher	absorption	coefficients	at	shorter	wavelengths.	As	a	result,	lithography	using	a	broadband	light	source
tends	to	result	in	overexposure	at	the	surface	of	the	resist	layer	and	underexposure	at	the	bottom.	The	resulting	developed	photoresist	tends	to	have	a	negative	slope,	which	is	not	good	for	mold	applications:	the	mold	sidewall	should	have	a	positive	or	at	least	a	vertical	slope	for	easy	release	of	the	molded	part	from	the	mold.	The	exaggerated	negative
slope	at	the	top	of	the	resist	structure	surface	is	often	called	T-topping	(see	Figure	1.30).	UV	light	shorter	than	350	nm	is	strongly	absorbed	near	the	surface,	creating	locally	more	acid	that	diffuses	sideways	along	the	top	surface.	Selective	filtration	of	the	light	source	is	often	used	to	eliminate	these	undesirable	shorter	wavelengths	(90°	overcut	28;
most,	including	this	author,	refer	to	this	type	of	resist	profile	as	an	undercut	(Figure	1.37a).	Shallow	resist	angles	(90°)	is	required	for	metal	liftoff.	(b)	A	vertical	(75–90°	resist	sidewall	angle)	slope	is	desirable	for	a	perfect	fidelity	transfer	of	the	image	on	the	mask	to	the	resist.	(c)	Shallow	resist	angles	(45–75°	<	90°)	enable	continuous	deposition	of
thin	films	over	the	resist	sidewalls.	Photolithography	films	over	the	resist	sidewalls	(Figure	1.37c).	A	vertical	(90°	resist	sidewall	angle)	slope	is	desirable	for	a	perfect	fidelity	transfer	of	the	image	on	the	mask	to	the	resist	(Figure	1.37b).	If	resist	sidewalls	are	perpendicular,	or	if	the	resist	layer	is	undercut,	a	deposited	metal	is	likely	to	be
noncontinuous:	there	is	a	separation	between	the	desired	and	the	undesired	metal	for	a	liftoff	process.	In	the	case	of	a	shallow	slope,	the	deposit	is	continuous.	In	general,	after	development	of	negative	and	positive	resists,	three	different	photoresist	wall	profiles	may	be	obtained	as	summarized	in	Figure	1.37	and	tabulated	in	Table	1.9.	In	the	table,	R
is	the	development	rate	of	the	exposed	region,	R0	is	the	development	rate	of	the	unexposed	region,	and	γ	is	the	resist	contrast.	The	resist	contrast	will	be	explained	in	greater	detail	later	in	this	chapter.	This	table	also	lists	typical	applications	for	each	resist	profile.	First,	we	will	concentrate	on	the	dependence	of	the	resist	profile	of	a	positive	resist	on
exposure	dose	and	development	mode.	In	a	developer-dominated	process,	“force”	developed	with	R/R0	<	5,	a	shallow	outward	sloping	resist	profile	results,	and	thinning	of	the	entire	resist	layer	occurs.	For	positive	resists,	the	shallow	angle	is	the	most	typical	profile	with	a	45–75°	resist	wall	angle.	With	a	quenched	developer,	R/R0	=	5–10,	and	a
moderate	dose,	a	straight	resist	wall	profile	results	(∼90°,	e.g.,	75–95°).	In	the	vertical	wall	case,	the	removal	of	the	laterally	exposed	region	has	been	inhibited,	and	a	perfect	pattern	transfer	of	the	mask	features	onto	the	resist	is	obtained.	An	undercut	profile	is	difficult	to	achieve	in	positive	resists	because	the	optical	exposure	dose	(and	hence	the
development	rate	of	the	system)	is	greater	at	the	surface	than	at	the	resist/substrate	interface,	resulting	in	a	normal	profile	with	shallow	resist	angles.	An	undercut	profile	is	desirable	for	liftoff	processes	in	which	deposited	layers	are	lifted	from	the	substrate	TABLE	1.9	Photoresist	Profiles	Overview	Profile	Developer	Influence	Dose	(A)	Positive	resists
undercut	(a)	95–110°	High	(often	with	backscatter	radiation)	Low	R	>10	g	R0	>6	Vertical	(b)	75–95°	Normal	dose	Moderate	5–10	10:1)	features	and	straight	sidewalled	images	in	thick	film	(>200	μm)	using	standard	lithography.218,219	SU-8	imaged	films	were	used	as	stencils	to	plate	Permalloy	for	magnetic	motors.218	Patterns	generated	with	these
thick	resist	technologies	should	be	compared	with	LIGA-generated	patterns,	not	only	in	terms	of	aspect	ratio	but	also	in	terms	of	sidewall	roughness	and	sidewall	run-out.	Such	a	comparison	will	determine	which	surface	machining	technique	to	use	for	the	job.	Porous	Polysilicon	In	Chapter	4,	we	discussed	the	transformation	of	single-crystal	Si	into	a
porous	material	with	porosity	and	pore	sizes	determined	by	the	current	density,	type,	and	concentration	of	the	dopant,	and	the	hydrofluoric	acid	concentration.	A	transition	from	pore	formation	to	electropolishing	is	reached	by	increasing	the	current	density	and/or	by	decreasing	the	hydrofluoric	acid	concentration.101,102	Porous	silicon	can	also	be
formed	under	similar	conditions	from	LPCVD	polysilicon.103	In	this	case,	pores	roughly	follow	the	grain	boundaries	of	the	polysilicon.	Figure	7.91	illustrates	the	masking	and	process	sequence	to	prepare	a	wafer	to	make	thin	layers	of	porous	Si	between	two	insulating	layers	of	low	494	Manufacturing	Techniques	for	Microfabrication	and
Nanotechnology	FIGURE	7.91	Masking	and	process	sequence	preparing	a	wafer	for	laterally	grown	porous	polysilicon.	(From	Field,	L.	1987.	EECS/ERL	Res.	summary.	University	of	California,	Berkeley.	With	permission.	220)	stress	silicon	nitride.220	The	wafer,	after	the	process	steps	outlined	in	Figure	7.91,	is	put	in	a	Teflon	test	fixture,	protecting
the	back	from	HF	attack.	An	electrical	contact	is	established	on	the	back	of	the	wafer,	and	a	potential	is	applied	with	respect	to	a	platinum-wire	counter	electrode	immersed	in	the	same	HF	solution.	Electrolytes	consisting	of	5–49	wt%	HF	and	current	densities	from	0.1–50	A	cm–2	are	used.	The	advance	of	a	pore-etching	front,	growing	parallel	to	the
wafer	surface,	may	be	monitored	using	a	line-width	measurement	tool.	The	highest	observed	rate	of	porous-silicon	formation	is	15	μm	min–1	(in	25	wt%	HF).	In	the	electropolishing	regime,	at	the	highest	currents,	the	etch	rate	is	diffusion	limited,	but	the	reaction	is	controlled	by	surface	reaction	kinetics	in	the	porous	Si	growth	regime.	By	changing
the	conditions	from	pore	formation	to	electropolishing	and	back	to	porous	Si,	an	enclosed	chamber	may	be	formed	with	porous	polysilicon	walls	(plugs)	and	“floor	and	ceiling”	silicon	nitride	layers.	Sealing	of	the	cavities	by	clogging	the	microporous	polysilicon	was	attempted	by	room	temperature	oxidation	in	air	and	in	an	H2O2	solution.	Leakage
through	the	porous	plug	persisted	after	those	room	temperature	oxidation	treatments,	but	with	a	Ag	deposition	from	a	400-mM	AgNO3	solution	and	subsequent	atmospheric	tarnishing	(48	h,	Ag	2S)	the	chambers	appeared	to	be	sealed,	as	determined	from	the	lack	of	penetration	by	methanol.	This	technology	might	open	up	possibilities	for	filling
cavities	with	liquids	and	gases	under	lowtemperature	conditions.	The	chamber	provided	with	a	porous	plug	might	also	make	a	suitable	on-chip	electrochemical	reference	electrode	with	an	electrolyte	reservoir.	Hydrofluoric	acid	can	penetrate	thin	layers	of	polysilicon	either	at	foreign	particle	inclusion	sites	or	at	other	critical	film	defects,	such	as	grain
boundaries	(see	above).	This	way,	the	HF	can	etch	underlying	oxide	layers,	creating,	for	example,	circular	regions	of	freestanding	polysilicon,	so-called	blisters.	The	polysilicon	permeability	associated	with	blistering	of	polysilicon	films	has	been	applied	successfully	by	Judy	et	al.221,222	to	produce	thin-shelled	hollow	beam	electrostatic	resonators
from	thin	polysilicon	films	deposited	onto	PSG.	The	possible	advantage	of	using	these	hollowed	structures	is	to	obtain	a	higher	resonator	quality	factor	Q.	The	devices	were	made	in	such	a	way	that	the	0.3-μm-thick	undoped	polysilicon	completely	encased	a	PSG	core.	After	annealing,	the	structures	were	placed	in	HF,	which	penetrated	the	polysilicon
shell	and	dissolved	away	the	PSG,	eliminating	the	need	for	etch	windows.	It	was	not	possible	to	discern	the	pathways	through	the	polysilicon	using	TEM.	Lebouitz	et	al.223	applied	permeable	polysilicon	etch-access	windows	to	increase	the	speed	of	creating	microshells	for	packaging	surface-micromachined	components.	After	etching	the	PSG	through
the	many	permeable	Si	windows,	the	shell	is	sealed	with	0.8	μm	of	low-stress	LPCVD	nitride.	Porous	Si	can	be	used	very	effectively	as	a	sacrificial	layer	both	in	polysilicon	surface	micromachining	and	in	SOI	micromachining	(see	Table	7.23).139	The	high	surface	area	of	the	porous	Si	results	in	rapid	etching	in	KOH	at	room	temperature.	The	porous
layer	can	be	formed	directly	under	a	deposited	layer	or	under	the	epilayer	in	SOI	surface	micromachining.	Silicon	is	not	the	only	material	that	can	be	converted	into	a	porous	sponge-like	material.	Most	semiconductor	materials	can	be	modified	this	way,	and	in	Volume	III,	Chapter	5	on	selected	MEMS	and	NEMS	materials	we	discuss	micromachining
of	Physical	and	Chemical	Vapor	Deposition—Thin	Film	Properties	and	Surface	Micromachining	high-aspect-ratio	structures	in	porous	anodic	aluminum	oxide.	The	latter	enables	a	class	of	MEMS	applications	such	as	high-temperature	gas	microsensors,	vacuum	microelectronics,	RF-MEMS,	nozzles,	filters,	membranes,	and	so	on.224	Comparison	of
Bulk	Micromachining	with	Surface	Micromachining	Surface	and	bulk	micromachining	have	many	processes	in	common.	Both	techniques	rely	heavily	on	photolithography;	oxidation;	diffusion	and	ion	implantation;	LPCVD	and	PECVD	for	oxide,	nitride,	and	oxynitride;	plasma	etching;	use	of	polysilicon;	and	metallizations	with	sputtered,	evaporated,	and
plated	Al,	Au,	Ti,	Pt,	Cr,	and	Ni.	Where	the	techniques	differ	is	in	the	use	of	anisotropic	etchants,	anodic	and	fusion	bonding,	(100)	versus	(110)	starting	material,	p+	etch	stops,	double-sided	processing	and	electrochemical	etching	in	bulk	micromachining,	and	the	use	of	dry	etching	in	patterning	and	isotropic	etchants	in	release	steps	for	surface
micromachines.	Combinations	of	substrate	and	surface	micromachining	also	frequently	appear.	The	use	of	polysilicon	avoids	many	challenging	processing	difficulties	associated	with	bulk	micromachining	and	offers	new	degrees	of	freedom	for	the	design	of	integrated	sensors	and	actuators.	Design	freedom	includes	many	more	possible	shapes	in	the
x,y	plane	and	the	ease	of	integration	of	several	sensors	on	one	die	(e.g.,	a	two-axis	accelerometer).	The	technology	combined	with	sacrificial	layers	also	allows	the	nearly	indispensable	further	advantage	of	in	situ	assembly	of	the	tiny	mechanical	structures	because	the	structures	are	preassembled	as	a	consequence	of	the	fabrication	sequence.	Another
advantage	focuses	on	thermal	and	electrical	isolation	of	polysilicon	elements.	Polycrystalline	piezoresistors	can	be	deposited	and	patterned	on	membranes	of	other	materials,	for	example,	on	a	SiO2	dielectric.	This	configuration	is	particularly	useful	for	hightemperature	applications.	The	p-n	junctions	act	as	the	only	electrical	insulation	in	the	single-
crystal	sensors,	resulting	in	high	leakage	currents	at	high	temperatures,	whereas	current	leakage	for	the	polysilicon/SiO2	structure	virtually	does	not	exist.	The	limits	of	surface	micromachining	are	striking.	CVD	silicon	usually	caps	at	layers	no	thicker	than	1–2	μm	495	because	of	residual	stress	in	the	films	and	the	slow	deposition	process	(thick
polysilicon	needs	further	investigation).*	A	combination	of	a	large	variety	of	layers	may	produce	complicated	structures,	but	each	layer	is	still	limited	in	thickness.	Also,	the	wet	chemistry	needed	to	remove	the	interleaved	layers	may	require	many	hours	of	etching	(except	when	using	the	porous	Si	option	discussed	above),	and	even	then	stiction	often
results.	The	structures	made	from	polycrystal	silicon	exhibit	inferior	electronic	and	slightly	inferior	mechanical	properties	compared	with	single-crystal	silicon.	For	example,	polysilicon	has	a	lower	piezoresistive	coefficient	(resulting	in	a	gauge	factor	of	30	vs.	90	for	single-crystal	Si),	and	it	has	a	somewhat	lower	mechanical	fracture	strength.
Polysilicon	also	warps	because	of	the	difference	of	thermal	expansion	coefficient	between	polysilicon	and	single-crystal	silicon.	Its	mechanical	properties	strongly	depend	on	processing	procedures	and	parameters.	Table	7.25	introduces	a	comparison	of	surface	micromachining	with	wet	bulk	micromachining.	The	status	depicted	reflects	the	mid-1990s
and	only	includes	polysilicon	surface	micromachining.	As	discussed,	SOI	micromachining,	thick	polysilicon,	hinged	polysilicon,	polyimide,	and	millimetermolded	polysilicon	structures	have	dramatically	expanded	the	application	bandwidth	of	surface	micromachining.	In	Chapter	10	on	replication	techniques-LIGA,	we	will	see	how	x-ray	lithography
further	expands	the	z-direction	for	new	surfacemicromachined	devices	with	unprecedented	aspect	ratios	and	extremely	low	surface	roughness.	In	Table	7.26	we	compare	physical	properties	of	single-crystal	silicon	with	those	of	polysilicon.	Although	polysilicon	can	be	an	excellent	mechanical	material,	it	remains	a	poor	electronic	material.
Reproducible	mechanical	characteristics	are	difficult	and	complex	to	consistently	realize.	Fortunately,	SOI	surface	micromachining	and	other	newly	emerging	surface	micromachining	techniques	can	alleviate	many	of	the	problems.229	*	As	a	direct	consequence,	the	inertial	mass	in	a	surface-micromachined	accelerometer,	such	as	the	ADXL05	from
Analog	Devices,	is	only	0.3	μg,	and	the	corresponding	noise,	dominated	by	Brownian	noise,	is	500	μg/√Hz.	By	contrast,	the	mass	for	a	bulk-micromachined	accelerometer	can	easily	be	made	100	μg.	496	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	TABLE	7.25	Comparison	of	Bulk	Micromachining	with	Surface	Micromachining
Bulk	Micromachining	Surface	Micromachining	Large	features	with	substantial	mass	and	thickness	Uses	both	sides	of	the	wafer	Vertical	dimensions:	one	or	more	wafer	thicknesses	Generally	involves	laminating	Si	wafer	to	Si	or	glass	Piezoresistive	or	capacitive	sensing	Wafers	may	be	fragile	near	the	end	of	the	production	Sawing,	packaging,	testing	is
difficult	Some	mature	products	and	producers	Not	very	compatible	with	IC	technology	Small	features	with	low	thickness	and	mass	Multiple	deposition	and	etching	required	to	build	up	structures	Vertical	dimensions	are	limited	to	the	thickness	of	the	deposited	layers	(~2	μm)	leading	to	compliant	suspended	structures	with	the	tendency	to	stick	to	the
support	Surface	micromachined	device	has	its	built-in	support	and	is	more	cost	effective	Capacitive	and	resonant	sensing	mechanisms	Cleanliness	critical	near	end	of	process	Sawing,	packaging,	testing	is	difficult	No	mature	products	or	producers	Natural	but	complicated	integration	with	circuitry;	integration	is	often	required	due	to	the	tiny
capacitive	signals	Source:	Adapted	from	Jerman,	H.	1994.	Hard	copies	of	viewgraphs	presented	in	Banff,	Canada.90	TABLE	7.26	Comparison	of	Materials	Properties	of	Si	Single	Crystal	with	Crystalline	Polysilicon	Material	Property	Single-Crystal	Si	(SCS)	Thermal	conductivity	(W/cm°K)	1.57	Thermal	expansion	(10−6/°K)	Specific	heat	(cal/g°K)
Piezoresistive	coefficients	2.33	0.169	n-Si	(π11	=	−102.2)	p-Si	(π44	=	+138.1)	e.g.,	gauge	factor	of	90	Refractive	index	Mobility	(cm2/V/s)	Holes:	600	Electrons:	1500	2.32	6	11.9	None	0.0017	(p-type)	Density	(cm−3)	Fracture	strength	(GPa)	Dielectric	constant	Residual	stress	Temperature	resistivity	coefficient	(°C−1)TCR	Poisson	ratio	0.262	max	for
(111)	1.90	(111)	Young’s	modulus	(1011	N/m2)	Resistivity	at	room	temperature	Depends	on	doping	(ohm.cm)	Polysilicon	Strong	function	of	the	grain	structure	of	the	film;	0.30–0.35	(for	fine	grains	and	double	that	for	larger	grains)	2–2.8	0.169	e.g.,	gauge	factor	of	30	(>50	with	laser	recrystallization)	4.1	at	600	nm	Maximum	for	electrons:	30	2.32	0.8–
2.84	(Undoped	polysilicon)	Sharp	maxima	of	4.2	and	3.4	eV	at	295	and	365	nm,	respectively	Depends	on	structure	as	deposited	films	are	compressive	0.0012	nonlinear,	+	or	−	through	selective	doping,	increases	with	decreasing	doping	level	can	be	made	0!	0.23	1.61	Strong	function	of	the	grain	structure	of	the	film.	Plateaus	at	4	10−4	above	1	1021
cm−3	P	(always	higher	than	for	SCS)	Source:	Based	on	Lin,	L.	1993.	Selective	encapsulations	of	MEMS:	micro	channels,	needles,	resonators,	and	electromechanical	filters.	PhD	thesis.	University	of	California,	Berkeley;225	Adams,	A.	C.	1988.	VLSI	technology.	Ed.	S.	M.	Sze.	New	York:	McGraw-Hill;30	Kamins,	T.	1988.	Polycrystalline	silicon	for
integrated	circuits.	Boston:	Kluwer;78	and	Heuberger,	A.	1989.	Mikromechanik.	Heidelberg:	Springer	Verlag.227	(See	also	Volume	I,	Table	4.15.)	Examples	Example	7.9:	Analog	Devices	Accelerometer	Both	Robert	Bosch	GmbH	(Stuttgart,	Germany)	and	Analog	Devices	(Norwood,	MA)	offer	surface-micromachined	accelerometers	based	on	lateral
resonators.	We	will	only	review	the	Analog	Devices	ADXL	accelerometer	product	family	here.	The	ADXL-50	constituted	the	first	commercially	available	surface-micromachined	MEMS	structures.	Today,	surface-micromachined	accelerometers	are	incorporated	in	Ford	and	General	Motors	cars,	among	others,	as	well	as	inside	joysticks	for	computer
games,	robots,	watches,	and	shoes.	Physical	and	Chemical	Vapor	Deposition—Thin	Film	Properties	and	Surface	Micromachining	FIGURE	7.92	Analog	Devices’	ADXL-50	accelerometer	with	a	surface-micromachined	capacitive	sensor	(center),	on-chip	excitation,	self-test,	and	signal-conditioning	circuitry.	(From	Core,	T.	A.,	W.	K.	Tsang,	and	S.	J.
Sherman.	1993.	Fabrication	technology	for	an	integrated	surface-micromachined	sensor.	Solid	State	Technol	36:39–47.	With	permission.119)	To	facilitate	integration	of	their	surface-micromachined	accelerometers	with	on-board	electronics,	Analog	Devices	opted	for	a	mature	4-μm	BiCMOS	process.119	BiCMOS	is	a	manufacturing	process	for
semiconductor	devices	that	combines	bipolar	and	CMOS	to	give	the	best	balance	between	available	output	current	and	power	consumption.	Figure	7.92	presents	a	photograph	of	the	finished	accelerometer	with	on-chip	excitation,	self-test,	and	signal	conditioning	circuitry.	The	suspended	comb-like	H-shaped	structure	in	the	center	of	the	die	is	the
sensitive	element,	and	its	primary	axis	of	sensitivity	lies	in	the	plane	of	the	die	(x-y	plane).	In	bulk	micromachining,	the	sense	axis	is	more	often	orthogonal	to	the	plane	of	the	die	(z-axis).	The	polysilicon-sensing	element	of	the	ADLAX-50	only	occupies	5%	of	the	total	die	area	and	consists	of	three	sets	of	2-μm-thick	polysilicon	finger-like	electrodes
(Figure	7.93).	Two	sets	are	anchored	to	the	substrate,	and	a	third	set	is	suspended	about	1	μm	above	the	surface	by	means	of	two	folded	polysilicon	beams	acting	as	suspension	springs.	The	fingers	of	the	movable	shuttle	mass	are	interlaced	with	the	fingers	of	the	two	fixed	sets.	The	whole	chip	measures	500	×	625	μm	and	operates	as	an	automotive
airbag	deployment	sensor.	The	measurement	accuracy	is	5%	over	the	±50-g	range.	Deceleration	in	the	axis	of	sensitivity	exerts	a	force	on	the	central	mass	that,	in	turn,	displaces	497	FIGURE	7.93	Illustration	of	the	basic	mechanical	structure	of	Analog	Devices’	ADXL	family	of	surface-micromachined	accelerometers.	A	comb-like	plate	suspended	from
springs	forms	the	inertial	mass.	Displacements	of	the	mass	are	measured	capacitively	with	respect	to	two	sets	of	stationary	finger-like	electrodes.	(Based	on	Maluf,	N.	2000.	An	introduction	to	microelectromechanical	systems	engineering.	Boston:	Artech	House.	3)	the	interleaved	capacitor	plates,	causing	a	fractional	change	in	capacitance.	The	overall
capacitance	is	small,	typically	on	the	order	of	100	fF,	and	for	the	ADXL-05	(rated	at	±5	g),	with	an	inertial	mass	of	0.3	μg	only,	the	capacitance	change	is	as	small	as	100	aF.197	These	small	capacitance	changes	necessitate	on-chip	integrated	electronics	to	reduce	the	impact	of	parasitic	sources.	In	operation,	the	ADXL	family	has	a	force-balance
electronic	control	loop	to	prevent	the	mass	from	macroscopic	movements,	greatly	improving	output	linearity	because	the	center	element	never	moves	by	more	than	a	few	nanometers.	Applying	a	large-amplitude,	low-frequency	voltage,	below	the	natural	frequency	of	the	sensor,	allows	one	to	compensate	for	accelerometer	plate	movement	by	external
acceleration.	At	the	same	time,	the	sensing	excitation	frequency	(1	MHz)	is	much	higher	than	the	resonant	frequency,	so	that	it	does	not	produce	an	actuation	force	on	the	capacitor	plates.	As	long	as	sense	and	actuation	signals	do	not	interfere,	sense	and	actuation	plates	may	be	the	same.	Straight	flexures	were	used	for	the	layout	of	the	lateral
resonator	shuttle	mass	(see	also	Figure	7.76a).	In	the	sensor	design,	n+	underpasses	connect	the	sensor	area	to	the	electronic	circuitry,	replacing	the	usual	heat	sensitive	aluminum	connect	lines.	Most	of	the	sensor	processing	is	498	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	7.94	Preparation	of	IC	chip	for
polysilicon.	(a)	Sensor	area	post-BPSG	planarization	and	moat	mask.	(b)	Blanket	deposition	of	thin	oxide	and	thin	nitride	layer.	(c)	Bumps	and	anchors	made	in	LTO	spacer	layer.	(From	Core,	T.	A.,	W.	K.	Tsang,	and	S.	J.	Sherman.	1993.	Fabrication	technology	for	an	integrated	surface-micromachined	sensor.	Solid	State	Technol	36:39–47.	With
permission.119)	inserted	into	the	BiCMOS	process	right	after	the	borophosphosilicate	glass	(BPSG)	planarization.	After	planarization,	a	designated	sensor	region	or	moat	is	cleared	in	the	center	of	the	die	(Figure	7.94a).	A	thin	oxide	is	then	deposited	to	passivate	the	n+	underpass	connects,	followed	by	a	thin,	low-pressure,	vapor-deposited	nitride	to
act	as	an	etch	stop	(buffer	layer)	for	the	final	polysilicon	release	etch	(Figure	7.94b).	The	spacer	or	sacrificial	oxide	used	is	a	1.6-μm	densified	low-temperature	oxide	(LTO)	deposited	over	the	whole	die	(Figure	7.94c).	In	a	first	timed	etch,	small	depressions	that	will	form	bumps	or	dimples	on	the	underside	of	the	polysilicon	sensor	are	created	in	the
LTO	layer.	These	will	limit	stiction	in	case	the	sensor	comes	in	contact	with	the	substrate.	A	subsequent	etch	cuts	anchors	into	the	spacer	layer	to	provide	regions	of	electrical	and	mechanical	contact	(Figure	7.94c).	The	2-μm-thick	sensor	polysilicon	is	then	deposited,	implanted,	annealed,	and	patterned	(Figure	7.95a).	The	relatively	deep	junctions	of
the	BiCMOS	process	permit	the	polysilicon	thermal	anneal	and	brief	dielectric	densifications	without	resulting	in	degradation	of	the	electronic	functions.	Next	is	the	IC	metallization,	which	starts	with	the	removal	of	the	sacrificial	spacer	oxide	from	the	circuit	area	along	with	the	LPCVD	nitride	and	LTO	layer.	A	low-temperature	oxide	is	deposited	on
the	polysilicon	sensor	part,	and	contact	openings	appear	in	the	IC	part	of	the	die	where	platinum	is	deposited	to	form	a	platinum	silicide	(Figure	7.95b).	The	trimmable	thin-film	material,	TiW	barrier	metal,	and	Al/Cu	interconnect	metal	are	sputtered	on	and	patterned	in	the	IC	area.	The	circuit	area	is	then	passivated	in	two	separate	deposition	steps.
First,	plasma	oxide	is	deposited	and	patterned	(Figure	7.95c),	followed	by	a	plasma	nitride	(Figure	7.96a)	to	form	a	seal	with	the	earlier	deposited	LPCVD	nitride.	The	nitride	acts	as	an	HF	barrier	in	the	subsequent	long	etch	release.	The	plasma	oxide	left	on	the	sensor	acts	as	an	etch	stop	for	the	removal	of	the	plasma	nitride.	Subsequently,	the	sensor
area	is	prepared	for	the	final	release	etch.	FIGURE	7.95	Polysilicon	deposition	and	IC	metallization.	(a)	Cross-sectional	view	after	polysilicon	deposition,	implant,	anneal,	and	patterning.	(b)	Sensor	area	after	removal	of	dielectrics	from	circuit	area,	contact	mask,	and	Pt	silicide.	(c)	Metallization	scheme	and	plasma	oxide	passivation	and	patterning.
(From	Core,	T.	A.,	W.	K.	Tsang,	and	S.	J.	Sherman.	1993.	Fabrication	technology	for	an	integrated	surface-micromachined	sensor.	Solid	State	Technol	36:39–47.	With	permission.119)	Physical	and	Chemical	Vapor	Deposition—Thin	Film	Properties	and	Surface	Micromachining	499	FIGURE	7.97	Texas	Instruments	DMD	pixel	array.	One	pixel	has	been
removed	to	show	the	silicon	chip	below	the	reflective	aluminum	mirrors.	FIGURE	7.96	Prerelease	preparation	and	release.	(a)	Postplasma	nitride	passivation	and	patterning.	(b)	Photoresist	protection	of	the	IC.	(c)	Freestanding,	released	polysilicon	beam.	(From	Core,	T.	A.,	W.	K.	Tsang,	and	S.	J.	Sherman.	1993.	Fabrication	technology	for	an
integrated	surface-micromachined	sensor.	Solid	State	Technol	36:39–47.	With	permission.119)	above	the	silicon	substrate	by	thin	compliant	L-shaped	hinges	(made	from	a	proprietary	Al	alloy)	anchored	to	the	underlying	substrate	by	two	stationary	posts.	The	different	components	of	an	individual	micromirror	are	illustrated	in	Figure	7.99.	Two	bias
electrodes	tilt	the	mirror	either	+10°	or	–10°	by	applying	24	V	between	one	electrode	or	the	other	and	the	yoke.	Offaxis	illumination	of	the	Al	mirror	reflects	into	the	projection	lens	only	when	the	micromirror	is	in	its	+10°	state,	producing	a	bright	appearance	or	ON	state.	In	the	flat	position	and	in	the	–10°	state	the	pixel	appears	dark.	In	the	fully
deflected	position,	the	yoke	touches	a	landing	The	undensified	dielectrics	are	removed	from	the	sensor,	and	the	final	protective	resist	mask	is	applied.	The	photoresist	protects	the	circuit	area	from	the	long-term	buffered	oxide	etch	(Figure	7.96b).	The	final	device	cross-section	is	shown	in	Figure	7.96c.	Example	7.10:	TI	Micromirrors	In	1987	the	first
digital	micromirror	device	(DMD™)	was	developed	at	TI	by	Dr.	Larry	Hornbeck	[US	Patent	4,615,595	(October	7,	1986)].	A	typical	DMD	consists	of	a	2D	array	of	optical	switching	elements	(pixels)	on	a	silicon	substrate,	as	shown	in	Figure	7.97.	Two	pixels	are	schematically	illustrated	in	Figure	7.98	together	with	the	underlying	Si	chip	and	circuitry.
Each	pixel	is	made	up	of	a	reflective	aluminum	micromirror	supported	from	a	central	post.	The	central	mirror	post	at	the	back	of	the	mirror	is	mounted	on	a	lower	aluminum	metal	platform—the	yoke.	The	yoke	is	suspended	FIGURE	7.98	Schematic	of	two	pixels	in	a	Texas	Instruments	of	a	DMD.	The	mirrors	are	made	transparent	for	clarity	of	the



drawing.	The	+10°	mirror	is	in	the	ON	position,	and	the	−10°	is	in	the	OFF	position.	500	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	7.99	Illustration	of	the	various	components	of	a	single	DMD	pixel.	The	basic	structure	consists	of	a	bottom	aluminum	layer	containing	two	electrodes,	a	middle	aluminum	layer
containing	a	yoke	suspended	by	two	torsional	hinges,	and	a	top	reflective	aluminum	mirror.	An	applied	electrostatic	voltage	on	a	bias	electrode	deflects	the	yoke	and	the	mirror	toward	that	electrode.	A	pixel	measures	approximately	17	μm	on	a	side.	(Adapted	from	Maluf,	N.	2000.	An	introduction	to	microelectromechanical	systems	engineering.
Boston:	Artech	House.	3)	site	with	its	landing	tips,	and	because	the	landing	site	is	biased	at	the	same	voltage,	electrical	shorting	is	prevented.	Once	the	applied	voltage	is	removed,	the	springy	aluminum	alloy	hinges	restore	the	micromirror	to	its	initial	position.	A	standard	DMD	microchip	contains	more	than	442,000	switchable	mirrors	on	a	surface
5/8	in.	wide.	Mirrors	are	switched	according	to	memory	impulses	stored	in	static-random-access	memory	(SRAM)	cells	beneath	the	tiny	array,	with	mirrors	tilting	plus	or	minus	10º	to	reflect	light	into	or	away	from	an	imaging	lens.	The	mirrors	can	be	independently	cycled	at	100,000	flips/s.	Grays	can	be	achieved	by	multiple	mirrors	or	by	flipping	the
mirror	quickly	between	black	and	white	states.	Colors	can	be	generated	by	having	the	incident	light	shine	through	a	rotating	disk	divided	into	three	colored	segments:	red,	blue,	and	green.	A	separate	image	is	generated	for	each	color,	timed	to	appear	as	the	appropriate	segment	covers	the	light	source.	Printing	and	display	technology	can	now	enjoy
the	advantage	of	digital	fidelity	and	digital	stability.	In	Figure	7.99,	one	single	pixel	is	illustrated	with	its	various	components.197	FIGURE	7.100	Fabrication	steps	of	the	Texas	Instruments	DMD.	Steps	(a)	through	(f)	are	explained	in	the	text.	(Based	on	Maluf,	N.	2000.	An	introduction	to	microelectromechanical	systems	engineering.	Boston:	Artech
House.3)	Physical	and	Chemical	Vapor	Deposition—Thin	Film	Properties	and	Surface	Micromachining	The	surface	micromachining	process	to	fabricate	DMDs	on	wafers	incorporating	CMOS	electronic	address	and	control	circuitry	is	illustrated	in	Figure	7.100.	Because	of	the	underlying	active	circuitry	and	the	presence	of	Al	metal	for	connectors	and
MEMS	structures,	all	micromachining	process	steps	are	carried	out	at	temperatures	less	than	400ºC.	After	completing	the	CMOS	circuitry,	a	thick	oxide	is	deposited	over	the	whole	Si	wafer	and	is	chemomechanically	polished	to	provide	a	flat	surface	to	start	building	the	mirror	array.	A	sputter-deposited	Al	layer	is	patterned	to	provide	bias	and
address	electrodes,	landing	pads,	and	electrical	interconnects	to	the	underlying	electronics.	Hardened	photoresist	is	used	as	the	sacrificial	material	(Figure	7.100a).	A	proprietary	Al	alloy	is	sputter	deposited	to	form	the	hinges	for	the	mirror.	It	is	the	nature	of	this	aluminum	alloy	that	secures	the	mechanical	integrity	of	the	mirror	actuation.
Subsequently,	the	torsion	hinge	regions	are	protected	by	a	patterned	thin	PECVD-deposited	silicon	dioxide	(Figure	7.100b).	In	the	next	step,	a	thicker	coat	of	another	proprietary	aluminum	alloy	is	deposited	to	form	the	yoke	structure;	this	new	coat	of	Al	buries	the	thin	oxide	hinge	mask.	A	second	PECVD	oxide	mask	is	deposited	over	this	second	level
of	Al	metal	and	patterned	in	the	shape	of	the	yoke	and	anchor	posts	(Figure	7.100c).	In	a	dry	etch	step,	the	exposed	aluminum	areas	are	removed	down	to	the	organic	sacrificial	resist	except	where	the	oxide	hinge	mask	remains.	In	those	regions,	only	the	thick	yoke	metal	is	removed,	stopping	on	the	SiO2	mask	and	so	preserving	the	underlying	hinge
structure	(Figure	7.100d).	Both	thin	layers	of	PECVD	oxide	mask	are	stripped	before	a	second	layer	of	sacrificial	resists	is	deposited,	UV-hardened,	and	patterned.	A	third	aluminum	alloy	is	sputter	deposited	and	defines	the	mirror	and	the	central	mirror	post.	Again	a	thin	layer	of	PECVD	silicon	dioxide	is	deposited	and	patterned	to	define	the	mirror
(Figure	7.100e).	An	oxygen	plasma	etch	removes	both	sacrificial	layers	and	releases	the	micromirrors	(Figure	7.100f).	Finally	after	release	a	special	passivation	step	deposits	a	thin	antistiction	layer	to	prevent	adhesion	between	the	yoke	tips	and	the	landing	pads.	Because	the	weight	of	the	micromirrors	is	insignificant,	the	DMD	micromirrors	can
withstand	1500-G	mechanical	shocks.	Optimization	of	the	501	hinge	metal	alloy	and	fabrication	processes	have	resulted	in	a	mean	time	between	failure	of	more	than	100,000	h.	Invented	by	Larry	Hornbeck	at	TI,	DMD	is	the	key	component	in	more	than	17	projector	brands	and	brought	the	first	digital	cinema	to	Star	Wars	and	Toy	Story	II.	A	competing
technology,	the	actuated	mirror	array	(AMA;	now	Daewoo’s	TMA)	invented	by	Gregory	Um,	is	also	a	MEMS	technology.	Unlike	DMD,	TMA	is	built	with	piezo	materials,	and	for	high	resolution	its	large	array	size	and	consequent	cost	still	pose	“sticky	issues,”	but	it	achieves	brightness	15%	higher	than	any	other	projector.	DMDs	are	also	used	in	place	of
masks	to	map	the	human	genome.	At	the	University	of	Wisconsin,	arrays	for	“gene	expression	analysis,”	usually	produced	with	lithographic	masks	like	displays,	are	being	replaced	with	the	same	DMD	used	for	projection	display	to	make	“virtual	masks”	containing	nearly	half	a	million	features.	For	his	amazing	piece	of	engineering,	TI’s	Larry	J.
Hornbeck	received	the	first	Emmy	Award	ever	bestowed	for	a	projection	display	technology.	Questions	7.1:	What	is	the	mean	free	path	(MFP)?	How	can	you	increase	the	MFP	in	a	vacuum	chamber?	For	metal	deposition	in	an	evaporation	system,	compare	the	distance	between	target	and	evaporation	source	with	the	working	MFP.	Which	one	has	the
smaller	dimension?	1	atmosphere	pressure	=	…	mm	Hg	=	…	torr.	What	are	the	physical	dimensions	of	impingement	rate?	7.2:	If	we	want	to	deposit	a	metal	film	on	a	substrate	by	resistance	heated	evaporation	(as	opposed	to	E-beam),	what	kind	of	metals	are	preferred?	How	is	the	thickness	of	a	deposited	thin	film	measured	during	evaporation?	7.3:
Why	is	sputter	deposition	so	much	slower	than	evaporation	deposition?	Make	a	detailed	comparison	of	the	two	deposition	methods.	7.4:	Develop	the	principal	equation	for	the	material	flux	to	a	substrate	in	a	CVD	process,	and	indicate	how	one	moves	from	a	mass	transport	limited	to	reaction-rate	limited	regime.	502	7.5:	7.6:	7.7:	7.8:	Manufacturing
Techniques	for	Microfabrication	and	Nanotechnology	Explain	why,	in	one	case,	wafers	can	be	stacked	close	and	vertically,	while	in	the	other	a	horizontal	stacking	is	preferred.	Describe	step	coverage	in	CVD	processes.	Explain	how	gas	pressure	and	surface	temperature	may	influence	the	different	coverage	profiles.	Compare	sputter	deposition	with
evaporation	for	a	simple	metal	such	as	Ag.	Compare	the	two	techniques	for	as	many	different	parameters	as	you	remember.	Give	examples	where	you	would	use	one	technique	over	the	other.	CVD:	(a)	Show	different	types	of	step	coverage	and	explain	the	most	important	parameters	influencing	each.	(b)	Describe	the	difference	between	PECVD	and
LPCVD.	What	are	the	characteristics	of	electron	beam	heated	evaporation	compared	to	resistance	heated	evaporation?	Mark	correct	answers	with	an	X.	(	)	It	is	more	complex.	(	)	It	is	very	versatile.	(	)	It	only	works	under	lower	temperatures.	(	)	Everything	a	resistance	heated	evaporator	can	deposit	can	also	be	accommodated	by	electron	beam	heated
evaporation.	(	)	A	magnetic	field	can	be	used	to	increase	the	temperature.	(	)	It	is	not	possible	to	provide	a	large	evaporant	surface	area	in	electron	beam	heated	evaporation.	(	)	The	adhesion	between	an	evaporant	and	a	substrate	is	accomplished	by	local	reactions	(sticking).	Titanium	and	chromium	are	often	used	as	a	“glue”	to	improve	the	adhesion
between	an	evaporant	and	a	substrate.	(	)	When	the	partial	pressure	of	an	evaporant	vapor	exceeds	its	equilibrium	vapor	pressure,	it	will	condense.	(	)	When	a	system	is	under	equilibrium	vapor	pressure,	the	net	transfer	rate	of	material	from	one	state	to	the	other	state	is	equal	to	1.	(	)	The	cosine	law	is	the	underlying	principle	that	a	Kundsen	cell	can
deposit	a	perfectly	uniform	coating	inside	a	spherical	glass	jar.	7.9:	Design	at	least	three	micromachines	enabling	the	testing	of	thin	film	mechanical	properties.	7.10:	Detail	several	processes	to	create	vacuum	shells	in	a	solid.	7.11:	Consider	a	MEMS-based	condenser	acoustic	transducer	as	shown	in	the	figure	below.	The	diaphragm	is	made	of	silicon
nitride,	and	the	back	plate	is	perforated.	A	stress	gauge	was	used	to	measure	the	stress	in	the	silicon	nitride	and	was	found	to	be	1.5	×	108N/m2.								!	$				!		"	$					!#		% 	(a)	Write	the	differential	equation	governing	the	dynamic	behavior	of	the	movable	diaphragm.	(b)	Solve	the	differential	equation	under	the	3	cases	of	overdamped,	underdamped,	and
critically	damped	conditions.	(c)	Calculate	the	mass	of	the	diaphragm,	the	small	signal	capacitance,	and	the	airstreaming	resistance	as	per	the	layout	shown	if	the	device	is	to	be	operated	in	air	and	water.	(d)	Calculate	the	cut-off	frequency	for	the	overdamped	case	in	air	and	in	water.	7.12:	Discuss	the	advantages/disadvantages	of	using	surface	vs.
bulk	micromachining.	7.13:	Define	the	following	terms	in	3–4	lines	with	examples	where	applicable:	LPCVD	PECVD	DRIE	Difference	between	RIE	and	plasma	etching	LIGA	process	SCREAM	process	Physical	and	Chemical	Vapor	Deposition—Thin	Film	Properties	and	Surface	Micromachining	7.14:	7.15:	7.16:	7.17:	7.18:	Silicon	fusion	bonding	Dissolved
wafer	process	Describe	5	methods	you	could	implement	to	prevent	stiction	between	surface	micromachined	components.	Design	a	comb	drive	for	the	MUMPs	process.	(a)	Show	the	mask	layouts	(top	view)	of	the	relevant	layers.	(b)	Calculate	the	maximum	force,	maximum	displacement,	and	resonance	frequency	that	you	expect	to	achieve	with	this
design.	Make	sure	the	following	constraints	are	satisfied:	t	The	total	number	of	comb	fingers	should	be	less	than	80.	t	The	device	fits	into	a	200	×	200	μm2	square	area.	t	The	maximum	applied	voltage	is	30V.	t	The	device	satisfies	all	design	rules	for	MUMPs	processing.	For	pressure	sensing	diaphragms	of	the	order	of	100	μm	square,	why	is	it
impractical	to	use	capacitance	to	measure	deflection?	List	five	methods	you	could	use	to	release	stress	in	a	poly-Si	comb	resonator	and	describe	the	relative	merits	of	each	approach.	Take	a	look	at	the	Sandia	website	at	http://	mems.sandia.gov/scripts/images.asp.	Many	of	the	surface	micromachined	gears	have	tiny	holes	in	their	surfaces.	Why	are
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Electrochemical	Forming	Techniques	Outline	Introduction	“The	Sounds	of	Earth,”	a	gold-plated	copper	record	placed	on	Voyager.	Two	hours	of	sound	and	a	movie	plus	some	pictures	and	a	message	from	President	Jimmy	Carter	(From	Chemical	Forming	Photochemical	Forming	Electrochemical	Forming	Processes	Questions	References	Photochemical
forming:	Light	causes	a	polymer	to	solidify.	Structural	details	of	120	nm	(as	a	result	of	two-photon	photopolymerization).	(From	Kawata,	S.,	H.-B.	Sun,	T.	Tanaka,	and	K.	Takada,	2001.	Finer	features	for	functional	microdevices.	Nature	412:697–698.86)	509	510	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	DNA	array	and	the
human	genome.	Elderly:	In	physics,	mathematics	and	astronautics	it	means	over	thirty;	in	other	disciplines,	senile	decay	is	sometimes	postponed	to	the	forties.	There	are	of	course,	glorious	exceptions;	but	as	every	researcher	just	out	of	college	knows,	scientists	of	over	fifty	are	good	for	nothing	but	board	meetings,	and	should	at	all	costs	be	kept	out	of
the	laboratory.	Arthur	C.	Clarke	Profiles	of	the	Future	Introduction	In	this	chapter	we	review	chemical,	photochemical,	and	electrochemical	forming.*	In	chemical	forming,	chemical	reactions	create	features	by	forming	new	compounds.	The	energy	source	at	the	work	piece	in	this	additive	process	is	chemical.	The	method	is	extremely	broad	and	covers
fabrication	with	metals,	ceramics,	and	polymers.	Reactions	are	induced	by	combining	different	reagents	and	are	often	aided	by	*	In	Part	II	on	subtractive	manufacturing	techniques,	we	did	make	the	same	distinction	between	chemical,	photochemical,	and	electrochemical	etching.	All	three	subtractive	manufacturing	techniques	were	covered	in
Chapter	4	on	wet	chemical	etching	and	wet	bulk	micromachining-pools	as	tools.	heat	and/or	catalysts	and	also	may	be	accompanied	by	a	shape-forming	step	using,	for	example,	a	spraying	nozzle,	a	mold,	or	a	template.	Almost	all	manufacturing	processes	include	one	or	more	chemical	forming	steps	and	can	be	part	of	lithographyor	nonlithography-
based	schemes.	Chemical	and	thermal	forming	processes	are	difficult	to	distinguish	because	they	are	almost	always	intertwined.	Some	chemical	forming	processes	involve	an	exothermic	reaction,	and	such	processes	we	classify	as	purely	chemical	(they	do	not	require	the	application	of	external	heat).	This	is	the	case,	for	example,	in	re	action	injection
molding	(RIM;	see	Chapter	10)	and	for	selfassembled	monolayers	(SAMs;	see	page	523	below).	Other	chemical	forming	processes	are	endothermic	and	require	a	significant	increase	in	temperature	for	the	reaction	to	initiate	such	as	in	the	oxidation	of	Si	(see	Volume	I,	Chapter	4)	or	chemical	vapor	deposition	of	polycrystalline	Si	(CVD;	see	Chapter	7).
The	distinction	between	chemical	and	thermal	forming	is	somewhat	arbitrary,	and	in	this	chapter	we	cover	as	additional	chemical	forming	methods	those	low	temperature	material	deposition	techniques	that	are	used	in	chemical	and	biological	sensor	manufacture,	often	arranged	in	some	type	of	an	array	configuration.	The	additional	chemical	forming
methods	covered	are	sol-gel	deposition	from	alkoxide-based	precursors,	organic	film	spin	coating,	polymer	dry	film	lamination,	polymer	dip	coating,	polymer	spraying,	polymer	casting,	organic	film	doctor’s	blade	(also	called	knife	coating),	glow	discharge	polymerization,	low	temperature	silk	screening	of	organics,	Langmuir-Blodgett	deposition,	and
SAMs.	Some	of	the	chemical	forming	processes	discussed	here	involve	self-assembly	such	as	in	the	case	of	SAMs,	in	which	case	one	refers	to	bottom-up	manufacturing.	Whereas	top-down	nanofabrication	is	principally	based	on	lithography	and	traditional	mechanical	machining,	etching,	and	grinding,	bottom-up	manufacturing,	which	we	also	call
nanochemistry	in	this	book,	is	based	in	chemical	synthesis,	self-assembly,	and	positional	assembly	(see	Volume	III,	Chapter	3).	Arraying	of	low	temperature	materials	(often	organics)	for	sensor	arrays	may	be	accomplished	by	lithography,	digital	mirror	deposition	(a	type	of	lithography	as	well),	ink-jetting,	mechanical	microspotting,	and	Chemical,
Photochemical,	and	Electrochemical	Forming	Techniques	microcontact	printing.	Some	of	the	same	additive	methods	discussed	in	this	section	will	reappear	in	Chapter	9	on	thermal	forming	where	they	involve	the	manufacture	of	ceramics	in	which	heat	application	is	more	essential.	In	photochemical	forming,	photoenergy	solidifies	a	material	into	a
three-dimensional	(3D)	shape	as	we	illustrate	with	our	description	of	rapid	prototyping	and	microphotoforming	(stereolithography)	with,	as	newest	embodiments,	parallel	stereolithography	and	two-photon	polymerization.	In	the	case	of	electrochemical	forming,	the	energy	at	the	work	piece	is	electrochemical.	Electrochemical	and	electroless	metal
deposition	are	gaining	renewed	interest	because	of	their	emerging	importance	in	making	mold	inserts	for	replication	meth-odologies	in	both	microelectromechanical	sys-tems	(MEMS)	and	nanoelectromechanical	systems	(NEMS)	(see	also	Chapter	10).	The	foundations	underlying	electrochemical	deposition	were	covered	in	detail	in	Volume	I,	Chapter
7;	here	we	contrast	electroless	metal	deposition	with	electrodeposition	and	introduce	some	additional	electrochemical	techniques.	These	new	electrodeposition	methods	sort	out	into	throughmask	plating,	such	as	in	the	fabrication	of	thinfilm	read-write	heads,	the	damascene	process,	and	in	anodization;	instant	masking	in	EFAB	(Electrochemical
FABrication);	and	maskless	metal	deposition	methods	such	as	microjet	plating,	laserenhanced	jet	plating,	local	electrochemical	deposition	using	scanning	electrochemical	microscopes	(SECMs),	and	techniques	to	electrodeposit	slanted	and	curved	surfaces.	511	created	via	systematic	assembly	of	atoms,	molecules,	or	other	basic	units	of	matter.
Instead	of	manipulating	Si	wafers	or	other	solid	substrates,	we	manipulate	small	amounts	of	chemicals,	even	molecules	and	atoms.	Molecular	engineers,	manipulating	and	modifying	natural	polymers	such	as	DNA	and	proteins,	led	the	way	into	nanochemistry	and	practiced	this	type	of	nanotechnology	long	before	electrical	and	mechanical	engineers
got	involved.	Now	we	are	designing	and	manipulating	at	the	molecular	level,	whereas	before	it	was	either	evolution	that	did	it	for	us	(e.g.,	a	virus	as	a	nanomachine)	or	results	happened	that	we	never	really	understood	and	so	could	not	optimize	(e.g.,	stained	glass	window—small	metal	nanoparticle	comparable	in	size	with	the	wavelength	of	light).
Although	there	is	some	overlap,	not	all	chemical	forming	techniques	involve	minute	amounts	of	reacting	chemicals,	nor	do	they	all	entail	self-assembly	or	positional	assembly.	The	chemical	forming	methods	covered	in	this	chapter	are	sol-gel,	organic	film	spin	coating,	polymer	dry	film	lamination,	polymer	dip	coating,	polymer	spraying,	polymer
casting,	organic	film	doctor’s	blade	(or	knife	coating),	glow	discharge	polymerization,	low	temperature	silk	screening	of	organics,	Langmuir-Blodgett	deposition,	and	self-assembled	monolayers	(SAMs).	Arraying	of	organics	for	sensor	arrays	may	be	accomplished	by	lithography,	digital	mirror	deposition,	ink-jetting,	mechanical	microspotting,	and
microcontact	printing.	Sol-Gel	Technique	Introduction	Chemical	Forming	Introduction	It	should	come	as	no	surprise	that	chemical	forming	techniques	are	gaining	importance	because	today	bottom-up	manufacturing	or	nanochemistry,	a	type	of	chemical	forming,	constitutes	one	of	the	most	intensely	researched	topics.	Bottom-up	fabrication	or
nanochemistry	constitutes	a	special	class	of	chemical	forming	incorporating	chemical	synthesis	of	small	particles,	self-assembly,	and	positional	assembly.	In	nanochemistry	device	structures	are	Colloids,	we	saw	in	Volume	I,	Chapter	7,	are	mixtures	in	which	one	material	is	dispersed	in	another,	with	the	dispersed	material	divided	into	particles	ranging
in	size	from	1	nm	to	10	μm.	They	have	many	properties	distinct	from	those	of	solutions	of	ordinary-sized	molecules	and	from	mixtures	of	macroscopic	phases	such	as	slurries	of	visible	particles.	The	dispersed	material	may	either	be	dissolved	(i.e.,	in	the	case	of	solutions	of	macromolecules),	giving	a	lyophilic	colloid,	or	they	may	constitute	a	separate
phase,	giving	a	lyophobic	colloid.	We	only	deal	with	lyophobic	colloids	here,	512	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	Transparent	pigments	Iron	oxides,	TiO2-based	UV	absorbers	Conventional	tinting	Pigments	5	nm	50	nm	100	nm	Ceramics	Sol	gel	processing	Conventional/grinding	processing	“Quantum	dots”	FIGURE
8.1	Nanoparticle	products	and	their	manufacture.	which	may	be	further	classified	according	to	the	types	of	phases	that	compose	them,	as	shown	in	Volume	I,	Chapter	7.	Some	important	definitions	pertaining	to	the	sol-gel	field	follow	and	might	help	in	the	understanding	of	the	sol-gel	process.	◾	Colloid:	A	colloid	is	a	suspension	in	which	the	dispersed
phase	is	so	small	(1	nm–10	μm)	that	gravitational	force	is	negligible,	and	interactions	are	dominated	by	short-range	forces,	such	as	van	der	Waals	attraction	and	surface	charges.	The	suspended	particles	usually	exhibit	Brownian	motion.	◾	Sol:	A	sol	is	a	colloidal	suspension	of	solid	particle	or	clusters	in	a	liquid.	◾	Gel:	Semirigid	mass	of	a	lyophilic	sol
in	which	all	the	dispersion	medium	is	penetrated	into	the	sol	particles.	◾	Emulsion:	An	emulsion	is	a	suspension	of	liquid	droplets	in	another	liquid.	◾	Aerosol:	An	aerosol	is	a	collection	of	very	small	particles	suspended	in	a	gas.	The	particles	can	be	liquid	(mist)	or	solid	(dust	or	fume).	The	term	aerosol	is	also	commonly	used	for	a	pressurized	container
(aerosol	can)	designed	to	release	a	fine	spray	of	a	material	such	as	paint.	◾	Precursors:	The	starting	compound	of	the	solgel	process.	◾	Alkoxide:	A	basic	salt	derived	from	an	alcohol	by	the	replacement	of	the	hydroxyl	hydrogen	with	a	metal.	They	are	formed	by	the	reaction	of	an	alcohol	and	an	alkali	metal.	For	example,	silicon	tetraethoxide	(TEOS),
Si(OC2H5)4.	◾	Hydrolysis:	Reaction	in	which	a	hydroxyl	ion	is	attached	to	the	metal	atom	[Si(OR)4	+	H2O	→	HO−Si(OR)3	+	ROH,	where	R	is	an	alkyl].	◾	Condensation	reaction:	Reagents	combine	splitting	off	water	[HO−Si(OR)3	+	HO−Si(OR)3	→	(OR)3	SiO-Si(OR)3	+	H2O].	The	sol-gel	process	is	a	wet-chemical	additive	technique	for	the	fabrication
of	materials	(typically	metal	oxides)	starting	from	a	chemical	solution	that	reacts	to	produce	colloidal	particles	(a	sol).	The	Derjaguin,	Landau,	Verwey,	and	Overbeek	theory	(the	DLVO	theory)	was	introduced	in	Volume	I,	Chapter	7	to	describe	the	stability	of	these	colloids.	Sol-gel	processing	received	increasing	attention	since	the	1990s	from	both	the
research	community	and	industry	as	nanoparticles	became	more	important.	Colloids	form	a	most	important	gateway	toward	bottom-up	nanotechnology:	the	sol-gel	technique	constitutes	a	chemical	forming	process	for	making	very	small	particles,	e.g.,	20–40-nm	diameter,	a	particle	size	that	is	virtually	impossible	to	make	by	conventional	mechanical
ball	milling	or	grinding*	(Figure	8.1).	Sol-Gel	Process	The	first	metal	alkoxides	were	prepared	in	1846	by	Ebelmen	using	SiCl4.	Ebelmen	noticed	that	on	exposure	to	the	atmosphere,	these	chemicals	formed	a	gel.	This	process	was	then	used	in	the	1930s	by	the	Schott	glass	company	in	Germany	to	produce	metal	oxides	(	.	In	a	sol-gel	process,	as
illustrated	in	Figure	8.2,	chemical	precursors,	mainly	alkoxides	(organic	epoxides	are	an	alternative	for	alkoxides)	and	metal	chlorides,	are	dissolved	in	an	aqueous	or	alcohol-based	solution.	Hydrolysis	and	condensation	reactions	nucleate	*	High-energy	ball	milling	is	required	to	make	particles	less	than	50	nm	(see	Volume	III,	Chapter	3).	Chemical,
Photochemical,	and	Electrochemical	Forming	Techniques	513	FIGURE	8.2	Sol-gel	processes	and	sol-gel	products.	In	sol-gel	chemistry,	molecular	precursors	are	converted	to	nanometer-sized	particles,	to	form	a	colloidal	suspension,	or	sol.	The	gel	can	be	processed	by	various	drying	methods	(shown	by	the	arrows)	to	develop	materials	with	distinct
properties.	and	generate	many	small	nucleation	seeds	(groups	of	atoms	that	build	the	basic	crystal	structure).	The	seeds	grow	by	taking	more	atoms/molecules	from	the	solution	to	form	clusters.	The	growth	pattern	is	random,	with	the	atoms	or	molecules	coming	from	every	direction,	and	fractal-like	cluster	structures	result.	The	clusters	are
nanosized,	forming	a	colloid.	As	we	saw	in	Volume	I,	Chapter	7,	the	stability	of	this	colloid	depends	on	the	electrokinetic	potential	ζ	(also	the	zeta	potential),	from	which	all	electrokinetic	effects	can	be	derived.	When	the	absolute	value	of	the	zeta	potential	is	more	than	50	mV,	the	dispersion	is	very	stable,	whereas	with	a	ζ	potential	close	to	zero,	the
coagulation	of	particles	leads	to	precipitation.	When	growth	continues,	the	nanoclusters	start	to	build	up	a	porous	network.	This	is	when	gelation	takes	place.	The	gel	point	is	the	point	in	the	phase	diagram	where	the	sol	abruptly	changes	from	a	viscous	liquid	to	a	gelatinous,	polymerized	network	and	where	the	dispersion	medium	is	fully	penetrated
into	the	sol	network	(Figure	8.3).	Both	sol	and	gel	formation	are	low-temperature	processes.	The	transformation	to	a	gel	can	be	initiated	in	several	ways,	but	the	most	convenient	approach	is	to	change	the	pH	of	the	reaction	solution.	Formation	of	a	metal	oxide	involves	connecting	the	metal	centers	with	oxo	(M-O-M)	or	hydroxo	(M-OH-M)	bridges,
therefore	generating	metal-oxo	or	metal-hydroxo	polymers	in	solution.	The	drying	process	serves	to	remove	the	liquid	phase	from	the	gel,	thus	forming	a	porous	material;	then	a	thermal	treatment	(firing)	may	be	performed	to	favor	further	polycondensation	and	enhance	mechanical	properties.	The	method	used	to	remove	the	solvent	from	the	gel
strongly	affects	the	end	product’s	properties.	For	example,	from	Figure	8.2	it	can	be	seen	that	if	the	solvent	in	a	wet	“gel”	is	removed	under	a	supercritical	condition,	the	gel’s	original	3D	structure	is	preserved,	and	a	highly	porous	and	extremely	lowdensity	material	called	an	aerogel	is	obtained.	The	supercritical	processing	condition	is	realized	by
exchanging	the	liquid	solvent	with	CO2.	The	latter	is	then	removed	at	slightly	elevated	temperatures	and	under	high	pressure.	This	way	aerogels	can	be	FIGURE	8.3	Gelation:	TiO2	from	sol	(left)	to	wet	gel	(right).	514	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	8.4	Aerogel.	This	photo	illustrates	the	excellent
insulating	properties	of	aerogel.	The	crayons	on	top	of	the	aerogel	are	protected	from	the	flame	underneath	and	are	not	melting.	produced	where	99%	of	the	bulk	material	consists	of	pores	(Figure	8.4).	A	Lawrence	Livermore	group	created	an	aerogel	weighing	only	1.0	mg/cm3,	which	is	listed	in	the	Guinness	Book	of	World	Records	2005	as	the
lightest	material	on	Earth.1	If,	in	an	alternative	process	route,	the	gel	is	dried	slowly	in	a	fluid-evaporation	process,	the	gel’s	structural	network	collapses,	which	creates	a	high-density	material	known	as	a	xerogel.	When	a	xerogel	is	further	densified	by	sintering,	a	dense	ceramic	material	forms.	As	the	viscosity	of	a	sol	is	adjusted	into	a	proper
viscosity	range,	ceramic	fibers	can	be	drawn;	it	can	be	applied	as	a	film	onto	a	substrate	by	spinning,	dipping,	or	spraying	and	cast	into	a	suitable	container	with	the	desired	shape	(e.g.,	to	obtain	a	monolithic	ceramics,	glasses,	fibers,	membranes,	and	aerogels);	or	finally,	ultrafine	and	uniform	ceramic	powders	may	be	formed	by	grinding	of	the
xerogel	or	by	slowly	drying	the	sol.	For	a	silica	sol	formation,	an	appropriate	chemical	precursor	is	dissolved	in	a	liquid,	for	example,	tetraethylsiloxane	(TEOS)	in	water.	In	this	case,	a	silica	gel	is	formed	by	hydrolysis	and	condensation	using	hydrochloric	acid	as	the	catalyst.	Drying	and	sintering	at	temperatures	between	200	and	600°C	transforms	the
gel	into	a	glass	and	then	densification	into	silicon	dioxide.	Alkoxides	can	be	very	reactive	and	are	commercially	available	for	only	a	select	number	of	elements.	Livermore	chemists	have	found	that	organic	epoxides	also	initiate	the	sol-gel	reaction.	With	this	approach,	precursors	that	are	more	widely	available	can	be	used,	thus	increasing	the	number	of
potential	materials	that	can	be	developed.	In	addition,	the	starting	materials,	solvents,	and	gelling	agents	used	with	epoxides	are	less	expensive	than	those	used	with	alkoxides.	Summarizing,	sol-gel	is	a	cheap	and	lowtemperature	technique	that	enables	mixing	of	precursors	at	the	molecular	level,	leading	to	finer	control	and	higher	purity	than	most
other	ceramic	synthesis	methods	(even	small	quantities	of	dopants,	such	as	organic	dyes	and	rare	earth	metals,	can	be	introduced	in	the	sol	and	end	up	finely	dispersed	in	the	final	product).	The	method	is	particularly	suited	for	the	production	of	nanosized	multicomponent	ceramic	powders	densified	through	thermal	annealing	(sintering	at	relatively
low	temperature)	to	an	inorganic	product	like	a	glass	or	polycrystal	or	a	dry	gel.	Applying	the	sol-gel	process,	it	is	possible	to	fabricate	ceramic	or	glass	materials	in	a	wide	variety	of	forms:	ultrafine	or	spherical-shaped	powders,	thin	film	coatings,	ceramic	fibers,	microporous	inorganic	membranes,	monolithic	ceramics	and	glasses,	or	extremely	porous
aerogel	materials.	Different	material	compositions	with	different	porosity	may	be	fabricated	depending	on	the	process	parameters	(such	as	temperature)	and	the	chemicals	used.	Its	main	traditional	use	is	for	optical	coatings,	where	the	finer	particles	give	better	optical	clarity,	and	for	the	manufacture	of	fine	ceramic	fibers.	Sol-gel-derived	materials
have	diverse	applications	in	optics,	electronics,	energy,	space,	(bio)sensors,	medicine	(e.g.,	controlled	drug	release),	and	separation	(e.g.,	chromatography)	technology.	Sol-gel	methods	have	been	used	in	MEMS,	for	example,	in	the	fabrication	of	piezoelectrics	such	as	lead-zirconate-titanate	(see	Volume	III,	Chapter	8).	Also,	a	commercially	available,
room	temperature	chemical	gas	sensor	(a	CO	fire	alarm)	is	fabricated	with	the	sol-gel	process	(available	from	Quantum	Group	Inc.;	).	The	Sol-Gel	Gateway	(	is	an	excellent	take-off	point	for	further	study	of	the	sol-gel	technique	on	the	Internet	(in	particular,	check	.	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	Deposition	and
Arraying	Methods	of	Organic	Layers	in	Bio-MEMS	Introduction	Today,	miniaturization	methods	are	often	applied	to	biotechnology	and	biomedical	problems.	With	the	growth	of	the	“bio-MEMS”	field,	techniques	for	depositing	organic	materials	for	chemical	and	biological	sensors,	often	arranged	in	some	type	of	an	array	configuration,	are	gaining
importance.	Organic	gas-permeable	membranes,	ion	selective	membranes,	hydrogels,	and	organic	monolayers	are	needed	for	the	manufacture	of	room	temperature	gas	sensors,	ion-selective	electrodes	(ISEs),	enzyme-based	sensors,	immunosensors,	and	DNA	and	protein	arrays.	Their	deposition	presents	challenges	not	typically	encountered	in	the
integrated	circuit	(IC)	world.	Membranes	may	be	based	on	classical	polymers,	such	as	PVC	(polyvinylchloride),	PVA	(polyvinylalcohol),	PHEMA	(polyhydroxyethylmethacrylate),	or	silicone	rubber,	and	incorporate	pH	and	temperaturesensitive	biological	materials	such	as	enzymes,	antigens,	and	antibodies.	Single	layers	of	molecules	may	be	deposited
by	Langmuir-Blodgett	(LB)	deposition	techniques	or	as	self-assembled	monolayers	(SAMs).	Those	LB	films	or	SAMs	may	then	be	further	used	as	anchor	points	for	proteins	or	DNA	probes,	and	the	latter	natural	polymer	molecules	may	be	synthesized	in	situ.	Not	only	are	the	materials	dealt	with	very	different,	the	fact	that	most	of	the	bio-MEMS	sensors
are	disposable	requires	new	manufacturing	approaches	as	well.	Although	the	number	of	new	tools	available	for	microfabrication	has	grown	dramatically,	few	methods	have	been	gainfully	applied	to	disposable	biosensor	construction	for	clinical	applications.	The	low	cost	requirements	and	the	tremendous	variety	and	fragmentation	of	biomedical	sensor
applications	often	necessitate	a	nonsilicon,	modular	approach.	The	Si	approach	is	mostly	based	on	thin	film	techniques	with	a	limited	number	of	materials,	too	expensive	cost,	all	steps	tightly	integrated,	and	too	many	requirements	on	process	and	materials	compatibility.	Having	addressed	materials	choice	and	modularity,	various	competing
manufacturing	processes	must	be	compared.	Because	of	the	importance	of	this	emerging	field,	we	review	the	different	options	available	to	coat	and	515	pattern	organic	materials	on	various	substrates	for	bio-MEMS	in	the	following	section.	For	the	organic	film	deposition	techniques	reviewed	earlier	in	this	book,	we	provide	a	short	summary	only.
Deposition	Methods	for	Organic	Materials	Organic	Film	Spin	Coating	As	we	know	from	Chapter	1	on	lithography,	spin	coating	technology	has	been	optimized	for	the	deposition	of	thin	layers	of	photoresist,	about	1–2	μm	thick,	on	round	and	nearly	ideally	flat	Si	wafers.	A	typical	spin	coater	schematic	is	shown	in	Figure	1.14.	Resists	are	applied	by
dropping	the	resist	solution,	a	polymer,	a	sensitizer	(for	two-component	resists),	and	a	solvent	on	the	wafer.	The	wafer	is	then	rotated	on	a	spinning	wheel	at	high	speed	so	that	centrifugal	forces	push	the	excess	solution	over	the	edge	of	the	wafer,	and	a	residue	on	the	wafer	remains	as	a	result	of	surface	tension.	In	this	way,	films	down	to	0.1	μm	can
be	made.	An	empirical	expression	relating	film	thickness	to	solution	viscosity	and	rotation	speed	was	given	in	Chapter	1	(Equation	1.3).	However,	biosensor	substrates	rarely	are	round	or	flat,	and	many	chemical	sensor	membranes	require	a	thickness	considerably	thicker	than	1	μm	for	proper	functioning.	For	example,	a	typical	ionselective	electrode
(ISE)	membrane	is	50	μm	thick	(see	Volume	I,	Chapter	7).	Consequently,	spin	coating	technology	does	not	necessarily	fit	in	with	thick	chemical	membranes	on	a	variety	of	substrates,	and	for	monolayer	deposition	the	method	is	not	adequate.	For	building	ISEs,	dip	coating	or	membrane	casting	is	preferred,	and	for	monolayer	deposition	one	chooses
Langmuir-Blodgett	or	selfassembled	monolayer	(SAM)	methods	(see	below).	For	a	tutorial	on	spin	coating,	visit	.	arizona.edu/faculty/birnie/Coatings/index.htm.	In	Chapter	1,	we	compared	several	alternatives	to	spin	coating	for	depositing	photoresist	(see	Figure	1.15).	Obviously	all	these	techniques	can	be	adapted	to	deposit	other	organic	coatings.
This	includes	spray	coating,	curtain	coating,	extrusion	coating,	roller	coating,	dip	coating,	plasma	deposited,	electrodeposited,	silk	screening,	and	meniscus	coating.	We	provide	some	additional	information	here	complementing	the	material	presented	in	Chapter	1.	516	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	Polymer	Dip
Coating	In	the	dip-coating	method	a	substrate	is	slowly	dipped	into	and	withdrawn	from	a	tank	containing	the	dissolved	polymer,	with	a	uniform	velocity,	to	obtain	a	uniform	coating.	The	dip-coating	process	may	be	divided	in	five	stages:	immersion,	startup,	deposition,	evaporation,	and	drainage.	Dip	coating	of	a	substrate	in	a	solution	of	a	dissolved
polymer	typifies	the	simplest	method	to	apply	an	organic	layer	to	a	substrate.	It	is	especially	suited	for	wire-type	ISEs	and	enzyme-based	biosensors	where	the	membrane	forms	a	droplet	at	the	end	of	a	wire	(see	Volume	I,	Chapter	7).	A	substrate,	for	example,	a	chloridized	silver	wire,	is	dipped	into	a	solution	containing	the	polymer	and	a	solvent.	After
evaporation	of	the	solvent,	a	thin	membrane	forms	on	the	surface	of	the	sensor.	To	obtain	pinhole-free	membranes,	the	dipping	is	repeated	several	times,	interspersed	with	drying	periods.	Even	though	the	eventual	goal	is	more	typically	the	production	of	a	planar	sensor	structure,	a	Ag	wire	may	be	applied	in	the	research	phase	to	quickly	evaluate	a
new	membrane	composition.	The	method	is	difficult	to	commercialize	because	of	the	variability	in	coating	thickness	and	uniformity.	For	further	reading	on	dip	coating,	visit	.	Dipping	and	spinning	are	also	used	in	the	fabrication	of	sol-gel	layers	(see	Figure	8.2).	Polymer	Dry	Film	Lamination	The	use	of	dry	film	lamination,	such	as	the	dry	photoresist
films	explored	in	Chapter	1,	is	introduced	as	a	better	approach	for	the	mass	manufacture	of	chemical	and	biological	sensors	than	spin	coating	in	Volume	III,	Example	1.1.	Most	resists	in	IC	and	MEMS	fabrication	are	deposited	as	liquids,	whereas	resists	used	in	printed	wiring	board	manufacture	are	usually	dry	film	resists	that	come	in	rolls	(ranging
from	2–60	in.	wide	and	125–1000	ft.	long)	and	are	laminated	onto	the	substrate	instead	of	being	spin-coated	on	it.	A	typical	dry	film	lamination	setup	is	shown	in	Figure	1.33.	The	heat	and	pressure	of	the	laminating	rollers	cause	the	dry	film	to	soften	and	adapt	to	surface	topologies.	The	resist	is	then	exposed	to	a	UV	light	source.	The	lamination
approach	can	be	extended	to	other	polymer	coatings	as	exemplified	in	the	manufacture	of	the	compact	disc	(CD)-based	fluidic	platform	shown	in	Volume	III,	Chapter	5.	In	the	manufacture	of	this	CD,	we	use	a	layering	approach,	with	different	sheets	of	thin	machined	plastic	CDs	(polycarbonate-PC)	laminated	together	using	pressure-sensitive	adhesive
layers	(PSA-FLEX	mount	DFM	200	clear	V-95).	The	PSA	layers	are	as	thin	as	100	μm	and	are	cut	using	a	computer	numerical	controlled	(CNC)	cutter-plotter	(in	Volume	III,	Figure	5.27,	CNC	plotter,	Graphtec	CE-2000-60).	The	use	of	PSA	layers	allows	for	channels	as	narrow	as	250	μm.	When	sandwiched	between	two	plastic	sheets,	these	channels	in
the	PSA	connect	the	larger	CNC-machined	reservoirs	in	the	PC	disks.	Polymer	Spraying	Polymer	or	plastic	spray-coating	techniques	are	the	most	widely	used	methods	for	applying	organic	coatings	from	the	liquid,	gas,	or	the	solid	phase.	Spray	coating	of	a	liquid	involves	pressurization	by	compressed	air	or,	in	an	airless	method,	pushing	liquid



mechanically	through	tiny	orifices.	Vapors	are	carried	in	an	inert	dry	vapor	carrier.	In	the	case	of	a	solid,	a	powdered	plastic	resin	is	melted	and	blown	through	a	flame-shrouded	nozzle.	Such	thermal	spray	coating	involves	heating	a	material,	in	powder	or	wire	form,	to	a	molten	or	semimolten	state.	The	material	is	propelled	using	a	stream	of	gas	or
compressed	air	to	deposit	it,	creating	a	surface	structure	on	a	substrate.	The	coating	material	may	consist	of	a	single	element	but	is	often	a	composite	with	unique	physical	properties	that	are	only	achievable	through	the	thermal	spray	process.	There	are	two	main	classes	of	powder	coatings:	thermosetting	and	thermoplastic	coatings.	In	a
thermosetting	film,	cross-linking	occurs	between	the	molecules	in	the	powder	during	baking.	This	cross-linking	turns	the	baked	film	into	a	single	giant	molecule	that	cannot	melt	or	flow.	In	a	thermoplastic	film,	thermal	energy	makes	the	binder	molecules	mobile	enough	to	become	entangled;	thus,	a	continuous	film	forms,	and	this	film	hardens	on
cooling.	Although	a	thermoplastic	film	can	still	melt	or	flow,	it	can	do	that	only	at	elevated	temperatures.	In	electrostatic	spraying,	a	negatively	charged	plastic	powder	is	spray	gunned	onto	grounded	conductive	parts	(see	Figure	8.5).2	Electrostatic	spray	is	the	primary	technique	used	for	thermoset	powders.	The	particles	of	powder	are	given	their
electrical	charge	in	the	powder	coating	gun,	and	the	target	part	is	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	517	FIGURE	8.6	Yoda,	typical	polymer	casting	application.	FIGURE	8.5	Electrostatic	spray	gun	from	ITW	Ransburg.	(From	attached	to	a	fixture	that	is	grounded.	The	electrically	charged	powder	particles	are
attracted	to	the	grounded	part	and	build	up	on	the	surface	until	the	part	is	covered	with	charged	particles.	At	this	point,	the	oncoming	particles	are	repelled	by	the	part,	and	the	coating	process	stops.	This	provides	for	an	even	film	thickness.	Thermoplastic	and	thermosetting	coatings	may	also	be	formed	by	dipping	a	heated	part	into	a	container	of
resin	particles	set	in	motion	by	a	stream	of	low-pressure	air	(fluidized-solid	bed).	This	method	is	only	of	use	if	an	inert	coating	is	desired,	for	example,	for	biocompatibility,	but	not	for	heat-sensitive	functionalized	coatings.	The	fluidized	bed	is	the	original	powder-coating	technique.	It	is	still	the	primary	technique	used	for	the	application	of
thermoplastic	powders.	Thermal	spraying	is	ideally	suited	for	large	structures	that	otherwise	could	not	be	dipped	in	a	polymer	suspension.	Unlike	electrostatic	powder	coatings,	nonconductive	components	can	be	coated,	and	unlike	fluidized	bed	coatings,	heat-sensitive	materials	(aircraft	skins)	can	be	sprayed.	Polymer	coatings	can	be	repaired	by
heating	(for	remelting	or	curing)	and	by	applying	additional	material	to	the	desired	location.	Polymer	coatings	can	be	applied	in	high	humidity	and	at	temperatures	below	freezing.	Certain	polymers	have	excellent	adhesion	to	metallic	surfaces	as	a	result	of	interfacial	bonding.	Metals,	ceramics,	or	other	polymers	can	be	incorporated	into	the	polymer
matrix	during	spraying	to	act	as	a	fill.	Polymer	Casting	Cast	polymer	operations	are	operations	where	a	gel	coat	resin	is	sprayed	to	a	mold,	after	which	a	casting	resin	is	applied	without	spraying.	These	are	used	in	the	manufacture	of	pools,	bathtubs,	marble-look	countertops,	masks,	and	toys	(Figure	8.6).	Casting	in	bio-MEMS	is	often	based	on	the
application	of	a	given	amount	of	dissolved	organic	material	on	the	surface	of	a	sensor	substrate	and	letting	the	solvent	evaporate.	A	rim	structure	is	fashioned	around	the	substrate,	providing	a	“flat	beaker”	for	the	solution.	This	method	provides	a	more	uniform	and	a	more	reproducible	membrane	than	dip	coating.	Membranes	in	planar	ion-selective
electrodes	(ISEs)	are	often	made	this	way.	Casting	is	also	often	used	to	obtain	thicker	photoresist	layers	than	typically	possible	with	spin	coating	(see	also	Chapter	1).	Casting	is	the	main	technology	used	in	soft	lithography	(see	Chapter	2).	Polymer	Doctor’s	Blade	or	Knife	Coating	Doctor’s	blade	or	knife	coating	relies	on	a	coating	being	applied	to	a
substrate	that	then	passes	through	a	slit	between	a	knife	and	a	support	roller	(Figure	8.7).	The	“doctor’s	blade”	refers	to	the	scraping	knife	blade	for	the	removal	of	excess	substance	from	the	moving	surface	being	coated.	The	doctor’s	blade	is	adjustable	with	a	precisely	controlled	height,	limiting	the	dispensed	material	to	a	known	thickness.	This
process	can	be	used	for	high-viscosity	coatings,	and	there	are	innumerable	variants	of	this	relatively	simple	process,	which	is	rugged	but	somewhat	inaccurate.	It	is	well	known	in	many	industries,	including	paper,	518	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	8.7	Doctor	blading	or	knife	coating	of	organic	materials
on	a	moving	substrate.	plastic,	and	paint	manufacturing.	Doctor’s	blade	technology	is	a	continuous	fabrication	method,	which	can	also	be	used	to	apply	all	types	of	organic	cocktails,	for	example,	to	make	enzyme-based	biosensors	or	to	deposit	ceramics,	in	which	case	one	also	refers	to	tape	casting	and	green	tape	technology.	Howatt	was	the	first	to
obtain	a	patent	to	use	the	technique	for	“forming	ceramic	materials	into	flat	plates,	especially	useful	in	the	electric	and	radio	fields.”3	This	is	still	the	principal	application	of	tape	casting	today,	although	its	use	extends	far	beyond	the	field	envisioned	in	1952	(	.	com/history.htm).	The	ceramic	application	of	doctor	blading	is	a	thermal	forming	process
well	suited	for	fabrication	of	mesoscale	devices	(layers	with	a	thickness	between	several	micrometers	and	millimeters)	and	is	covered	in	Chapter	9	on	thermal	energy-based	forming.	As	a	specific	application	of	a	doctor’s	blade	process	in	bio-MEMS,	consider	the	mass	production	of	amperometric	glucose	sensors	discussed	in	Volume	III,	Chapter	1.	In
that	chapter,	as	an	illustration	of	an	informed	choice	of	manufacturing	options,	we	find	out	that	using	a	silicon	batch	approach,	it	is	almost	impossible	to	make	a	glucose	sensor	for	less	than	$1	(or	any	disposable	biosensor	for	that	matter!).	The	current	industrial	process,	and	our	conclusion,	is	that	for	mass-producing	glucose	sensor	strips,	the	optimal
choice	is	doctor’s	blade	on	a	continuous	moving	web,	making	a	10-cents	cost	per	glucose	sensor	possible.	From	this	example	of	a	glucose	sensor	strip,	it	appears	that	one	of	the	major	challenges	in	bioMEMS	is	the	fabrication	of	affordable	disposable	biosensors.	In	the	case	of	a	glucose	sensor	strip,	this	may	be	accomplished	using	doctor’s	blade	in	a
continuous	process.	An	example	of	a	generic	approach	for	biosensor	manufacture	on	large	plastic	sheets	and	eventually	on	a	moving	web	is	shown	in	Volume	III,	Figure	1.19.	The	process	illustrated	allows	for	the	fabrication	of	a	sensor	array	composed	of	sensors	that	may	otherwise	have	fabrication	incompatibilities.	We	call	this	futuristic	bio-MEMS
approach	“beyond	batch.”	Glow	Discharge	(Plasma)	Polymerization	Plasma	polymerization	is	a	type	of	plasma-enhanced	chemical	vapor	deposition	procedure	(PECVD;	see	Chapter	7),	in	which	gaseous	precursor	monomers,	activated	by	the	plasma,	deposit	on	freely	selectable	substrates	as	highly	cross-linked	polymer	layers.	A	polymerizable	gas	can,
in	principle,	include	any	substance	that	can	be	brought	into	the	gas	phase	at	reduced	pressure.	The	sine	qua	non	for	this	process	to	take	place	is	the	presence	in	the	gas	phase	of	polymerproducing	atoms,	such	as	carbon,	silicon,	or	sulfur.	These	react	with	one	another	and	with	any	surface	groups	to	form	a	polymer	film,	the	chemical	structure	of	which
is	dependent	on	the	process	conditions	used.	The	monomer	molecules	in	the	plasma,	for	the	most	part,	become	fragmented	into	reactive	segments,	and	remain	only	partially	preserved	in	the	chemical	structure	of	the	final	product,	which	results	in	a	highly	cross-linked	and	disordered	structure	compared	with	a	conventional	polymer	(Figure	8.8).	The
degree	of	structural	preservation	and	cross-linking	gradients	in	the	deposit	are	controlled	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	Monomer	Conventional	polymer	Plasma	polymer	FIGURE	8.8	Polymers	deposited	with	plasma	polymerization.	Comparison	of	the	structures	of	plasma	polymers	and	conventional	polymers.
through	process	parameters,	such	as	gas	pressure,	working	gas	flow,	and	the	applied	electrical	field.	For	example,	it	has	been	found	that	pulsing	the	plasma	in	the	millisecond	regime	constitutes	a	very	simple	and	unique	method	to	control	the	film	chemistry.4	Unlike	the	more	conventional	continuous	wave	plasma	deposition	processes,	pulsed	plasma
deposition	enables	the	polymerization	of	monomers	containing	labile	groups	such	as	amines,	ethers,	and	anhydrides,	to	name	but	a	few.	By	selecting	the	monomer	type	and	the	energy	density	per	monomer,	known	as	the	Yasuda	parameter,	the	chemical	composition	and	structure	of	the	resulting	thin	film	can	be	varied	over	a	wide	range.5	The	so-
obtained	polymer	coats	can	be	used	to	further	attach	specific	molecules	by	conventional	wet	chemistry	techniques.	One	can	also	construct	so-called	gradient	layers,	i.e.,	with	increasing	degree	of	cross-linking	over	the	film	thickness.	Figure	8.9	illustrates	the	setup	we	used	in	our	own	work	on	plasma	polymerization	of	doped	polymers.	The	apparatus
consisted	of	a	quartz	tube	reaction	chamber;	a	gas-handling	system	to	introduce	the	carrier	gas,	monomer,	and	dopant	into	the	system,	as	well	as	to	remove	the	unreacted	material;	and	a	power	supply	(operating	at	27	MHz)	to	provide	the	radio-frequency	(RF)	energy	necessary	to	create	and	maintain	a	plasma	within	the	system.	Despite	the	complex
chemistry	of	this	process,	good	conformal	coatings	often	result.	Guckel	applied	this	technique	to	obtain	deposition	of	poly(methylmethacrylate)	(PMMA)	in	layers	more	than	100	μm	thick.6	In	research	at	SRI	International,	we	synthesized	electroactive	plasma	polymers	using	I2	or	N2O	as	dopants	from	the	following	monomers:	thiophene,	furan,	aniline,
benzaldehyde,	benzene,	indole,	diphenylacetylene,	and	1-methylpyrrole.	Needle	valve	Toggle	valve	Toggle	valve	Dopant/monomer	Inlet	Trap	RF	supply	Needle	valve	Rotometer	Rotometer	Pump	FIGURE	8.9	Schematic	of	plasma	deposition	system.	Tuner	Toggle	valve	Monomer	519	Needle	valve	Needle	valve	Argon	520	Manufacturing	Techniques	for
Microfabrication	and	Nanotechnology	In	general,	plasma-polymerized	materials	offer	the	following	advantages:	◾	The	plasma-polymerized	films	are	uniform,	pinhole-free,	chemically	resistant,	and	mechanically	strong.	◾	A	thin	to	thick	film	(200	Å	to	>100	μm)	can	be	formed	in	a	flawless	manner	at	ambient	temperature	onto	any	substrate.	◾	The
organic	films	deposited	by	the	plasma	process	adhere	strongly	to	the	substrate.	◾	The	choice	of	monomers	is	unlimited;	almost	any	organic	compound	convertible	into	vapor	can	be	polymerized.	◾	The	plasma	process	(one-step	process	from	a	vapor	source)	is	compatible	with	conventional	CMOS	technology.	◾	Some	functional	groups	can	be	introduced
onto	the	surface	of	the	organic	film	by	subsequent	glow	discharge	treatment	in	a	reactive	gas	atmosphere.	◾	Highly	irregular	surfaces	can	be	coated	and	patterned	by	depositing	a	light-sensitive	polymer	by	plasma	polymerization	(e.g.,	polymerized	PMMA).	Applications	from	plasma	polymer	coatings	include	scratch-resistant	coatings,	corrosion
protection,	antibonding,	antisoiling	coatings,	barrier	layers,	and	biocompatible	coats	for	implants.	For	more	details	on	plasma	polymerization,	see,	for	example,	Yasuda7	and	Plasma	Polymer	Films	edited	by	Biederman.8	Silk	Screening	or	Screen	Printing	of	Organics	Silk	screening	or	screen	printing	(also	serigraphy)	is	an	additive	technique	that	can	be
used	to	create	sharpedged	organic	coatings/images	using	a	stencil.	The	method	is	reviewed	in	more	detail	in	Chapter	9,	where	we	discuss	its	application	for	the	deposition	of	higher	temperate	ceramic	coats.	Silk	screening	is	popular	both	in	fine	arts	and	in	commercial	printing,	where	it	is	used	to	print	images	on	T-shirts	(Figure	8.10),	hats,	CDs,
DVDs,	ceramics,	glass,	polyethylene,	polypropylene,	paper,	metals,	and	wood.	Screen	printing	presents	a	more	cost-effective	means	of	depositing	a	wide	variety	of	films	on	planar	substrates	than	does	integrated	circuit	(IC)	FIGURE	8.10	Silk	screening	of	T-shirts.	technology,	especially	when	fabricating	devices	at	relatively	low	production	volumes.	The
technique	constitutes	one	of	several	thick	film	or	hybrid	technologies	used	for	selective	coating	of	flat	surfaces	(e.g.,	a	ceramic	substrate).	The	technology	was	originally	developed	for	the	production	of	miniature,	robust,	and,	above	all,	cheap	electronic	circuits.	The	up-front	investment	in	a	thick	film	facility	is	low	compared	with	that	of	IC
manufacturing.	For	disposable	chemical	sensors,	recent	industrial	experience	indicates	that	screen	printing	thick	films	is	a	viable	alternative	to	Si	thin	film	technologies.	For	biosensor	applications,	thick	film	technology	based	on	pastes	that	can	be	deposited	at	room	temperature	is	crucial.	Special	grades	of	polymer-based	pastes	(e.g.,	for	carbon,	Ag,
and	Ag/AgCl	electrodes)	are	becoming	commercially	available	for	this	purpose.9	Polymer	thick	films	with	a	thickness	anywhere	from	5–50	μm	can	be	screen	printed	on	cheap	polymer	substrates.	In	the	commercial	planar	electrochemical	glucose	sensor	from	MediSense/Abbott	sensor,	the	Precision	QID,	shown	in	Volume	I,	Chapter	7,	all	films	are	silk-
screened	onto	a	PVC	substrate.	In	the	research	phase	of	new	chemical	sensors,	pastes	must	be	developed	from	their	pure	components.	Some	examples	follow.	Pace	et	al.10	screen	printed	a	PVC/ionophore	layer	for	a	pH	sensor.	Belford	et	al.11	investigated	pH-sensitive	glass	mixtures	and	proceeded	to	screen	print	them	on	a	multilayer	metal
conductor	to	make	planar	pH	sensors.	In	Pace	et	al.,12	a	thick	film,	multilayered	oxygen	sensor	with	screen-printed	chemical	mem-	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	branes	of	PVA	and	silicone	rubber	is	detailed	(see	also	Karagounis	et	al.13).	A	thick	film	glucose	sensor	is	presented	by	Lewandowski	et	al.14	and
Lambrechts	et	al.15	The	latter	authors	developed	an	enzyme-based	thick	film	glucose	sensor	with	RuO2	electrodes.	All	the	above	thick	film	sensors	were	fabricated	on	Al2O3	substrates.	Weetall	et	al.16	present	an	extremely	low-cost,	silk-screened	immunosen	sor	on	cardboard.	Cha	et	al.17	compare	the	performance	of	thick	film	Au	and	Pt	electrodes
with	conventional	bulk	electrodes.	When	faced	with	adapting	a	biosensor	membrane	to	an	IC	process	versus	adaptation	to	a	thick	film	process,	it	now	seems	that,	once	the	specialty	inks	are	available,	a	thick	film	approach	is	easier,	less	expensive,	and	more	accessible.	For	in	vitro	chemical	sensors	where	small	size	is	not	as	important,	we	expect	more
research	to	result	in	a	switch	from	the	overly	ambitious	IC	approach	to	the	more	realistic	thick	film	approaches	as	sketched	above.	In	Volume	III,	Chapter	1,	we	compare	the	pros	and	cons	of	thin	and	thick	film	technologies.	Important	other	driving	forces	for	the	development	of	new	low-temperature	inks	for	silk	screening	come	from	the	exciting
market	opportunity	of	organic	light-emitting	diodes	(OLEDs),	OLED	flexible	displays,	polymer	transistors,	and	electronic	paper.	There	are	two	types	of	OLED	displays:	the	ones	based	on	small	molecule	OLEDs	and	the	polymerbased	ones.	The	small	molecule	OLEDs	use	organic	emissive	materials	that	do	not	contain	long	polymer	chains.	“Small”
molecules	often	used	include	organometallic	chelates,	flourescent	and	phosphorescent	dyes,	and	conjugated	dendrimers.	The	production	of	small	molecule	devices	and	dispalys	usually	involves	thin	film	deposition	such	as	a	separation	in	a	vacuum.	Small	molecule	OLEDs	are	more	mature,	but	the	polymer	based	OLEDs	have	the	potential	of	being	lower
cost	because	of	the	applicability	of	screen	printing,	which	enables	high	throughput	of	large	area	devices,	such	as	large	area	displays.	Lifetime	improvement	and	encapsulation	are	progressing	fast;	thus,	polymer	OLEDs	now	have	the	potential	of	being	very	bright,	extremely	thin,	low	power,	and	low	cost.	There	is	the	eventual	possibility	of	producing
OLED	displays	using	roll	to	roll	(R2R)	manufacturing	(see	Volume	III,	Chapter	1),	which	would	dramatically	521	further	reduce	their	manufacturing	cost.	The	aim	is	also	to	produce	organic	thin	film	transistors	(TFTs)	using	printing	techniques,	but	there	are	a	number	of	issues	that	still	need	to	be	resolved	in	this	case.	However,	reduction	in	cost	can
already	be	achieved	today	by	using	hybrid-processing	technologies,	i.e.,	using	low-cost	printing	and	dispensing	techniques	wherever	it	is	possible,	whereas	other	processing	steps	remain	“conventional,”	such	as	photolithography	or	vapor	deposition	processes.	In	Figure	8.11	some	typical	thin	film	organic	devices	are	shown.	Using	thin	sheets	of	plastic
—	similar	to	overhead	transparencies—as	the	base,	one	can	print	the	multiple	layers	of	OLEDs	or	transistors	with	silk	screening	one	layer	at	a	time.	The	squeegee	pushes	a	liquid	plastic	mixture	over	a	stainless-steel	mesh,	and	after	the	solvent	evaporates,	a	new	plastic	feature	remains.	With	electronic	paper,	the	ink	is	a	liquid	that	can	be	printed	onto
nearly	any	surface.	Within	the	liquid	are	suspended	tiny	microcapsules,	each	containing	white	and	black	particles	(Figure	8.12).	The	relative	movement	of	negatively	charged	black	and	positively	charged	white	particles	inside	their	microcapsules	is	controlled	by	the	direction	of	an	applied	voltage.	In	an	electric	field,	the	white	particles	move	to	one
end	of	the	microcapsule	and	make	the	surface	of	the	electronic	paper	appear	white	at	that	spot.	An	opposite	electric	field	pulls	the	white	particles	to	the	other	end	of	the	microcapsules,	where	they	are	obscured	by	the	black	particles,	making	the	surface	appear	dark	at	that	spot.18	To	form	an	electronic	ink	display,	the	ink	is	screen	printed	onto	a	sheet
of	plastic	film	that	is	laminated	to	a	layer	of	circuitry.	The	circuitry	forms	a	pattern	of	pixels	that	can	then	be	controlled	by	a	display	driver.	The	microcapsules	are	suspended	in	a	liquid	“carrier	medium,”	allowing	them	to	be	printed	using	existing	screen-printing	processes	onto	virtually	any	surface,	including	glass,	plastic,	fabric,	and	even	paper.
Ultimately	electronic	ink	will	permit	most	any	surface	to	become	a	display,	bringing	information	out	of	the	confines	of	traditional	devices	and	into	the	world	around	us.	Applications	of	electronic	ink	include	e-book	readers	capable	of	displaying	digital	versions	of	books	and	e-paper	magazines,	electronic	pricing	labels	in	retail	shops,	timetables	at	bus
stations,	and	522	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	8.11	Organic	light-emitting	diode	(OLED).	(a)	In	a	typical	organic	light-emitting	device,	luminescent	molecular	excited	states	are	generated	in	the	electron	transport	and	luminescent	layer	near	its	contact	region	with	the	hole	transport	layer.	(b)	OLED
display;	an	organic	passive	matrix	display	on	a	substrate	of	polyethylene	terephthalate,	a	lightweight	plastic,	will	bend	around	a	diameter	of	less	than	1	cm.	The	1.8-mm-thick,	5	×	10-cm	monochrome	display	consists	of	128	×	64	pixels,	each	measuring	400	×	500	μm,	and	is	operated	at	conventional	video	brightness	of	100	cd/m2.	It	was	fabricated	by
Universal	Display	Corp.	(Ewing,	NJ),	with	a	moisture	barrier	built	into	the	plastic	that	prevents	degradation	of	the	pixels	(	).	(c)	Organic	thin-film	transistors	(OTFTs)	are	constructed	of	an	organic	or	inorganic	gate	insulator	and	an	organic	semiconducting	channel	linking	the	source	and	drain.	FIGURE	8.12	How	electronic	ink	works.	(a)	Operating
principle	of	electronic	ink.	The	relative	movement	of	negatively	charged	black	and	positively	charged	white	particles	inside	their	microcapsules	is	controlled	by	the	direction	of	the	applied	voltage.	(b)	A	backplane	thin-film	transistor	measured	in	situ	under	compressive	stress.	The	transistor	is	bent	to	three	different	radii	of	curvature:	green,	2.0	cm
(0.19%	strain);	blue,	1.3	cm	(0.29%	strain);	and	red,	1.0	cm	(0.38%	strain).	The	thin-film	transistor	has	identical	characteristics	when	measured	without	bending	(black	curve)	and	at	a	radius	of	curvature	of	2.0	cm;	degradation	is	minimal	even	at	1.0	cm.	Results	were	similar	under	tensile	stress.	(c)	Text	image	shown	on	a	bent	display	whose	resolution
is	96	dpi	and	which	has	a	whitestate	reflectance	of	43%	and	a	contrast	ratio	of	8.5:1.	(From	Chen,	Y.,	J.	Au,	P.	Kazlas,	A.	Ritenour,	H.	Gates,	and	M.	McCreary.	2003.	Electronic	paper:	Flexible	active-matrix	electronic	ink	display.	Nature	423:136.18)	electronic	billboards.	In	February	2006,	the	Flemish	daily	De	Tijd	distributed	an	electronic	version	of
the	paper	to	select	subscribers	in	a	limited	marketing	study.	This	was	the	first	recorded	application	of	electronic	ink	to	newspaper	publishing.	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	Langmuir-Blodgett	Deposition	and	Self-Assembled	Monolayers	The	Langmuir-Blodgett	technique,	invented	by	Irving	Langmuir	and
Katharine	Blodgett	in	1935,	allows	the	controlled	deposition	of	monomolecular	layers	on	a	wide	variety	of	substrates.	This	ultrathin	film	deposition	technique	is	limited	to	materials	that	consist	of	amphilic	long	chain	molecules	with	a	hydrophobic	molecule	at	one	end	and	a	hydrophilic	molecule	at	the	other.	In	the	LangmuirBlodgett	process,	a
monolayer	of	film-forming	molecules	(stearic	acid	is	a	model	molecule)	on	an	aqueous	surface	is	compressed	into	a	compact	floating	film	and	transferred	to	a	solid	substrate	by	passing	a	substrate	through	the	water	surface	at	a	constant	speed	and	film	surface	tension	(Figure	8.13).	Thus,	layered	films	can	be	built	up	in	thickness	(up	to	100	layers)	by
consecutive	dipping	in	the	Langmuir	trough.	For	example,	phthalocyanine	thin	films	sensitive	to	oxidizing	gases	such	as	NO2	and	biological	523	materials	sensitive	to	odors	resulted	via	this	method.	Most	of	the	difficulties	with	Langmuir-Blodgett	films	stem	from	the	need	to	make	the	material	pinholefree	and	to	overcome	the	problem	of	their	lack	of
mechanical,	chemical,	and	thermal	stability.	In	the	early	1980s	at	the	Bell	Labs,	David	L.	Allara	(now	at	Pennsylvania	State	University)	and	Ralph	G.	Nuzzo	(now	at	University	of	Illinois,	UrbanaChampaign)	discovered	the	self-assembly	of	disulfide	and,	soon	thereafter,	of	alkanethiol	monolayers	(SAMs)	on	metal	surfaces.19,20	SAM	films,	especially	on
Au,	spontaneously	assemble	into	stable	and	highly	organized	molecular	layers,	bonding	with	the	sulfur	atoms	onto	the	gold	and	resulting	in	a	new	surface	with	properties	determined	by	the	alkane	head	group.	The	preferred	crystal	face	for	alkanethiolate	SAM	preparation	on	gold	substrates	is	the	(111)	surface,	which	is	obtained	either	by	using	single-
crystal	substrates	or	by	evaporation	of	thin	FIGURE	8.13	Langmuir-Blodgett	film	deposition:	sequence	of	a	deposition	(a),	schematic	of	apparatus	(b),	and	photo	of	apparatus	(c).	524	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	−O(C=O)CH3,	−O(C=O)CF3,	−O(C=O)C6H5,	−COOH,	−OSO3H,	and	so	on.	SAMs	on	gold	are
generally	stable	and	can	withstand	strong	acids	and	bases;	they	are	not	destroyed	by	solvents	and	can	withstand	physiological	environments.21	This	method	of	building	monolayers	forms	an	important	alternative	to	the	Langmuir-Blodgett	method.	The	use	of	monolayer	electron	beam	resists,	as	discussed	in	Chapter	2,	affords	nanometer-scale
lithography	resolution.	The	chemical	sensor	industry	exploits	monolayers	of	organics,	for	example,	in	immunosensors	and	to	provide	anchor	points	for	subsequent	organic	molecules	or	membranes.	Patterning	of	Organic	Materials	FIGURE	8.14	Preparation	of	SAMs.	The	substrate,	Au	on	Si,	is	immersed	into	an	ethanol	solution	of	the	desired	thiol.
Initial	adsorption	is	fast	(seconds);	then	an	organization	phase	follows,	which	should	be	allowed	to	continue	for	>15	h	for	best	results.	An	STM	of	a	fully	assembled	SAM	is	also	shown.	Au	films	on	flat	supports,	typically	glass	or	silicon	(Figure	8.14).	Several	different	solvents	are	usable	at	the	low	thiol	concentrations	(typically	1–2	mM)	that	are	used	in
preparation	of	SAMs,	but	the	most	commonly	used	one	is	ethanol.	It	is	important	to	minimize	the	water	content	in	the	solvent	if	the	SAMs	are	to	be	used	in	ultrahigh	vacuum	(UHV)	experiments.	Drying	the	solvent	limits	incorporation	of	water	into	the	SAM	structure,	which	reduces	outgassing	and	increases	the	repeatability	of	UHV	experiments.	Even
though	a	SAM	forms	very	rapidly	on	a	Au	substrate,	it	is	necessary	to	use	adsorption	times	of	15	h	or	more	to	obtain	well-ordered,	defectfree	SAMs.	Multilayers	do	not	form,	and	adsorption	times	of	2–3	days	are	optimal	in	obtaining	the	highest-quality	monolayers.	The	tail	group	that	provides	the	functionality	of	the	SAM	can	be	widely	varied.	CH3-
terminated	SAMs	are	commercially	available,	and	other	functional	groups	can	be	easily	synthesized	by	any	well-equipped	chemical	laboratory,	providing	almost	infinite	possibilities.	In	addition,	chemical	modification	of	the	tail	group	is	also	possible	after	formation	of	the	SAM,	expanding	the	available	range	of	functionalities	even	further.	Examples	of
functionalities	are	−CH3,	−OH,	−	(C	=	O)OCH3,	Introduction	In	the	previous	sections,	we	summarized	some	of	the	different	methods	available	to	deposit	organic	thin	layers.	In	what	follows,	we	will	encounter	some	of	the	same	techniques	and	introduce	some	new	ones	as	we	look	into	the	process	of	depositing	small	amounts	of	material	in	a	well-
defined,	small	spot	on	a	substrate,	i.e.,	the	patterning	of	organic	films.	Patterning	of	organic	thin	layers	into	discrete	array	elements	has	recently	spawned	a	wide	variety	of	applications.	These	range	from	sensor	arrays	for	electronic	noses	and	tongues	to	DNA	and	protein	arrays.	Patterning	through	Photolithography	Patterning	of	Hydrogels,	Gas-
Permeable	Membranes	and	Ion-Selective	Electrodes	Spinning,	UV	exposure,	and	development	of	resists	are	well-known,	lowcost,	mass-production	patterning	procedures	in	photolithography	for	IC	fabrication.	Naturally,	this	approach	became	one	of	the	first	methods	to	be	applied	to	the	patterning	of	other	organic	materials.	However,	photosensitized
organic	materials	such	as	hydrogels,	gas-permeable	membranes,	and	ion-selective	electrodes	(ISEs),	e.g.,	to	fabricate	a	biosensor	array,	are	usually	not	commercially	available.	To	cope	with	this	problem,	photosensitive	materials	from	high-purity	materials	must	be	prepared.	For	example,	to	pattern	a	hydrogel,	e.g.,	a	water-soluble	polymer	like
polyvinyl	alcohol	(PVA),	a	photosensitizer	such	as	(NH4)2Cr2O7	must	be	added.15	After	spin	coating,	the	polymer	film	is	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	525	FIGURE	8.15	Patterning	hydrogels.	(a)	Schematic	showing	the	in-channel	photo-polymerziation	technique.	(b)	Schematic	of	a	2D	shut-off	microvalve
consisting	of	hydrogel	“jackets”	(50	μm	thick)	around	three	prefabricated	SU-8	posts.	(c)	Micrograph	of	the	hydrogel	jackets	blocking	the	regulated	channel	(pH	7)	in	their	expanded	state	in	a	pH	12	solution	(dyed).	(d)	Micrograph	showing	the	contracted	hydrogels	allowing	fluid	to	flow	down	the	side	branch.	(Courtesy	of	Dr.	D.	Beebe,	University	of
Madison,	Wisconsin.	22)	photochemically	cross-linked	by	UV	light.	In	the	exposed	regions,	an	insoluble	hydrogel	materializes.	The	development	or	removal	of	unexposed	regions	is	carried	out	in	warm	water.	An	example	of	patterning	a	hydrogel	actuator	material	inside	a	fluidic	network	through	the	use	of	photolithography	is	described	by	Liu	et	al.22
The	actuator	hydrogel,	after	in	situ	photopolymerization,	responds	to	changes	in	local	pH	by	changing	its	volume	and	thus	provides	a	means	for	valving	action	in	the	fluidic	network.23	The	in	situ	polymerization	of	these	polymeric	valves	and	their	function	in	a	fluidic	network	are	demonstrated	in	Figure	8.15.22	An	alternative	approach	to	patterning
organic	materials	without	modifying	the	material	through	the	addition	of	a	photosensitizer	is	through	liftoff.	Lift-off	to	lithographically	pattern	hard	to	etch	materials	(e.g.,	Pt),	or	in	general	to	pattern	materials	that	are	not	photosensitive,	was	introduced	in	Chapter	1.	At	one	time,	a	problem	with	lift-off	for	patterning	organic	materials	was	the
thickness	required	for	the	patterning	photoresist	layer.	As	discussed	in	Chapter	1,	a	typical	resist	layer	used	to	measure	only	about	1	μm	thick,	whereas	the	thickness	needed	for	the	organic	layers	involved	in	chemical	sensors	frequently	can	reach	up	to	50–100	μm,	demanding	resist	layers	that	are	thicker.	The	many	new	thick	resist	technologies	(e.g.,
SU-8)	now	available	make	this	approach	feasible	today.	However,	a	remaining	problem	with	lift-off	is	that	it	can	be	used	only	with	materials	resistant	to	the	solvent	necessary	for	the	resist	removal;	therefore,	this	technology	probably	will	be	limited	to	specific	cases.	Hydrogels,	gas-permeable	membranes,	and	ISEs	are	all	relatively	thick,	from	several
micrometers	to	100	μm.	Next	we	consider	patterning	of	much	thinner	organic	layers,	such	as	monolayers	of	DNA	and	proteins.	Very	Large-Scale	Immobilized	Polymer	Patterning	and	Synthesis	Affymetrix’s	very	large-scale	immobilized	polymer	synthesis	(VLSIPS)	is	illustrated	in	Figure	8.16.	The	technique	patterns	and	synthesizes	biopolymers	at	the
same	time.24	In	light-directed	oligonucleotide	synthesis	for	DNA	arrays	(GeneChips),	a	solid	support	(e.g.,	a	1.28	cm	×	1.28	cm	Si	chip)	is	derivatized	with	a	covalently	linked	aminosilanated	layer	and	terminated	with	a	photolabile	protecting	526	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	8.16	Very	large-scale
immobilized	polymer	synthesis	(VLSIPS).	Light-directed	oligonucleotide	synthesis.	(a)	A	solid	support	is	derivatized	with	a	covalent	linker	molecule	terminated	with	a	photolabile	protecting	group.	Light	is	directed	through	a	mask	to	deprotect	and	activate	selected	sites,	and	protected	nucleotides	couple	to	the	activated	sites.	The	process	is	repeated,
activating	different	sets	of	sites	and	coupling	different	bases,	allowing	arbitrary	DNA	probes	to	be	constructed	at	each	site.	(b)	Schematic	representation	of	the	lamp,	mask,	and	array.	(From	Fodor,	P.	A.	S.,	J.	L.	Read,	M.	C.	Pirrung,	L.	Sryer,	A.	T.	Lu,	and	D.	Solas.	1991.	Light-directed,	spatially	addressable	parallel	chemical	synthesis.	Science
251:767–73.	24)	(c)	Finished	GeneChip	probe	array	with	a	fluorescent	image	of	a	hybridized	probe	array	and	details	of	an	individual	hybridized	probe	cell	(24	μm).	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	group.	The	on-chip	combinatorial	synthesis	proceeds	by	photolithographically	deprotecting	all	array	elements	that	are
to	receive	a	common	nucleotide,	coupling	that	nucleotide	by	exposing	the	entire	array	to	the	appropriate	phosphoramidite,	and	then	after	the	oxidation	and	washing	steps,	repeating	the	procedure	for	the	next	nucleotide.	The	in	situ	synthesis	of	oligonucleotides	occurs	in	parallel,	resulting	in	consecutive	addition	of	A,	C,	G,	and	T	nucleotides	to	the
appropriate	gene	sequences	on	the	array.	To	make	an	array	of	N-mers	requires	4N	cycles	of	deprotection	and	coupling,	one	for	each	of	the	four	bases,	times	N	base	positions.	This	photolithographic	method	requires	4N	masks,	which	are	specific	to	the	pattern	of	sequences	on	the	array	but	can	be	used	to	make	many	copies	of	the	array.	The	masks	add
considerable	expense,	and	the	procedure	is	best	suited	for	generating	large	numbers	of	identical	arrays.	By	going	through	32	iterations	of	the	oligonucleotide	synthesis,	65,536	oligos	containing	eight	units	can	be	fabricated	in	about	1	day.	In	Figure	8.17	we	show	how	an	Affymetrix	oligo	microarray	can	be	used	to	establish	the	amount	of	messenger
RNA	(mRNA)	in	a	sample.	mRNA	is	extracted	from	a	cell	and	is	converted	to	complementary	DNA	(cDNA)	using	reverse	transcriptase.	After	transcription,	the	cRNA	is	biotin-labeled	and	fragmented.	This	single-stranded	and	labeled	RNA	target	FIGURE	8.17	How	an	oligo	microarray	works.	527	is	then	put	in	contact	with	the	GeneChip	with	millions	of
copies	of	different	complementary	probes.	After	hybridization,	the	chip	is	washed	and	stained,	and	the	array	is	scanned	and	quantitated.	Each	gene	is	represented	on	the	GeneChip	using	16–20	(preferably	nonoverlapping)	25-mers,	and	each	oligonucleotide	has	a	single-base	mismatch	partner	for	internal	control	of	hybridization	specificity.	The
combinatorial	approach	described	here	to	fabricate	DNA	arrays	can	also	be	used	for	peptide	synthesis	to	create	an	assortment	of	peptides	of	almost	any	length.	The	approach	is	a	generic	and	powerful	method	to	create	large	numbers	of	compounds	in	a	very	small	area	in	a	reasonable	amount	of	time.	Proteins	Patterning	with	Lithography	A	wide	range
of	proteins	has	been	patterned	with	features	in	the	micrometer	range	by	making	a	surface	locally	hydrophobic	or	hydrophilic	through	lithography	(see	Chapter	2,	“Very	Thin	Resist	Layers”).	Such	patterns	may	be	observed	by	a	number	of	techniques	including	fluorescence	microscopy,	atomic	force	microscopy	(AFM),	and	the	growth	response	of
cultured	cells.25	There	are	also	efforts	to	produce	nanopatterned	protein	arrays	by	using	proteins	that	selfassemble	into	molecular	lattices,	such	as	the	bacterial	S	protein.	Douglas	et	al.26	used	metal-decorated	crystals	of	the	S	proteins	of	Sulfolobus	acidocaldarius	as	a	528	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE
8.18	Nanopatterning	of	surface	chemistry	using	a	self-assembled	protein	mask.	(From	Douglas,	K.,	G.	Deavaud,	and	N.	A.	Clark.	1992.	Transfer	of	biologically	derived	nanometer	scale	patterns	to	smooth	substrates.	Science	257:642–44.	26)	protein	mask	to	pattern	hexagonal	arrays	of	10-nmdiameter	holes	onto	graphite	surfaces.	Figure	8.18
demonstrates	how	the	self-assembled	protein	lattice	may	be	used	for	nanopatterned	protein	surfaces.	UV	lithography,	in	some	special	cases,	may	also	work	directly	for	patterning	thin	protein	layers	as	demonstrated	in	Example	8.1.	In	this	example	a	protein	grating	was	created	by	shining	UV,	in	the	presence	of	oxygen,	through	a	grating	photomask.
Besides	UV	lithography,	soft	and	hard	x-rays,	e-beam,	and	ion	projection	lithography	can	all	be	used	for	direct	protein	film	structuring.	Digital	Mirror	Array	Patterning	With	VLSIPS	(see	above),	a	DNA	chip	of	25-mers	may	require	as	many	as	100	different	masks,	leading	to	a	very	high	cost	and	a	too-long	fabrication	time.	Singh-Gasson	et	al.27	came	up
with	an	elegant	maskless	fabrication	alternative	for	light-directed	oligonucleotide	microarrays	by	using	a	digital	micromirror	array.	Specifically,	this	group	used	the	digital	micromirror	device	(DMD)	from	Texas	Instruments	(	,	the	fabrication	of	which	is	described	in	Chapter	7.	This	specific	DMD	consists	of	a	600	×	800	array	of	16-μm-wide
micromirrors	(the	same	type	used	in	projection	systems).	The	tiny	mirrors	are	individually	addressable	and	can	be	used	to	create	any	given	pattern	or	image	in	a	broad	range	of	wavelengths.	With	a	1:1	imaging	system,	the	DMD	can	be	exploited	to	address	480,000	pixels	on	a	10	×	14-mm	area.	This	maskless	array	synthesizer	(MAS)	or	virtual	mask
array	synthesizer	is	shown	in	Figure	8.19.	An	added	benefit	of	this	clever	approach	is	that	the	active	surface	of	the	glass	substrate	can	be	mounted	in	a	flow	cell	reaction	chamber	connected	to	a	DNA	synthesizer.	Chemical	coupling	cycles	follow	light	exposure,	and	these	steps	are	repeated	with	different	virtual	masks	to	grow	desired	oligonucleotides
in	any	desired	pattern.	It	is	obvious	that	the	MAS	can	also	be	used	for	other	array	patterning/synthesis	experiments.	Virtual	masks	were	discussed	in	Chapter	1	under	“Inexpensive	Masks	and	Maskless	Optical	Projection	Lithography	for	Research	and	Development.”	A	maskless	imaging	method	was	also	used	by	Bertsch	et	al.28	at	the	Swiss	Federal
Institute	of	Technology	(EPLF)	in	microstereolithography.	This	research	group	uses	a	computer-controlled	liquid	crystal	display	(LCD)	as	a	dynamic	pattern	generator	in	microstereolithography	(see	further	below).	Ink	Jetting	and	Microspotting	Introduction	Drop	delivery	systems	present	an	alternative	mechanical	approach	to	pattern	organic	materials
on	a	planar	substrate.	Although	resolution	is	lower	than	with	lithography	methods,	these	mechanical	methods	are	fast	and	less	expensive.	Ink-Jet	Printing	Drop	delivery	in	bio-MEMS	is	based	on	the	same	principles	as	commercial	ink-jet	printing.	The	ink-jet	nozzle	is	connected	to	a	reservoir	filled	with	the	chemical	solution	and	placed	above	a
computer-controlled	x-y	stage.	Depending	on	the	ink	expulsion	method,	even	temperaturesensitive	enzyme	formulations	can	be	delivered.	The	substrate	to	be	coated	is	placed	on	the	x-y	stage,	and	under	computer	control,	liquid	drops	(e.g.,	50	μm	in	diameter)	are	expelled	through	the	nozzle	onto	a	well-defined	place	on	the	wafer	(see	Figure	8.20).
Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	529	FIGURE	8.19	Schematic	of	the	maskless	array	synthesizer	(MAS).	A	UV	light	source	is	used	to	illuminate	the	digital	micromirror	array.	A	set	of	reflective	OFF/ON	mirrors	and	a	1:1	imaging	system	with	a	numerical	aperture	(NA)	of	0.08	form	an	image	of	the	pattern	on	the	digital
micromirror	array	on	the	active	surface	of	the	glass	substrate.	The	glass	substrate	is	enclosed	in	a	flow	cell	connected	to	a	DNA	synthesizer.	(Courtesy	of	Dr.	R.	Green,	NimbleGen	Systems.)	Different	nozzles	may	print	different	spots	in	parallel.	Although	these	drop	delivery	systems	are	serial,	they	can	be	very	fast,	as	evidenced	by	epoxy	delivery
stations	in	IC	manufacturing	lines.	The	ink-jet	mechanism	in	Figure	8.20	is	thermal	and	is	often	called	a	bubble	jet,	with	droplets	as	small	as	a	few	picoliters	(2–4	pL).29	Some	ink-jet	printers	can	vary	the	drop	size.	Five	years	ago	a	typical	drop	size	was	30–50	pL;	today	drop	sizes	of	2–4	pL	are	state	of	the	art.	This	is	comparable	to	the	size	difference
between	a	softball	and	a	ping	pong	ball.	Smaller	drops	produce	smoother-looking	prints	because	they	make	smaller	dots	on	the	paper.	Hewlett	Packard’s	(HP)	thermal	ink	jet	(TIJ)	represents	the	state	of	the	art	in	this	arena.	In	the	TIJ,	tiny	resistors	are	used	to	rapidly	heat	(1,000,000°C/s)	a	thin	(0.1	μm)	layer	of	liquid	ink	to	about	340°C.	A
superheated	vapor	explosion	vaporizes	a	tiny	fraction	of	the	ink	to	form	an	expanding	bubble	that	ejects	a	drop	of	ink	(and	any	trapped	air)	from	the	ink	cartridge	onto	the	paper	or	other	substrate.	It	is	noteworthy	that	the	ink	does	not	boil.	The	bubble	collapse	and	break	off	draws	fresh	ink	over	the	resistor.	The	bubble	formation,	expansion,	break	off,
and	refill	(all	very	fast)	are	illustrated	in	Figure	8.21a.	The	HP	TIJ	has	all	the	active	power	electronics	and	orifice	addressing	integrated	on	the	same	Si	chip	with	the	drop	generator	as	shown	in	Figure	8.21b.	The	orifices	may	be	spaced	at	300/in.	in	a	single	column	for	a	300-dpi	printhead,	or	for	a	600-dpi	printhead,	530	Manufacturing	Techniques	for
Microfabrication	and	Nanotechnology	FIGURE	8.20	Ink-jet	deposition	system.	two	offset	columns	of	300	orifices	may	be	used.	It	is	even	possible	to	put	600	TIJ	orifices/in.	in	a	single	column.	Current	piezo	ink	jets	(see	next	paragraph)	only	have	90	orifices/in.	The	TIJ	technology	is	a	remarkable	piece	of	engineering.	To	put	this	in	perspective,	engineers
trying	to	develop	a	commercial	ion-sensitive	field	effect	transistor	(ISFET)	have	struggled	for	more	than	30	years	to	integrate	liquids	with	electronics	with	little	success	or	market	acceptance	until	very	recently	(see	Volume	I,	Chapter	7	and	Volume	III,	Chapter	10).	Not	only	did	HP	succeed	in	integrating	liquid	with	electronics,	they	were	also	able	to
find	an	effective	method	of	repeatedly	heat	ing	the	liquid	(ink).	This	way	HP	has	also	carved	out	a	very	lucrative	business	in	disposable	ink	car	tridges.	Perhaps	their	efforts	will	also	pay	off	in	other	fluidic	areas,	and	it	may	even	be	worth	reconsidering	the	ISFET	using	HP	technology.	A	piezoelectric	ink-jet	head	is	used	for	another	type	of	ink-jet
printing	and	consists	of	a	small	reservoir	with	an	inlet	port	and	a	nozzle	at	the	other	end.	One	wall	of	the	reservoir	consists	of	a	thin	diaphragm	with	an	attached	piezoelectric	crystal.	When	voltage	is	applied	to	the	crystal,	it	contracts	laterally,	thus	deflecting	the	diaphragm	and	ejecting	a	small	drop	of	fluid	from	the	nozzle.	The	reservoir	then	refills
via	capillary	action	through	the	inlet.	One,	and	only	one,	drop	is	ejected	for	each	voltage	pulse	applied	to	the	crystal,	thus	allowing	complete	control	over	when	a	drop	is	ejected.	Such	devices	are	inexpensive	and	can	deliver	drops	with	volumes	of	tens	of	picoliters	at	rates	of	thousands	of	drops	per	second.	In	conjunction	with	a	computer-controlled	x-y
stepping	stage	to	position	the	array	with	respect	to	the	ink-jet	nozzles,	it	is	possible	to	deliver	different	reagents	to	different	spots	on	the	array.	Arrays	of	150,000	spots	can	be	addressed	in	less	than	1	min,	with	each	spot	receiving	one	drop	of	reagent.	As	pointed	out	above,	thermal	ink	jets	have	a	higher	orifice	density	than	piezoelectric	printing.	For
more	details	on	both	types	of	ink-jet	printing,	visit	http://	www.hp.com/oeminkjet/tij/about.htm.	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	531	FIGURE	8.21	HP’s	thermal	ink-jet	(TIJ)	technology.	(a)	Bubble	formation,	expansion,	collapse,	and	refill.	(b)	Integrated	power	electronics	and	orifice	addressing.	Because	a	computer
controls	the	pattern	of	reagents	as	an	array	is	being	made	with	ink	jetting,	it	is	as	easy	to	make	10	arrays	with	different	sequences	as	it	is	to	make	10	identical	arrays.	This	flexibility	is	perhaps	the	main	advantage	of	the	ink-jet	approach.	Achieving	high	density	with	the	ink-jet	approach	requires	one	more	trick.	Two	drops	of	liquid	applied	too	closely
together	on	a	surface	will	tend	to	spread	into	each	other	and	mix.	For	40-pL	drops,	the	minimal	center-to-center	spacing	is	about	600	μm.	This	limits	the	array	density	achievable	with	the	ink-jet	method.	One	way	around	this	is	to	engineer	patterns	in	the	surface	chemistry	of	the	array	to	produce	spots	of	a	relatively	hydrophilic	character	surrounded
by	hydrophobic	barriers.	At	the	small	length	scales	involved	(approximately	100	μm),	surface	tension	is	the	dominant	force	on	a	drop	of	liquid,	and	a	hydrophobic	surface	will	effectively	prevent	a	drop	from	spreading	out	beyond	the	confines	of	the	hydrophilic	surface.	There	are	several	ways	to	engineer	such	a	surface.	Modern	techniques	use
fluorinated	alkyl	silanes,	which	covalently	couple	to	glass	and	present	an	extremely	hydrophobic	surface.	They	can	be	patterned	by	masking	the	areas	to	remain	hydrophilic,	derivatizing	the	exposed	surface	with	the	appropriate	silane	and	then	removing	the	mask	by	dissolving	532	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	it
with	various	organic	solvents.	The	mask	itself	can	be	formed	by	a	photolithographic	process	wherein	the	array	is	covered	with	a	thin,	uniform	layer	of	photoresist,	which	is	then	exposed	to	light	through	a	photographic	negative	to	define	the	array.	The	photoresist	is	developed,	leaving	behind	a	pattern	of	protective	photoresist	to	act	as	a	mask.
Alternatively,	a	“Whitesides”	rubber	stamp	can	be	used	to	apply	either	the	protective	mask	or	the	hydrophobic	silane	itself.	Any	of	these	methods	will	easily	produce	100μm-diameter	hydrophilic	wells	separated	by	40-μm	hydrophobic	barriers,	or	5,000	array	sites/cm2.	Inkjet	technology	has	been	used	to	prepare	microarrays	of	single	cDNA	at	a	density
of	10,000	spots/cm2.	On	a	somewhat	larger	scale,	epoxy-delivery	systems	used	in	the	IC	industry	similarly	deliver	drops	in	a	serial	fashion	on	specific	spots	on	a	substrate.	A	typical	commercial	drop-dispensing	system	(e.g.,	the	IVEK	Digispense	2000)	delivers	0.20–0.50	μl	in	a	drop	and	has	a	cycle	time	per	dispense	of	1	s.	A	vision	system	verifies
substrate	position	and	accurate	dispense	location	to	within	±25	μm	of	a	specified	location.	Mechanical	Microspotting	Mechanically	microspotting,	as	developed	by	Brown	et	al.	(Stanford	University),	is	simpler	than	ink-jet	printing.	In	this	approach,	a	popular	and	inexpensive	method	for	making	DNA	arrays,	a	prepared	DNA	sample	(e.g.,	cDNA	or	a
PCR	product)	is	loaded	into	a	spotting	pin	by	capillary	action,	and	a	small	volume	is	transferred	to	a	solid	surface	by	physical	contact	between	the	pin	and	the	solid	substrate	(see	Figure	8.22).	After	a	first	spotting	cycle,	the	pin	is	washed,	FIGURE	8.22	Spotted	arrays	of	cDNA	on	50	glass	slides.	and	a	second	sample	is	loaded	and	deposited	to	an
adjacent	address.	Robotic	control	systems	and	multiplexed	printheads	allow	automated	microarray	fabrication.	This	very	flexible	mechanical	drop	delivery	technique	takes	a	small	amount	of	liquid	from	a	96-	(or	384-)	well	plate	and	places	a	tiny	(1	nL)	drop	onto	a	microscope	slide.	Because	the	machine	is	fully	automated,	it	requires	little	extra	work	to
make	additional	slides.	One	can	typically	make	120	slides	at	a	time.	The	microspotted	microarrays	currently	manufactured	contain	as	much	as	10,000	groups	of	cDNA	in	an	area	of	3.6	cm2.	As	sketched	in	Figure	8.23,	a	cDNA	array	as	fabricated	with	the	equipment	shown	in	Figure	8.22	may	be	used	to	establish	the	relative	amount	of	messenger	DNA
expression	in	a	biological	sample	(see	also	Volume	III,	Chapter	2).	For	example,	we	might	want	to	compare	the	gene	expression	levels	for	two	cell	populations	(e.g.,	from	tumor	and	normal	cells)	on	a	single	microarray.	For	that	application,	both	sample	(tumor	cell)	and	control	DNA	(normal	cell)	are	used	as	targets.	One	first	extracts	mRNA	from	both
sample	and	control	and	converts	the	mRNA	to	cDNA	using	reverse	transcriptase.	In	a	subsequent	step,	the	cDNA	is	amplified	using	PCR.	DNA	probe	molecules	are	then	deposited	onto	the	glass	slide	substrate.	Finally,	target	DNA	from	tumor	and	healthy	cells	are	fluorescently	tagged	(Cy3,	Cy5;	see	Volume	I,	Chapter	7),	and	an	equal	amount	of	each
is	added	to	the	cDNA	probe	array.	Depending	whether	there	is	a	match	between	target	and	probe	DNA,	hybridization	does	or	does	not	take	place.	If	no	hybridization	occurs,	no	color	results.	If	the	sample	(red)	DNA	hybridizes	and	the	control	does	not,	a	red	color	results,	and	if	only	control	(green)	DNA	hybridizes,	a	green	color	results.	If	both
hybridize	equally,	a	yellow	color	results.	The	color	intensity	measured	in	a	fluorescence	reader	reflects	the	abundance	of	the	mRNA	in	the	sample.	The	assumption	in	this	experiment	is	that	cellular	mRNA	levels	directly	reflect	gene	expression.	In	Table	8.1	we	compare	the	procedure	for	measuring	mRNA	as	depicted	in	Figure	8.23,	where	we	use	a
spotted	cDNA	array,	with	the	one	in	Figure	8.17,	where	we	use	a	lithographically	synthesized	oligo	array.	In	Figure	8.24,	we	compare	three	arraying	methods:	lithography,	microspotting,	and	ink	jetting.	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	533	TABLE	8.1	Spotted	cDNA	Array	versus	Synthesized	Oligo	Array	Microarray:
Spotted	Probes	Manufacture	Number	of	spots	Quality	of	spots	Gene	representation	Internal	control	Gene	expression	amount	Cost/flexibility	DNA	Chips:	Synthesized	Probes	(0.6–2.4	kb)	are	PCR-amplified	fulllength	cDNA	sequences	Spotted	by	“robo-arms”	on	nonporous,	solid	support	Probes	are	20–25	deoxyoligonucleotides	More	flexible	and	cheaper,
homemade	More	expensive	yet	less	flexible	Synthesized	on	glass	by	solid-phase	DNA	synthesis	coupled	with	selectively	masked	light	protection	and	deprotection	(photolithography)	About	10,000	“spots”	on	a	microscope	glass	Commercial	GeneChips	have	about	300,000	probes	on	slide.	Maximum	24,000	features	per	array	1.28	×	1.28	cm	surface;
experimental	versions	exceed	1,000,000	probes	per	array	Variability	in	spot	quality	from	slide	to	slide	High	quality	with	little	variability	between	slides	Each	gene	represented	by	its	purified	PCR	Each	gene	represented	multiply	using	16–20	product	(preferably	nonoverlapping)	25-mers	Simultaneous	analysis	of	two	samples	(treated	Each
oligonucleotide	has	single-base	mismatch	partner	vs.	untreated	cells)	provides	internal	control	for	internal	control	of	hybridization	specificity	Relative	Absolute	FIGURE	8.23	Example	of	spotted	cDNA	microarray	analysis:	experimental	procedure	(a)	and	microarray	image	(b).	534	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology
FIGURE	8.24	The	three	main	arraying	methods:	lithography	(a),	microspotting	(b),	and	ink-jetting	(c).	One	disadvantage	of	microspotting	and	ink	jetting	compared	with	VLSIPS	is	that	each	sample	must	be	synthesized,	purified,	and	stored	before	microarray	fabrication.	Some	good	web	sites	for	further	information	on	arraying	technology	are	Stanford
University’s	Brown’s	Lab	Guide	to	Microarraying	at	.	stanford.edu/pbrown/mguide	and	BASF’s	Leming	Shi’s	.	Microcontact	Printing	Micro-	or	nanocontact	printing	with	a	polydimethylsiloxane	stamp	was	reviewed	in	detail	in	Chapter	2.	In	this	approach,	a	Si	master	is	created	using	a	high-resolution	lithography	technique	(e.g.,	e-beam).	Curing	an
elastomeric	prepolymer	on	this	master	subsequently	forms	an	elastomeric	stamp.	The	resulting	stamp	can	be	inked,	for	example,	with	thiols	that	can	be	subsequently	transferred	to	a	solid	support,	forming	highly	localized	structured	monolayers	(see	Figure	2.53).	Scanning	tunneling	microscope	(STM)	studies	of	the	transferred	SAMs	reveal	an
achievable	monolayer	order	indistinguishable	from	that	found	for	SAMs	prepared	from	solution.	The	technique	has	been	used,	for	example,	to	build	an	antibody	grating	on	a	Si	wafer	by	inking	the	rubber	stamp	with	an	antibody	solution.30	The	antibody	grating	alone	produces	insignificant	diffraction,	but	on	immunocapture	of	cells,	the	optical	phase
change	produces	diffraction.	This	is	an	alternative	method	to	make	an	immunograting	than	the	one	described	in	Example	8.1.	Conductive	Polymer	Patterning	Polymers	that	can	be	electropolymerized	may	also	be	deposited	and	patterned	by	first	patterning	a	thin	film	metal	electrode	in	a	desired	pattern	on	the	substrate.	In	the	late	1980s,	this	author
patterned	conductive	polymers	such	as	polypyrrole	and	polyaniline	with	lithography	techniques.	In	one	example,	arrays	of	conductive	polymer	posts	were	formed	on	a	conductive	substrate.	Increased	ion	access	to	individual	conductive	polymer	posts	as	compared	with	access	to	a	uniform	film	of	the	same	polymer	leads	to	higher	electrochemical
reversibility,	which	might	find	applications	in	faster	polymer	battery	electrodes,	electrochromic	devices,	enzyme-based	biosensors,	and	microelectronic	or	molecular	electronic	devices.	Figure	8.25	depicts	the	procedure	for	fabricating	3D	arrays	of	electronically	conductive	polymers	and	an	SEM	micrograph	of	the	resulting	patterned	conductive
polymer	posts.31,32	535	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	FIGURE	8.25	Micropatterning	of	conductive	polymers.	(a)	Process	sequence.	(b)	SEM	micrograph	of	conductive	polymer	submicrometer	electrode	array	(polyaniline	doped	with	tosylate).	Table	8.2	summarizes	some	of	the	most	popular	membrane	deposition
and	patterning	techniques.15	At	first	glance,	photolithography	seems	very	promising,	but	the	chemistry	is	complex	and	few	results	have	been	obtained	to	date,	the	most	important	exceptions	being	the	i-STAT	Abbott	Point	of	Care	blood	electrolyte	and	blood	gas	sensors	(	.	com/)	and	the	Affymetrix	DNA	arrays	(	.	affymetrix.com).	More	array	developers
today	are	opting	for	microspotting,	ink-jet	printing,	and	screen	printing	as	the	safest	and	least	expensive	approach.	Photochemical	Forming	Introduction	In	photochemical	forming	the	energy	at	the	work	piece	is	provided	by	photons.	A	prominent	example	is	photolithography,	where	negative-tone	photoresists	are	cross-linked	by	photons	of	the	right
energy	(Chapters	1	and	2).	Traditional	photolithography	techniques	result	in	projected	shapes.	A	photoresist	structure	can	take	on	any	shape	in	the	x-y	plane	and	possess	some	limited	height	(in	the	z-direction),	but	TABLE	8.2	Deposition	and	Patterning	Techniques	for	Planar	Chemical	Membranes	Typical	Use	Dip	coating	Casting	Photolithography	Lift-
off	Plasma	etching	Ink-jet	printing	Screen	printing	Wire	ISEs	Planar	ISEs	Planar	sensors	(PVA,PHEMA)	Immunosensors	PVC,	Teflon	Universal	Universal	Thickness	Range	(μm)	Cost	Uniformity	Reproducibility	Patterning	0.1–50	0.1–>100	1–10	μm	Low	Low	Moderate	Poor	Moderate	Good	Poor	Moderate	Good	No	No	Yes	0.1–3	μm	1–10	μm	1–5	μm	5–50
μm	Moderate	High	Moderate	Low	Moderate	Good	Poor	Moderate	Good	Good	Moderate	Moderate	Yes	Yes	Yes	Yes	Source:	Lambrechts,	M.,	and	W.	Sansen.	1992.	Biosensors:	microelectrical	devices.	Philadelphia:	Institute	of	Physics	Publishing.	With	permission.15	536	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	they	remain
projected	shapes	that	are	not	truly	3D	because	the	method	does	not	lend	much	control	over	the	resist	sidewalls	along	the	z-axis;	such	structures	are	sometimes	referred	to	as	2	1/2D.	In	miniaturization	science,	truly	3D	lithography	is	the	subject	of	increased	research.	Here	we	review	methods	of	photochemical	forming	of	truly	micro-	and	even	nano-3D
shapes,	including	stereolithography	or	microphotoforming	and	its	newest	embodiments	such	as	two-photon	polymerization	and	parallel	stereolithography.	We	start	this	section	with	a	brief	summary	of	rapid	prototyping	techniques.	In	rapid	prototyping,	additive	layering	or	3D	polymerization	techniques	have	long	played	an	important	role	for	quickly
making	a	nonfunctional	mock-up	of	a	real	component.	Recently	improved	versions	of	those	methods	have	also	became	promising	candidates	for	micro-	and	nanomanufacturing.	It	is	also	important	to	notice	that	the	term	rapid	prototyping	is	less	and	less	the	right	word	to	use.	Indeed	quite	often	these	additive	or	3D	polymerization	manufacturing
processes	are	leading	more	and	more	to	final	functional	products	rather	than	nonfunctional	prototypes.	We	classify	free-photoforming	additive	as	either	chemical	or	thermal,	depending	on	the	primacy	of	the	chemical	reaction	or	the	heat	application.	Thus,	low-temperature	polymer	photoforming	is	covered	in	this	chapter,	whereas	the	higher-
temperature	laser-assisted	chemical	vapor	deposition	process	is	covered	in	Chapter	9.	Rapid	Prototyping	The	past	20	years	witnessed	the	emergence	of	a	set	of	new	manufacturing	techniques	with	parts	made	on	a	layer-by-layer	basis	or	by	3D	polymerization.	With	these	technologies,	manufacturing	time	for	even	the	most	complex	parts	is	measured	in
hours	instead	of	days	or	weeks.	Hence	these	technologies	are	called	rapid	prototyping	(RP).	RP,	based	on	layered	manufacturing	(LM),	and	direct	3D	polymerization	in	two-photon	lithography	where	no	layering	is	needed	form	a	set	of	manufacturing	techniques	by	which	a	solid	physical	model	of	a	structure	is	made	directly	from	3D	computer-aided
design	(CAD)	model	data,	without	any	special	tooling.	The	CAD	data	may	be	generated	from	3D	CAD	modelers,	computer	tomography	(CT),*	and	magnetic	resonance	imaging	(MRI)	scans	or	model	data	created	by	3D	digitizing	systems.	Although	there	is	no	limit	to	the	prototype’s	complexity,	its	size	is	limited	by	the	size	of	the	manufacturing	bed.	The
same	data	used	for	the	rapid	prototype	creation	can	be	used	to	go	into	production,	eliminating	all	types	of	sources	of	human	errors.	Besides	3D	modeling,	RP	needs	specific	fluids,	powders,	wires,	or	laminates,	as	well	as	a	machine	tool	that	builds	the	desired	3D	prototypes	using	different	physical	principles	such	as	lasers,	laminators,	and	3D	printers.
This	type	of	fabrication	is	referred	to	as	additive	manufacturing	versus	the	subtractive	manufacturing	of	milling	and	turning.	Some	very	new	RP	methods	combine	additive	and	subtractive	techniques.	For	example,	the	laser	sintering/milling	hybrid	machine,	the	LUMEX	25C,	developed	by	Matsuura	Machinery	Corporation,	successfully	combines
freeform	manufacturing	and	high-speed	milling	(see	the	photo	in	the	heading	of	Chapter	9	on	thermal	energy-based	forming).	The	first	commercial	RP	method	appeared	on	the	market	in	1987	from	3D	Systems	(http://	www.3dsystems.com)	and	was	based	on	stereolithography	(SL)	where	liquid	polymers	are	solidified	when	exposed	to	UV	light.
Stereolithography	remains	the	best	known	RP	system	and	is	widely	used	in	automotive	and	aerospace	industries	to	fabricate	parts	from	basic	design	for	“show	and	tell”	before	the	parts	are	produced.	As	listed	in	Table	8.3,	there	are	many	different	RP	methods	available	that	offer	varying	degree	of	accuracy,	speed,	product	size	(see	Table	8.3,	inset),	as
well	as	a	large	choice	of	materials.	Twophoton	lithography,	the	newest	RP	technique	that	does	not	rely	on	layering	the	part	under	construction,	is	dealt	with	separately	below	and	is	not	listed	in	Table	8.3.	In	all	RP	methods	listed	in	Table	8.3,	a	designer,	using	CAD	software,	exports	a	model	of	the	intended	product	to	a	standardized	portable	file	format
for	3D	objects,	such	as	the	stereolithography	*	Computer	tomography	(CT)	is	a	powerful	nondestructive	evaluation	(NDE)	technique	for	producing	2D	and	3D	cross-sectional	images	of	an	object	from	flat	x-ray	images.	Characteristics	of	the	internal	structure	of	an	object	(such	as	dimensions,	shape,	internal	defects,	and	density)	are	readily	available
from	CT	images.	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	537	TABLE	8.3	Rapid	Prototyping	Techniques	t	SL:	Stereolithography	(see	below	for	details).	t	SLS:	Selective	laser	sintering	laser	beam	melts	the	layer	of	metal	powder	to	create	solid	objects	(see	Chapter	9).	t	3DP:	In	3D	printing	layers	of	ceramic	(plaster)	powder
are	glued	to	form	objects.	3DP	uses	ink-jet	printer	technology	(e.g.,	the	Z402c	from	the	Z	Corporation)	to	print	fine	patterns	of	glue	onto	a	smooth	bed	of	plaster	powder	(so	smooth	it	looks	like	paper).	The	bed	is	lowered,	and	a	roller	spreads	a	very	fine	layer	(0.004′′)	over	it	to	print	a	new	layer.	t	LOM:	Sheets	of	material	(paper,	plastic),	either	precut
or	on	a	roll,	are	glued	(laminated)	together	and	laser	cut	in	the	laminated	object	manufacture	process.	t	FDM:	In	fused	deposition	modeling	each	cross-section	is	produced	by	melting	a	plastic	filament	(ABS)	that	solidifies	on	cooling.	The	FDM	(e.g.,	the	Stratasys	FDM	1650)	builds	layers	by	extruding	a	hot,	viscous	strand	of	ABS	plastic	through	a	very
fine	nozzle,like	squeezing	toothpaste	out	of	a	tube.	The	fine	strands	(0.012′′)	stick	together	as	they	cool.	software	(	)	that	interfaces	with	the	RP	machines,	analyzes	the	surface	vectors	(boundary)	of	the	model,	and	“slices”	the	part	into	many	thin	layers.	Stereolithography	files	describe	only	the	surface	geometry	of	a	3D	object	without	any
representation	of	color,	texture,	or	other	common	CAD	model	attributes.	RP	machines	make	parts	by	producing	one	of	these	layers	at	a	time	and	eventually	building	up	a	complex,	3D	object.	As	mentioned	earlier,	in	two-photon	lithography	there	is	no	need	for	this	layering	step.	Stereolithography	(SL)	is	a	photoforming-based	RP	process,	and	its
application	to	MEMS	and	NEMS,	as	well	as	its	newest	embodiments	such	as	twophoton	polymerization	and	parallel	stereolithography,	is	detailed	below.	Selective	laser	sintering	(SLS)	538	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	8.26	A	3D-printer	by	Z	Corporation	that	creates	models	from	plaster	powder	(	).	is	a
thermal	additive	technique	expanded	on	in	Chapter	9.	A	brief	explanation	of	how	the	other	RP	techniques	listed	in	Table	8.3	work	follows.	Ink-jet	printing,	discussed	earlier,	is	essentially	a	2D	method;	an	important	new	direction	in	RP	is	the	concept	of	3D	printing.	In	one	approach	to	3D	printing	(3DP),	layers	of	ceramic	powder	(plaster)	are
glued/bound	to	form	objects.	3DP	uses	ink-jet	printer	technology	(e.g.,	from	the	Z	Corporation;	)	to	print	fine	patterns	of	glue	onto	a	smooth	bed	of	plaster	powder	(so	smooth	it	looks	like	paper).	In	a	first	step	the	printer	covers	the	bed	with	a	1/8th	inch	(3.18	mm)	layer	of	a	powder	as	support	so	that	the	parts	when	finished	rest	on	this	base	for	easy
removal.	The	bed	is	then	lowered,	and	a	roller	spreads	a	next	very	fine	layer	(0.004′′)	over	it	to	print	a	first	layer	(Figure	8.26).	Z	Corporation	first	introduced	high-resolution,	24-color,	3DP	(HD3DP™)	in	2005	(600	dpi).	The	printer	accurately	and	precisely	deposits	colored	binder	in	the	desired	areas.	The	binder	solidifies	the	powder	in	that
crosssection	of	the	model,	leaving	the	rest	of	the	powder	dry	for	recycling.	The	3D	printers	control	the	printhead	movement	while	positioning	the	head	extremely	close	to	the	powder,	reducing	inaccuracies	related	to	fanning	of	the	binder	spray.	Sheets	of	material	(e.g.,	paper,	plastic,	ceramic,	composite),	either	precut	or	on	a	roll,	are	glued	(laminated)
together	and	laser	cut	in	the	laminated	object	manufacture	(LOM)	process.	The	laminated	part	is	constructed	on	a	platform	with	vertical	incremental	movement.	Above	the	platform,	a	heated	roller	heats	and	compresses	each	new	sheet	to	the	top	of	the	construct.	A	laser	scans	the	upper	surface	of	the	laminated	stack	to	cut	the	very	top	layer.	Scrap
pieces	of	the	laminate	remain	on	the	platform	as	the	part	is	built.	The	scrap	material	is	diced	by	the	laser	into	cross-hatched	squares	that	serve	as	support	for	the	part	under	construction.	The	product	then	comes	out	as	a	rectangular	block	of	laminated	material	containing	the	prototype	and	the	scrap	cubes.	The	scrap,	support	material—resulting	from
the	cross-hatch	cut	by	the	laser—is	easily	separated	from	the	prototype	part.	LOM	is	a	relatively	highspeed	process	(Figure	8.27),	and	parts	can	be	used	immediately	after	the	process	because	no	postcuring	is	required.	Also,	no	additional	support	structure	is	required	because	the	part	is	supported	on	its	own.	The	fused	deposition	modeling	(FDM)
technology	was	developed	by	S.	Scott	Crump	in	the	late	FIGURE	8.27	LOM	process.	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	1980s	and	was	commercialized	in	1990.	The	FDM	technology	is	marketed	commercially	by	Stratasys	Inc.	(	.	Stratasys-patented	technology	builds	solid	models	by	melting	a	continuously	supplied
plastic	wire	(see	Figure	8.28).	The	supplied	wire	typically	is	acrylonitrile	butadiene	styrene	(ABS,	a	thermoplastic)	with	a	0.012-in.	diameter	and	is	extruded	as	a	hot,	viscous	strand	through	a	fine	nozzle	(like	squeezing	toothpaste	out	of	a	tube).	A	computer	controls	the	nozzle	movement	along	the	x-	and	y-axes,	and	each	cross-section	of	the	prototype	is
produced	by	melting	a	plastic	filament	(ABS)	that	solidifies	on	cooling.	After	one	layer	is	done,	the	stage	is	moved	downward,	and	another	layer	of	deposition	starts.	The	newest	FDM	models	feature	two	nozzles;	one	carries	the	construction	material	and	the	other	a	support	wax	that	can	easily	be	removed	afterward,	allowing	construction	of	more
complex	parts.	Marketed	under	the	name	WaterWorks	by	Stratasys,	this	soluble	support	material	is	dissolved	in	a	heated	Plastic	Filament	Support	filament	Heated	head,	moving	in	x,y	Nozzles	Stage,	moving	vertically	FIGURE	8.28	FDM	machine;	models	are	made	from	molten	ABS	plastic	(	).	539	sodium	hydroxide	solution	with	the	assistance	of
ultrasonic	agitation.	The	FDM	method	is	environmentally	friendly	but	has	a	somewhat	restricted	accuracy	because	of	the	nozzle	size,	which	needs	to	accommodate	a	viscous	material.	Also,	few	types	of	materials	can	be	incorporated	in	FDM.	Stereolithography/	Microphotoforming	Process	Introduction	The	application	of	rapid	prototyping	(RP)
techniques	to	MEMS	and	NEMS	requires	higher	accuracy	than	what	is	normally	achievable	with	commercial	RP	equipment.	From	the	RP	techniques	listed	in	Table	8.3,	laminated	object	manufacturing	(LOM),	fused	deposition	modeling	(FDM),	and	selective	laser	sintering	(SLN)	all	must	be	excluded	as	microfabrication	candidates	on	that	basis.	Only
stereolithography	has	the	potential	to	achieve	the	fabrication	tolerances	required	to	qualify	as	a	MEMS	or	NEMS	tool.	In	this	section	we	explore	the	basic	principles	underlying	stereolithography	and	detail	the	latest	enhancements	that	have	made	it	an	attractive	highresolution	micro-	and	nanofabrication	method.	Basic	Principles	Underlying
Stereolithography	and	Microstereolithography	In	stereolithography,	light	exposure	solidifies	a	special	liquid	resin	into	a	desired	3D	shape.	Besides	producing	industrial	3D	mockups	(see	above	under	RP),	micromachinists	are	exploring	this	same	technology	for	the	production	of	functional	microand	nanomachines.	Some	basic	concepts	illustrating
stereolithography	are	shown	in	Figure	8.29.	A	liquid	resin	is	kept	either	in	the	free	surface	mode	(see	Figure	8.29b)	or	in	the	fixed	surface	mode	(see	Figure	8.29c).	The	latter	has	a	resin	container	with	a	transparent	window	plate	for	exposure.	The	solidification	happens	at	the	stable	window/resin	interface.	An	elevator	is	pulled	up	over	the	thickness	of
one	additional	layer	above	the	window	for	each	new	exposure	(Figure	8.30).	In	the	case	of	free	surface,	solidification	occurs	at	the	resin/air	interface,	and	more	care	needs	to	be	taken	to	avoid	waves	or	a	slant	of	the	liquid	surface.	Microstereolithography,	derived	from	conventional	stereolithography,	was	540	Manufacturing	Techniques	for
Microfabrication	and	Nanotechnology	FIGURE	8.29	(a)	Stereolithography	or	photoforming.	Free	surface	method	(b)	and	fixed	surface	method	(c).	Position	the	elevator	near	the	window	Scan	the	beam	along	the	first	layer	Finish	the	first	layer	Pull	up	the	elevator	for	thickness	of	one	layer	Repeat	these	operations	to	make	the	object	shape	FIGURE	8.30
Stereolithography	forming	process	with	the	fixed	surface	method.	introduced	by	Ikuta	et	al.33	in	1993.	Whereas	in	conventional	stereolithography	the	laser	spot	size	and	layer	thickness	are	both	in	the	100-μm	range,	in	microstereolithography,	a	UV	laser	beam	is	focused	to	a	1–2-μm	spot	size	to	solidify	material	in	a	thin	layer	of	1–10	μm.	The
monomers	used	in	RP	and	microstereolithography	are	both	UV-curable	systems,	but	the	viscosity	in	the	latter	case	is	much	lower	(e.g.,	6	cPs	vs.	2000	cPs).	In	microstereolithography	the	viscosity	should	be	as	low	as	possible	for	optimal	flat	layer	formation	because	high	surface	tension	hinders	both	efficient	crevice	filling	and	flat	surface	formation	in
the	microscale.	Another	difference	resides	in	the	fact	that	in	microstereolithography	the	solidified	polymer	is	light	enough	so	that	it	does	not	require	a	support	as	is	required	for	the	heavier	pieces	made	in	RP.	In	Table	8.4	we	summarize	this	comparison	between	RP	and	microstereolithography.	Ikuta’s	group	named	their	scanning
microstereolithography	“integrated	harden	polymer	stereolithography”	or	the	“IH	process.”	The	original	IH	process	used	single-photon	polymerization	to	develop	a	photo-curable	polymer	with	an	UV	laser	beam.	A	glass	slide	was	placed	above	the	layer	being	cured,	and	raising	the	glass	slide	small	distances	above	the	previously	solidified	layer
generated	an	extremely	thin	layer	(fixed	surface	method	mode;	see	Figure	8.29c	and	Figure	8.30).	The	IH	process	resolution	in	Ikuta’s	lab	was	5	μm	in	1992,	and,	through	the	various	enhancements	discussed	below,	is	better	than	100	nm	at	present.34	The	two	major	types	of	stereolithography	are	scanning	stereolithography	and	projection
stereolithography.	The	scanning	stereolithography	parts	are	constructed	in	a	point-by-point	and	line-by-line	TABLE	8.4	Comparison	of	Rapid	Prototyping	and	Microstereolithography	Rapid	Prototyping	Need	for	a	support	Layer	thickness	Spot	size	Type	of	monomers	Viscosity	of	monomer	system	Yes	Hundreds	of	micrometers	Hundreds	of	micrometers
UV	curable	High	Microstereolithography	No	Several	micrometers	to	tens	of	micrometers	Micrometer	or	submicrometer	UV	and	visible	light	curable	Low	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	fashion,	with	the	sliced	shapes	written	directly	from	a	computerized	design	of	the	cross-sectional	shapes	by	a	beam	in	the	liquid
(Figure	8.30).	Projection	stereolithography	is	a	parallel	fabrication	process	that	enables	sets	of	truly	3D	solid	structures	made	of	a	UV	polymer	by	exposing	the	polymer	with	a	set	of	2D	cross-sectional	shapes	(masks)	of	the	final	structures.	These	2D	shapes	are	either	a	set	of	real	photomasks	used	to	subsequently	expose	the	work	(Figure	8.31),	or	they
involve	a	dynamic	mask	projection	system	instead	of	a	physical	mask.	We	will	compare	two	types	of	dynamic	mask	projection	systems	for	their	merit	in	microstereolithography:	a	liquid	crystal	display	(LCD)	and	a	digital	micromirror	display	(TI’s	DMD	chip).	As	we	saw	in	Chapter	1,	the	DMD	chip	is	also	used	in	maskless	lithography	(see	Chapter	1).
Scanning	Microstereolithography,	Parallel	Microstereolithography	and	Two-Photon	Polymerization	Most	of	the	microstereolithography	practiced	today	is	based	on	the	scanning	laser	beam	approach	introduced	by	Ikuta	et	al.33	from	Nagoya	University	(Japan)	in	1992.	The	scanning	method	has	the	advantage	of	point-by-point	controllability,	thereby
avoiding	unevenness	of	solidification,	which	leads	to	nonuniform	shrinking	of	the	work	piece.	When	applying	the	scanning	technique,	a	laser	beam	(e.g.,	a	He-Cd	laser)	is	used	to	solidify	one	microscopic	FIGURE	8.31	Exposure	with	photomask	set	(a)	and	exposure	with	a	scanning	beam	(b).	[From	Ikuta,	K.,	and	K.	Hirowatari.	1993.	Proceedings:	IEEE
micro	electro	mechanical	systems	(MEMS	’93).	Fort	Lauderdale,	FL:	IEEE;33	and	Ikuta,	K.,	K.	Hirowatari,	and	T.	Ogata.	1994.	IEEE	international	workshop	on	micro	electro	mechanical	systems	(MEMS	’94).	Oiso,	Japan:	IEEE.	35]	541	polymer	area	at	a	time	to	arrive	at	complicated	3D	shapes	by	stacking	thin	films	of	hardened	polymer	layer	upon
layer.	Process	control	in	this	case	simply	is	directed	from	a	CAD	system	containing	the	“slice	data.”	The	laser	beam	is	focused	down	to	a	spot	size	of	a	few	micrometers	into	the	polymer	through	a	glass	window	(Figure	8.30).	Ikuta	et	al.	used	an	x-y	stage	to	move	the	work	piece	rather	than	galvanometric	mirrors	to	deflect	the	laser	beam,	and	this	led	to
a	smaller	focus	spot.	They	attached	the	glass	window	to	the	z-stage	for	precise	layer	thickness	control.	The	position	accuracy	for	the	laser	beam	spot	(5-μm	diameter	in	the	early	days)	reached	1	μm	in	the	z-axis	and	0.25	μm	in	the	x-	and	y-directions.	Takagi	et	al.36	obtained	an	8-μm	resolution	with	their	photoforming	setup,	and	Ikuta	et	al.33,35
reported	a	minimum	solidification	unit	size	of	5	×	5	×	3	μm	and	a	maximum	size	of	fabricated	structures	of	10	×	10	×	10	mm.	As	we	will	learn,	this	technique	has	undergone	several	improvements	since	these	early	days.	In	scanning	microstereolithography,	no	physical	contact	occurs	between	tools	and	works,	and	a	very	large	number	of	layers	can	be
achieved	(e.g.,	1000	layers)	with	typical	machining	times	ranging	from	30	min	to	1	h.	High-aspect	ratio	and	very	complex	shapes,	including	curved	surfaces,	can	be	made	with	this	type	of	desktop	microfabrication	method.	The	objects	realized	this	way	used	to	feature	a	mediumrange	accuracy	of	3–5	μm.	Professor	Ikuta’s	group	and	other	researchers
have	introduced	various	IH	process	enhancements,	including	a	“mass	IH	process,”	a	“hybrid	IH	process,”	a	“super	IH	process,”	and	finally	the	“two-photon	IH	process.”	Given	the	serial	nature	of	the	IH	process,	fabrication	speed	is	a	concern,	and	in	1996	Ikuta	et	al.	introduced	a	mass	IH	process.	In	the	mass	IH	process,	multiple	parts	are	produced	in
parallel,	using	multiple	scanning	fiberoptic	beams.37	An	array	of	five	single-mode	optical	fibers	(4-μm	core	diameter)	was	used	to	demonstrate	this	concept.	The	mass	IH	process	needs	to	be	further	developed	using	optical	fiber	arrays	and	by	improving	the	resolution.	In	a	hybrid	IH	process	other	non-IH	microcomponents	are	introduced	in	the	IH
structure.	As	an	example	of	a	hybrid	IH	process,	consider	Takagi	et	al.’s	work	36,38	wherein	a	combination	of	IH	with	542	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	8.32	Thermally	driven	microclamping	tool.	The	clamping	tool	is	made	by	photoforming,	and	the	silicon	substrate	is	by	silicon	bulk	micromachining
(see	text	for	dimensions).	[From	Takagi,	T.,	and	N.	Nakajima.	1994.	IEEE	international	workshop	on	micro	electro	mechanical	systems	(MEMS	’94).	Oiso,	Japan:	IEEE.	With	permission.	38]	more	traditional	Si	micromachined	substrates	is	introduced.	In	Figure	8.32,	a	schematic	for	a	photoformed	plastic	clamp	anchored	to	a	Si	substrate	is	represented.
The	photoformed	plastic	clamp	measures	about	2	mm	long	and	2	mm	high	and	is	250	μm	thick.	The	Si	substrate	is	bulk	micromachined	to	hold	a	working	fluid	reservoir	and	a	heater	element	to	actuate	the	polymer	clamp.	On	heating	the	working	fluid	in	the	micromachined	chamber,	the	thin	Si	membrane	cover	bulges	out	and	opens	the	clamp.	Cooling
down	closes	the	clamp.	The	original	IH	process	and	the	mass	IH	process	both	involve	laser	scanning	and	layer	preparation.	Two	major	drawbacks	associated	with	this	layerby-layer	approach	are	the	limited	depth	resolution	(limited	by	the	thickness	of	the	stacked	layers)	and	the	viscosity	of	the	liquid	UV-curable	monomers	(limited	form	filling	and
deformation	of	solidified	structures	in	the	microdomain).	In	1997,	Ikuta	and	his	team	upgraded	the	IH	and	mass	IH	process	to	the	“super	IH	process.”	39	The	enabling	technology	for	this	new	process	was	“deep	site	pin-point	solidification”	of	a	UV	polymer.	Unlike	the	typical	rapid	prototyping	(RP)	stereolithography	process,	the	polymer	in	this	super
IH	process	is	cured	below	the	polymer/	air	surface	where	the	UV	beam	is	focused.	The	entire	structure	is	cured	into	a	single	body	by	moving	the	laser	focus,	and	the	curing	occurs	not	only	at	the	liquid	surface	but	also	at	arbitrary	locations	inside	the	liquid	resin.	A	shallow	focus	lens	is	used	[low	depth	of	focus	(DOF)	and	large	numerical	aperture	(NA)
lens]	such	that	the	beam’s	energy	is	small	enough	not	to	cure	polymer	outside	of	its	focal	point.	A	3D	microstructure	is	made	by	scanning	the	focused	laser	beam	in	3D	space	into	liquid	UV	monomers,	enabling	3D	fabrication	without	any	support	or	sacrificial	layers.	Because	no	layer	preparation	steps	are	involved,	viscosity	and	surface	tension



influences	are	minimized.	The	properties	of	the	UV-curable	monomer	system	are	precisely	tuned	to	ensure	that	polymerization	only	happens	in	the	focal	point	of	the	laser	beam.	The	UV	monomer	system	used	in	the	super	IH	process	is	a	mixture	of	urethane	acrylate	oligomers,	monomers,	and	photoinitiators.	Microparts	with	freely	moving	parts	can	be
made	this	way—no	assembly	is	necessary—allowing	for	a	more	advanced	type	of	MEMS	device.	The	resolution	of	the	super	IH	process	is	less	than	1	μm.	Summarizing,	the	super	IH	process	has	several	advantages	compared	with	the	layer-by-layer	method,	such	as	1)	higher	resolution,	2)	movable	3D	microstructures	can	be	fabricated	without
supporting	or	sacrificial	layer,	and	3)	the	influence	of	viscosity	or	surface	tension	can	be	ignored	during	fabrication.	In	1997,	“nanostereolithography”	based	on	twophoton	absorption	was	implemented.40,41	As	we	learned	in	Chapter	2,	in	the	section	on	quantum	lithography,	the	use	of	linear	absorption	of	laser	light	for	cross-linking	a	monomer	limits
the	resolution	roughly	to	the	wavelength	of	the	laser.	Moreover,	deep	penetration	of	the	light	into	the	resin	is	difficult	because	of	the	strong	photon	absorption;	therefore,	unless	very	tight	focusing	of	the	laser	is	used	as	in	super	IH	(see	above),	the	process	must	be	carried	out	thin	layer	by	thin	layer	(see	Figure	8.30).	Using	two-photon	excitation,	one
can	penetrate	deeper	into	the	bulk	of	the	resin	and	enhance	the	resolution	even	further	than	with	super	IH.	It	has	been	demonstrated	that	quantum	lithography	with	entangled	N-photon	states	beats	the	Rayleigh	diffraction	limit	by	a	factor	of	N,	and	in	two-photon	lithography	the	resolution	is	thus	improved	by	a	factor	of	two	(as	if	one	used	a	classical
source	with	wavelength	λ/2).42,43	When	high-intensity	light	shines	on	a	material,	the	probability	for	two-photon	simultaneous	absorption	is	proportional	to	the	square	of	the	field	intensity,	and	thus	is	greatest	at	the	center	of	a	Gaussian	laser	spot.	Subwavelength	structures	can	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	be
produced	because	the	absorption	profile	for	the	two-photon	process	is	narrower	than	the	beam	profile.	Using	a	high-NA	(e.g.,	0.85)	lens,	the	laser	spot	can	be	made	less	than	1	μm	in	diameter,	and	significantly	narrower	structures	can	be	obtained	because	a	certain	threshold	of	intensity	must	be	reached	to	initiate	polymerization.	With	a	femtosecond
laser	beam,	tightly	focused	into	a	resin,	photo-induced	reactions	such	as	polymerization	occur	only	in	the	close	vicinity	of	the	focal	point,	allowing	the	fabrication	of	subwavelength	3D	polymer	structures	by	directly	writing	3D	patterns.	Importantly,	because	the	energy	required	to	initiate	polymerization	is	twice	that	of	the	incoming	radiation,	it	is
possible	to	excite	deep	into	the	monomer	as	the	material	is	transparent	to	one-photon	excitation,	whereas	at	the	focus,	where	the	intensity	is	high,	two-photon	excitation	occurs.	The	3D	resolution	has	reached	140	nm	in	the	two-photon	IH	process.	In	two-photon	stereolithography,	one	often	works	with	epoxy	resins	and	urethane	acrylates.	Several	two-
photon	photoinitiators	with	very	large	twophoton	absorption	cross-sections	to	be	added	to	the	base	polymers	have	been	developed.44	In	these	photoinitiator	molecules,	the	photon	energy	that	is	absorbed	is	emitted	as	photons	of	a	higher	energy	(up-converted	fluorescence).	These	IH	processes	can	be	widely	used	for	making	polymeric	microdevices.
Some	examples	of	3D	two-photon	lithography	were	shown	in	Figure	2.37	(see	also	the	inset	in	the	heading	of	this	chapter).	Two-photon	3D	lithography	has	also	been	used	to	make	photonic	crystals.	Microstereolithography	is	not	limited	to	polymers:	micro-	or	even	nanoceramic	and	metallic	powders	can	be	mixed	with	the	photosensitive	resin	in
microstereolithography	of	ceramics45	and	metals.46	Projection	Microstereolithography	In	projection	microstereolithography,	a	reducedsize	image	of	complicated	patterns	is	reproduced	onto	a	photoresist.	Similar	to	photolithography,	an	image	is	transferred	to	the	liquid	photopolymer	by	irradiating	UV	light	through	a	patterned	mask.	The	photomask
approach,	which	solidifies	a	whole	layer	at	the	time,	is	significantly	faster	than	the	pointby-point	technique	but	requires	a	large	number	of	expensive	photomasks.	In	dynamic	mask	projection	543	microstereolithography,	a	dynamic	mask	generator	is	used	instead	of	a	real	mask.	We	compare	two	types	of	dynamic	mask	projection	systems:	a	liquid
crystal	display	(LCD)	and	a	digital	micromirror	display	(DMD).	Bertsch	et	al.28	at	the	Swiss	Federal	Institute	of	Technology	(EPLF)	pioneered	an	interesting	variation	on	the	photomask	approach,	which,	given	the	many	layers	involved,	is	often	impractical.	This	research	group	uses	a	computer-controlled	LCD	as	a	dynamic	pattern	generator.	A	light
beam	passes	through	the	LCD,	and	a	beam	reducer	focuses	it	on	the	surface	of	a	polymerizable	medium.	Selective	polymerization	takes	place	in	the	irradiated	areas	corresponding	to	the	transparent	pixels	of	the	LCD.	Between	the	irradiation	steps,	a	shutter	blocks	the	beam,	and	a	new	layer	of	fresh	resin	(about	5	μm	thick)	spreads	over	the	object
under	construction.	Complex	objects,	with	a	resolution	better	than	5	μm	in	the	x-,	y-,	and	z-directions,	as	illustrated	in	Figure	8.33,	have	been	made	this	way.47	The	same	research	group	pioneered	the	combination	of	planar	UV/LIGA	lithography	(e.g.,	using	SU-8)	with	microstereolithography—to	add	nonvertical	structures	with	curved	and	conical
surfaces	in	a	postprocessing	step	onto	planar	structures	without	the	need	of	microassembly.48	The	surfaces	of	the	parts	made	by	microstereolithography	are	smooth	enough	to	enable	conformal	electroplating	to	make	a	metal	mold	from	the	obtained	3D	microobject.	Polymer	replication,	of	course,	remains	limited	to	convex	and	nonreentrant	structures
(see	Chapter	10).	A	comparison	of	the	resolution	between	conventional	stereolithography	and	small-spot	and	layerby-layer	microstereolithography	was	presented	by	Bertsch	et	al.49	in	Rapid	Prototyping	Journal.	To	further	improve	the	lithography—3D	photoforming	in	this	case—it	is	necessary	to	better	understand	the	shape	of	a	“solidified	cell,”	which
depends	on	both	the	characteristics	of	the	beam	and	the	resin.	In	2005,	Sun	et	al.	introduced	another	dynamic	projection	microstereolithography	approach	using	TI’s	DMD	chip	as	the	mask	generator	(Figure	8.34).50	The	authors	point	out	that	the	LCD	technique	from	Bertsch	et	al.	has	some	serious	disadvantages	compared	with	their	higher-
resolution	DMD	approach.	544	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	Summarizing,	microphotoforming	offers	several	advantages	over	more	classical	photolithographybased	micromachining	processes:	1.	The	turnaround	from	CAD	to	prototype	takes	only	1	h	or	less.	2.	Photoforming	is	an	additive	process	accommodating
virtually	any	shape.	3.	It	is	a	fully	automatic	process.	4.	It	requires	a	small	capital	investment	(less	than	$30,000).	5.	There	is	no	need	for	a	clean	room.	This	direct-write	lithography	technique	might	well	represent	an	alternative	to	LIGA	in	cases	where	3D	shape	versatility	outweighs	accuracy.	As	with	the	LIGA	technique,	the	plastic	shapes	made	by
stereolithography	may	be	used	as	a	cast	for	electroplating	metals	or	for	other	materials	that	can	be	molded	into	the	polymer	structures.	Electrochemical	Forming	Processes	Introduction	FIGURE	8.33	Examples	of	objects	made	by	microstereolithography.	SEM	photos	of	microcups	(80	layers	×	5	μm,	external	diameter	is	200	μm)	(a);	Porsche	(673
layers	×	5	μm,	the	diameter	of	a	wheel	is	400	μm)	(b);	microspring	(1000	layers	×	5	μm,	external	diameter	is	500	μm)	(c).	An	LCD	display	not	only	features	larger	pixels	and	a	lower	filling	factor	(pixels	vs.	space	between)	than	a	DMD	display,	but	it	also	has	a	slower	switching	speed	(∼20	ms),	and	the	low	optical	density	of	the	refractive	elements	in	the
off	cycle	makes	for	poor	contrast.	Moreover,	the	LCD	is	inserted	between	four	glass	plates	that	are	opaque	to	UV	light,	restricting	its	use	to	visible	light	where	fewer	resins	are	available.	Sun	et	al.	made	3D	structures	with	a	smallest	feature	size	of	0.6	μm.	Both	subtractive	and	additive	electrochemical	processes	are	of	extraordinary	importance	in
miniaturization	science.	Subtractive	electrochemical	techniques	were	reviewed	in	Chapter	4;	here	we	review	additive/forming	electrochemical	techniques.	Electrochemical	forming	includes	electroless	and	electrodeposition,	and	we	analyze	pros	and	cons	of	both.	We	add	information	on	electrodeposition	through	masks,	working	with	instant	masks	in
electrochemical	fabrication	(EFAB)	and	maskless	metal	deposition	methods.	Today,	there	is	a	strong	push	in	the	IC	industry	and	in	micromachining	toward	dry	processing,	and	deep	dry-etching	developments	are	particularly	swift.	Electrochemical	machining,	on	the	other	hand,	despite	its	many	uses,	is	often	still	considered	a	“black	art”	and	“dirty,”
with	lack	of	cleanliness	and	creation	of	waste	particles	making	it	an	unacceptable	technique.	In	reality,	besides	its	major	technological	advantages,	electrochemistry	offers	several	intrinsic	advantages,	such	as	low	capital	equipment,	high	deposition	and	etch	rates,	and	relatively	simple	operation.	In	the	sections	below,	we	learn	that	there	are	many
cases	in	which	only	wet	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	545	UV	beam	Beam	delivery	Digital	microdisplay	device	Elevator	Projection	lens	Z	CAD	UV	curable	resin	FIGURE	8.34	A	dynamic	projection	microstereolithography	approach	using	TI’s	DMD	chip	as	the	mask	generator.	(From	Sun,	C.,	N.	Fang,	D.	M.	Wu,	and
X.	Zhang.	2005.	Projection	micro-stereolithography	using	digital	micro-mirror	dynamic	mask.	Sensors	Actuators	A	121:113–20.50)	chemical	and	electrochemical	processes	are	feasible;	for	example,	line-of-sight	deposition	techniques	cannot	readily	be	used	on	curved	or	irregular	surfaces	or	to	plate	into	via	holes	or	blind	vias.	CVD	often	leaves	voids
when	metallizing	(e.g.,	tungsten)	in	a	highaspect-ratio	structure,	whereas	with	electrodeposition	such	voids	can	be	avoided	completely.	Multilayer	PCBs	with	through	holes	connecting	the	individual	metal	layers	would	not	be	possible	without	electroless	or	electrochemical	technology.	As	long	as	a	solution	can	wet	and	fill	a	cavity	to	be	plated,	a	metal
pattern	can	be	generated	precisely,	replicating	the	mold	down	to	angstrom	dimensions.	In	Table	8.5,	many	applications	of	electrochemistry	are	reviewed,	and	TABLE	8.5	Situations	for	which	an	Aqueous	Electrochemical	or	Chemical	Technique	Is	the	Only	Means	to	Obtain	the	Desired	Result	t	Uniform	plating	on	irregular	surfaces	t	Leveling	of	rough
surfaces	t	Plating	of	via	holes	and	blind	vias	t	Formation	of	alloys	of	metastable	phases	t	Compositionally	modulated	structures	t	Amorphous	metal	films	t	Maskless,	high-speed,	selective	deposition	of	metals	and	alloys	t	Most	faithful	reproduction	of	features	of	polymeric	masks	t	Smallest	dimension	features	with	highest	height-to-width	aspect	ratio
(highest	packing	density	of	conductors)	t	Metal	deposits	with	incorporated	particles	(e.g.,	diamond,	WC,	TiC,	Al2O3,	Teflon,	oil)	t	Wear-resistant	surfaces	t	Corrosion-resistant	surfaces	t	Uniform	thickness	nonporous	anodic	films	t	Anodic	films	with	porous	structure	t	Very	uniform,	thick,	pore-free,	polymer	films	on	irregular	surfaces	t	Very	uniform
thickness,	glazed,	and	devitrified	glass	surfaces	t	Shaping	of	almost	any	metal	or	semiconductor	and	electromachining	without	introducing	stress	t	Electropolishing	of	metal	surfaces	to	mirror	bright	finishes	Source:	Based	on	Romankiw,	L.	T.,	and	T.	A.	Palumbo.	1987.	Proceedings:	symposium	on	electrodeposition	technology,	theory,	and	practice.	San
Diego,	CA51;	and	Romankiw,	L.	T.	1984.	Electrochemical	technology	in	electronics	today	and	its	future:	a	review.	Oberflache-Surface	25:238–47.52	546	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	TABLE	8.6	Electrochemical	Applications	in	the	IC	Industry	and	Micromachining	Photocircuit	boards	t	Single	and	multilayer	epoxy
boards	t	Flexible	circuit	boards	t	Electrophoretically	glazed	steel	boards	Contacts	and	connectors	t	Beam	leads	t	Contacts	(pins	and	sockets)	t	Reed	switches,	etc.	Cabinets	and	enclosures	t	Corrosion	protective	surfaces	t	Electromagnetic	shielding	t	Decorative	purposes	(anodization,	electrophoretic	painting)	Auxiliary	equipment	used	in	device
fabrication	t	Paste-screening	masks	t	Metal	evaporation	masks	t	X-ray	lithography	masks	t	Diamond	saws	and	cutting	tools	Active	elements	t	IC	chips	t	Magnetic	recording	heads	t	Recording	surfaces	t	Displays	t	Wear-resistant	surfaces	is	essential	that	a	sustainable	oxidation	reaction	be	used	instead	of	the	dissolution	of	the	substrate	itself	as	in	the
case	of	immersion	plating.	In	an	immersion	plating	bath,	the	electrons	for	the	metal	deposition	are	supplied	by	the	base	metal,	and	effectively	the	base	metal	is	the	reducing	agent.	As	the	base	metal	donates	electrons	to	the	metal	being	plated,	the	base	metal	itself	is	oxidized	and	goes	into	solution,	which	is	why	this	is	also	called	a	replacement
reaction.	The	key	characteristics	of	the	immersion	plating	bath	is	that	it	is	self-limiting,	which	means	that	once	the	base	metal,	e.g.,	copper,	in	the	case	of	a	printed	circuit	board	(PCB),	is	covered	with	the	new	metal,	the	plating	ceases.	This	results	in	a	very	thin,	dense,	nonporous	coating,	which	is	very	economical,	from	a	bath	that	is	extremely	stable.
In	an	“electroless”	plating	bath,	on	the	other	hand,	the	electrons	are	donated	by	a	reducing	agent	that	is	already	in	the	bath.	In	Figure	8.35,	the	difference	between	immersion	plating	and	electroless	deposition	is	illustrated	by	comparing	deposit	thickness	versus	time;	immersion	plating	is	self-limiting,	but	electroless	plating	is	not.53	In	an	electroless
copper	bath,	the	formaldehyde	is	the	reducing	agent.	In	electroless	Ni,	it	is	either	hypophosphite	or	dimethyl	amine	borane.	Chip	carriers	and	packages	t	Chip	in	tape	packages	t	Surface	mount	boards	t	Dual	in-line	packages	t	Pin-grid	array	packages	t	Multilayer	ceramic	packages	t	Hybrid	packages	Source:	Based	on	Romankiw,	L.	T.,	and	T.	A.
Palumbo.	1987.	Proceedings:	symposium	on	electrodeposition	technology,	theory,	and	practice.	San	Diego,	CA51;	and	Romankiw,	L.	T.	1984.	Electrochemical	technology	in	electronics	today	and	its	future:	a	review.	Oberflache-Surface	25:238–47.52	in	Table	8.6,	we	define	several	situations	in	which	an	aqueous	chemical	or	electrochemical	technique
may	be	the	only	means	by	which	a	desired	property	or	quality	of	a	deposit	can	be	achieved.	Electroless	Metal	Deposition	Underlying	Principles	To	continuously	build	thick	deposits	by	chemical	means	without	applying	a	voltage	and	without	consuming	the	substrate,	i.e.,	electroless	plating,	it	FIGURE	8.35	Thickness	versus	time	comparison	between
electroless	and	immersion	deposition.	[Based	Mallory,	G.	O.,	and	J.	B.	Hadju,	eds.	1990.	Electroless	plating:	fundamentals	and	applications.	Orlando,	FL:	American	Electroplaters	and	Surface	Finishers	Society	(AESF).	With	permission.53]	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	The	reduction	of	Ni	ions	(Reaction	8.1)	is	fed
electrons	by	an	oxidation	reaction	such	as	that	of	hypophosphite	(Reaction	8.2),	resulting	in	an	overall	reaction	for	Ni	deposition	given	by	Reaction	8.3.	Reduction:	Ni2+	+	2e−	→	Ni	Reaction	8.1	Oxidation:	H2PO2−	+	H2O	+	2e−	→	H2PO3−	+	2H+	+	2e−	Reaction	8.2	Overall	reaction:	Ni2+	+	H2PO2−	+	H2O	→	Ni	+	H2PO3−	+	2H+	Reaction	8.3
Reaction	8.1	continues	(in	principle)	until	all	the	hypophosphite	in	solution	is	consumed	(Reaction	8.2).	In	immersion	deposition,	Reaction	8.1	stops	as	soon	as	the	whole	substrate	surface	is	covered	with	Ni	metal	and	there	is	no	further	dissolution	of	uncovered	substrate	possible.	In	parallel	to	Reaction	8.1,	more	or	less	severe	hydrogen	reduction	goes
on:	2H+	+	2e−	→	H2	Reaction	8.4	Copious	hydrogen	evolution	can	upset	the	quality	of	the	depositing	metal	film	and	should	be	avoided.	The	hydrogen	evolution	rate	is	not	directly	related	to	that	of	the	metal	deposition	and	mainly	originates	from	the	reductant	molecules.	Stabilizers	(i.e.,	catalytic	poisons)	are	needed	in	electroless	deposition	baths
because	the	solutions	are	thermodynamically	unstable;	deposition	might	start	spontaneously	onto	the	container	walls.	Substances	that	poison	hydrogenation*	catalysts	such	as	thiourea,	Pb2+,	and	mercaptobenzothiazole	function	as	stabilizers	in	such	electroless	baths.	Besides	stabilizers,	the	metal	salt,	and	a	reducing	agent,	electroless	solutions	may
contain	other	additives	such	as	complexing	agents,	buffers,	and	accelerators.	Complexing	agents	exert	a	buffering	action	and	prevent	the	pH	from	decreasing	too	fast.	They	also	prevent	the	precipitation	of	metal	salts	and	reduce	the	concentration	of	free	metal	ions.	Buffers	keep	the	deposition	reaction	in	the	desired	pH	range.	Accelerators,	also
termed	exaltants,	increase	*	Hydrogenation	is	a	class	of	chemical	reactions	that	result	in	an	addition	of	hydrogen,	usually	to	unsaturated	organic	compounds.	547	the	rate	of	deposition	to	an	acceptable	level	without	causing	bath	instability.	These	exaltants	are	anions,	such	as	CN–,	thought	to	function	by	making	the	anodic	oxidation	process	easier.	In
electroless	copper,	for	example,	compounds	derived	from	imidazole,	pyrimidine,	and	pyridine	can	increase	the	deposition	rate	to	40	μm/h.	The	electroless	deposition	must	occur	initially	and	exclusively	on	the	surface	of	an	active	substrate	and	subsequently	continue	to	deposit	on	the	initial	deposit	through	the	catalytic	action	of	the	deposit	itself.
Because	the	deposit	catalyzes	the	reduction	reaction,	the	term	autocatalytic	is	often	used	to	describe	the	plating	process.	Electroless	plating	is	an	inexpensive	technique	enabling	plating	of	conductors	and	nonconductors	alike	(plastics	such	as	ABS,	polypropylene,	Teflon,	and	polycarbonate	are	plated	in	huge	quantities).	A	catalyzing	procedure	is
necessary	for	electroless	deposition	on	nonactive	surfaces	such	as	plastics	and	ceramics.	The	most	common	method	for	sensitizing	those	surfaces	is	by	dipping	into	SnCl2/	HCl	or	immersion	in	PdCl2/HCl.53	This	chemical	treatment	produces	sites	that	provide	a	chemical	path	for	the	initiation	of	the	plating	process.	Metal	alloys	such	as	nickel-
phosphorus,	nickelboron,	cobalt-phosphorus,	cobalt-boron,	nickel-tungsten,	copper-tin-boron,	and	palladium-nickel	can	be	produced	by	codeposition.	In	the	case	of	Ni	deposits,	with	or	without	phosphorus	and	boron	incorporated,	different	electroless	solutions	are	used	to	obtain	optimum	hardness,	effective	corrosion	protection,	or	optimum	magnetic
properties.	Recent	experimental	results	show	that	composite	material	also	can	be	produced	by	codeposition.	Finely	divided,	solid	particulate	material	is	added	and	dispersed	in	the	plating	bath.	Electroless	Ni	with	alumina	particles,	diamond,	silicon	carbide,	and	PTFE	have	reached	the	commercial	market.	Table	8.7	presents	a	list	of	electroless	plating
baths.53	Methods	to	determine	the	electroless	deposition	rate	can	be	split	into	two	categories:	electrochemical	and	nonelectrochemical.	Electrochemical	techniques	include	Tafel	extrapolation,	DC	polarization,	AC	impedance,	and	anodic	stripping.	Nonelectrochemical	methods	include	weight	gain,	optical	absorption,	resistance	probe,	and	acoustic.
For	more	details	on	each	of	these	techniques,	see	Ohno55	and	references	therein.	548	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	TABLE	8.7	Typical	Electroless	Plating	Baths	Component	Concentration	(per	L)	Au	1.44	g	KAu(CN)2,	6.5	g	KCN,	8	g	NaOH,	10.4	g	KBH4	Co-P	30	g	CoSO4⋅7H2O,	20	g	NaH2PO2⋅H2O,	80	g
Na3citrate⋅2H2O,	60	g	NH4Cl,	60	g	NH4OH	10	g	CuSO4⋅5H2O,	50	g	Rochelle	salt,	10	g	NaOH,	25	mL	conc.	HCHO	(37%)	3	g	NiSO4⋅6H2O,	30	g	CoSO4⋅7H2O,	30	g	Na2malate⋅1/2H2O,	180	g	Na3citrate⋅2H2O,	50	g	NaH2PO2⋅H2O	30	g	NiCl2⋅6	H2O,	10	g	NaH2PO2⋅H2O,	30	g	glycine	Cu	Ni-Co	Ni-P	Pd	Pt	Application/Remark	pH	Temp	(°C)	Plate	beam
leads	on	silicon	ICs,	ohmic	contacts	on	n-GaAs	Magnetic	properties	13.3	70	9.0	80	Printed	circuit	boards	13.4	25	10	30	Corrosion	and	wear	resistance	on	steel	5	g	PdCl2,	20	g	Na2EDTA,	30	g	Na2CO3,	100	mL	NH4OH	Plating	rate	is	0.26	μm/min	(28%	NH3),	0.0006	g	thiourea,	0.3	g	hydrazine	Plating	rate	is	12.7	μm/h	10	g	Na2Pt(OH)6,	5	g	NaOH,	10
g	ethylamine,	1	g	hydrazine	hydrate	(added	now	and	then	to	maintain	this	concentration)	3.8	95	80	35	Source:	Based	on	Mallory,	G.	O.,	and	J.	B.	Hadju,	eds.	1990.	Electroless	plating:	fundamentals	and	applications.	Orlando,	FL:	American	Electroplaters	and	Surface	Finishers	Society	(AESF)53;	and	Romankiw,	L.	T.	1976.	Etching	for	pattern	definition.
Pennington,	NJ:	The	Electrochemical	Society.54	anisotropic	dry	etching	of	a	groove	in	the	dielectric	substrate	(Figure	8.36b),	evaporative	deposition	of	an	Al	seed	layer	(Figure	8.36c),	seed	layer	patterning	with	lift-off	(Figure	8.36d),	trench	filling	with	electroless	copper	(Figure	8.36e),	and	spin-on	glass	dielectric	layer	deposition	for	planarization
(Figure	8.36f).	Electroless	Plating	in	the	IC	Industry	The	IC	industry	applies	electroless	metal	deposition	for	a	wide	variety	of	applications,	some	of	which	are	incorporated	in	Tables	8.5	and	8.6.	In	Figure	8.36,	we	single	out	the	schematic	for	the	electroless	Cu	deposition	of	a	buried	conductor	as	an	illustrative	example	of	an	IC	application.	The
fabrication	of	this	buried	conductor	illustrates	many	of	the	processes	we	have	studied	so	far;	lithographic	patterning	of	a	dielectric	material	(Figure	8.36a),	pattern	transfer	by	Resist	Electroless	Plating	in	Microfabrication	In	micromachining	applications,	electroless	deposition	is	used	for	the	same	purposes	as	in	the	IC	Al	Resist	Cu	Dielectric	film	(a)	(c)
(e)	Resist	SOG	Al	(b)	(d)	(f	)	FIGURE	8.36	Schematic	of	a	buried	Cu	conductor	process.	(a)	Photoresist	pattern	over	a	dielectric.	(b)	Pattern	transfer	by	anisotropic	dry	etching.	(c)	Deposition	of	a	thin	aluminum	seed	layer.	(d)	Seed	metal	patterning	with	lift-off.	(e)	Trench	filling	with	electroless	copper.	(f)	SOG	dielectric	layer	for	planarization.
Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	industry,	as	well	as	to	make	higher-aspect-ratio	structural	microelements	from	a	wide	variety	of	metals,	metal	alloys,	and	even	from	composite	materials.	These	applications	often	include	polymer	molds	and	introduce	new	challenges	in	terms	of	uniformity	of	plating	rates	and	removal
of	the	metal	form	from	the	master	photoresist	mold.	Electroless	plating	may	be	elected	above	electrodeposition	due	to	the	simplicity	of	the	process	because	no	special	plating	base	(electrode)	is	needed.	This	represents	a	major	simplification	for	combining	LIGA	and	pseudo-LIGA	structures	with	active	CMOS	electronics,	where	a	plating	base	could
short	out	the	active	electronics.	In	addition,	electroless	Ni	exhibits	less	stress	than	electrodeposited	Ni,	a	fact	of	considerable	importance	in	most	mechanical	structures.	The	major	concern	is	the	temperature	of	the	electroless	plating	processes,	which	is	often	considerably	higher	than	for	electrochemical	processes.	Few	studies	of	electroless	plating	in
LIGA	molds	have	been	reported.56	We	add	two	interesting	MEMS	applications	of	electroless	plating:	electroless	plating	of	beveled	structures	and	electroless	plating	using	microfluidic	structures.	Usually,	electroless	plating	is	an	isotropic	process	with	no	means	to	control	the	profile	of	plated	features.	However,	van	der	Putten	et	al.57,58	were	able	to
induce	anisotropy	in	the	plating	process	by	taking	advantage	of	the	increased	poisoning	effect	a	stabilizer	has	at	the	edges	of	any	given	pattern	(see	Figure	8.37a).	Because	the	edges	of	a	given	pattern	experience	additional	deposition	from	nonlinear	diffusion,	mass	transport	to	these	edges	is	enhanced	compared	with	material	supply	to	the	bulk	of	a
substrate.	As	a	result,	the	surface	concentration	of	the	adsorbed	stabilizer	(Pb2+)	is	higher	at	these	edges.	By	choosing	the	proper	Pb2+	concentration,	the	edges	can	be	selectively	poisoned:	bevels	can	be	grown	with	an	angle,	α,	which	is	a	function	of	the	stabilizer	concentration	in	the	solution	(see	Figure	8.37b).	More	important,	van	der	Putten’s
bevel-plating	technique	eliminates	the	commonly	observed	lateral	overgrowth	of	resist	patterns,	and	it	might	have	broader	applications	in	the	area	of	micromachining.	The	technique	is	less	controllable	than	Maciossek’s	maskless	electrodeposition,	discussed	further	below,	but	does	not	require	a	patterned	plating	base.59	549	Whitesides	et	al.
introduced	a	means	of	depositing	and	patterning	metal	electrodes	inside	prefabricated	channels	by	flowing	plating	and	etching	solutions	as	shown	in	Figure	8.38.	Under	conditions	of	laminar	flow,	reactions,	including	electroless	plating,	can	take	place	at	the	interface	between	two	or	more	liquids	flowing	side	by	side	down	a	channel.	In	the	example	in
Figure	8.38,	the	fabrication	of	a	three-electrode	system	is	demonstrated.	Two	gold	electrodes	are	formed	by	etching	a	previously	deposited	gold	strip.	The	silver	reference	electrode	is	formed	using	a	two-phase	laminar	flow	arrangement.60	Electrodeposition	Underlying	Principles	Electroplating,	we	saw	in	Volume	I,	Chapter	7,	takes	place	in	an
electrolytic	cell.	The	reactions	involve	current	flow	under	an	imposed	bias.	As	an	example,	consider	the	deposition	of	Ni	from	NiCl2	in	a	KCl	solution	with	a	graphite	anode	(not	readily	attacked	by	Cl2)	and	a	Au	cathode	(inert	surface	for	Ni	deposition).	With	the	cathode	sufficiently	negative	and	the	anode	sufficiently	positive	with	respect	to	the
solution,	Ni	deposits	on	the	cathode	and	Cl2	evolves	at	the	anode.	The	process	differs	from	electroless	Ni	deposition	in	that	the	anodic	and	cathodic	processes	occur	on	separate	electrodes	and	that	the	reduction	is	affected	by	the	imposed	bias	rather	than	a	chemical	reductant.	Important	process	parameters	are	pH,	current	density,	temperature,
agitation,	and	solution	composition.	The	amount	of	hydrogen	evolving	and	competing	with	metal	deposition	depends	on	the	pH,	the	temperature,	and	the	current	density.	Important	causes	of	defects	in	electrodeposited	metallic	microstructures	are	the	appearance	of	hydrogen	bubbles,	and	these	three	parameters	need	very	precise	control.	Besides
typical	impurities,	such	as	airborne	dust	or	dissolved	anode	material,	the	main	impurities	are	metal	hydroxide	formed	at	increased	pH	values	in	the	cathode	vicinity	and	organic	decomposition	products	from	the	wetting	agent.	The	latter	two	can	be	avoided	to	some	degree	by	monitoring	and	controlling	the	pH	and	by	adsorption	of	the	organic
decomposition	products	on	activated	carbon.	550	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	8.37	Electroless	micromachining:	bevel	plating.	(a)	Examples	of	bevel-plated	nickel	structures.	(b)	Method	to	make	bevel-plated	devices.	(From	van	der	Putten,	A.	M.	T.,	and	J.	W.	G.	de	Bakker.	1993.	Anisotropic	deposition	of
electroless	nickel-bevel	plating.	J	Electrochem	Soc	140:2229–35.	With	permission.57)	Electrodeposition	in	ICs,	MEMS,	and	NEMS	Through-Mask	Electroplating	Overview	In	a	typical	electrodeposition	through	a	polymer	mask	in	IC	applications,	metal	conductors	must	be	deposited	on	a	dielectric	substrate.	The	dielectric	is	usually	made	conductive	first
by	sputtering	a	thin	adhesion	metal	layer	(e.g.,	Ti,	Cr)	and	then	a	conductive	seed	layer	(e.g.,	Au,	Pt,	Cu,	Ni,	and	NiFe).	The	thickness	of	the	thin	refractory	metal	adhesion	layer	may	be	as	small	as	50–100	Å,	whereas	the	thickness	of	the	conducting	seed	layer	can	range	from	150–300	Å.61	The	key	requirement	for	the	seed	layer	is	that	it	is	electrically
continuous	and	offers	low	sheet	resistance.	After	forming	a	pattern	in	a	spin-coated	polymer	by	UV	exposure,	e-beam,	or	x-ray	radiation	and	developing	away	the	exposed	resist,	electrical	contact	is	made	to	the	seed	layer,	and	electrodeposition	in	the	resist	mold	is	carried	out.	The	use	of	a	solvent-containing	development	agent	ensures	a	substrate
surface	free	of	grease	and	ready	for	plating.	The	metal	layer	growing	on	the	substrate	fills	the	gaps	in	the	resist	configuration,	thus	forming	a	complementary	metal	structure.	Pollutants	may	cause	hydrogen	bubbles	to	cling	to	the	resist	structures,	resulting	in	pores	in	the	metal	deposit;	thus,	the	bath	must	be	kept	clean,	for	example,	by	circulating
through	a	membrane	filter	with	0.3-μm	pore	openings.56	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	551	Processes	include	electrodeposition	and	electroless	deposition	of	copper,	nickel,	tin,	tin-lead	alloys,	and	precious	metals	such	as	gold,	gold	alloys,	palladium,	and	palladium	alloys,	as	well	as	NiFe,	CoP,	NiCoP,	and	other
magnetic	alloys.51	Whereas	PCBs	use	electroless	or	electroplated	Cu,	contacts	and	connectors	use	electroplated	Au	and	Au	alloys	or	alternatively	low-cost	precious	metal	substitutes	such	as	Pd,	PdNi,	PdAg,	NiP,	NiAs,	and	NiB	with	a	thin	gold	overcoat.	Separable,	low-force,	low-voltage	contact	applications	require	a	contact	finish	whose	resistance	is
stable	for	the	projected	contact	life	and	which	has	sufficient	wear	resistance	to	withstand	the	projected	number	of	insertions.	The	surface	of	one	of	the	two	mating	parts	is	usually	pure	soft	gold,	whereas	the	other	is	a	hard	gold	alloy.	In	lesscritical	applications,	tin	and	tin-lead	alloys	are	used	as	contact	materials.	Connecting	chips	with	chip	carriers	or
packages	also	often	involves	Au	contacts.	Gold	does	not	adhere	directly	to	silicon	dioxide	or	silicon	nitride,	and	Ti	is	typically	used	as	an	adhesion	layer.	Because	Au	and	Ti	form	intermetallics,	a	Pt	barrier	is	usually	deposited	between	titanium	and	gold.	FIGURE	8.38	The	formation	of	a	three-electrode	system	within	a	channel	as	shown	by	optical
micrographs.	Using	a	three-phase	laminar	flow	system,	two	gold	electrodes	are	formed	by	etching	a	previously	deposited	gold	strip,	and	using	a	two-phase	laminar	flow	system,	a	silver	reference	electrode	is	fabricated.	(Courtesy	of	Dr.	G.	Whitesides,	Harvard	University.)	Plating	through-mask	technology	is	successfully	used	in	volume	production	of
beam	leads	and	bumps	on	IC	wafers,	fabrication	of	thin	film	magnetic	heads,	fabrication	of	PCBs,	x-ray	lithography	mask	gratings,	and	diffraction	gratings.	Electrodeposition	in	general	has	been	used	extensively	in	the	electronics	industry	in	many	stages	of	the	manufacturing	process,	from	the	device	stage,	chip	carriers,	and	PCB	to	corrosion
protection	and	electromagnetic	shielding	of	the	electronic	enclosures	(see	Tables	8.5	and	8.6).	Copper	Electroplating	for	Thin	Film	Read-Write	Heads	In	one	of	many	pioneering	IBM	MEMS	efforts,	Romankiw	used	plating	through-mask	technology	to	make	thin	film	read-write	heads	as	shown	in	Figure	8.39.62	The	development	of	batchproduced,	thin
film	heads	is	an	excellent	example	of	how	micromachining	has	been	gainfully	practiced	in	industry—with	a	definite,	practical,	well-specified	application	in	mind	and	using	the	machining	tools	best	suited	for	the	problem.	Read-write	heads,	which	initially	were	horseshoe	magnets	hand	wound	with	insulated	copper	wire,	are	of	utmost	importance	in
magnetic	storage.	The	fabrication	of	traditional	ferrite	heads	reached	its	limit	more	than	20	years	ago,	and	its	further	extension	was	hard	to	imagine.	IBM’s	objective	was	to	build	the	next-generation	read/write	heads	using	batch	fabrication	and	lithography	techniques	as	much	as	possible.	To	develop	a	multiturn	head	as	shown	in	Figure	8.39a,	it	was
necessary	to	develop	a	technology	that	would	handle	dimensions	between	those	of	PCBs	and	semiconductor	devices.	Plating	of	copper	conductors	through	thick	resist	masks	(Figure	552	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	Coil	Yoke	Read/write	gap	Coil	Yoke	length	Upper	pole	Lower	pole	Disk	Throat	height	Air
bearing	Disk	Gap	Read/write	thin	film	head	(a)	Photo	resist	mask	on	copper	seed	layer	Electroplated	copper	coil	after	resist	removal	(b)	Insulation	Back	closure	Permalloy	A	Si	substrate	A	Copper	winding	Permalloy	(c)	FIGURE	8.39	Thin	film	read-write	head.	(a)	Schematic	of	a	multiturn	(32)	thin	film	read-write	head	with	inset	of	pole	tip	structure	on
the	air-bearing	surface.	(b)	Resist	mold	and	electrodeposited	copper	coil	after	resist	removal.	(c)	Schematic	cross-section	of	an	eight-turn	thin	film	head.	(Romankiw,	L.	T.,	I.	M.	Croll,	and	M.	Hatzakis.	1970.	Batch-fabricated	thinfilm	magnetic	recording	heads.	IEEE	Trans	Magn	6:597–601.62)	8.39b)	and	of	thin	films	of	nickel-iron	alloys	of	80:20
nominal	composition	(Permalloy)	(Figure	8.39c)	made	these	thin	film	heads	possible.	The	copper	coils	in	Figure	8.39b	carry	considerable	current	and	have	to	be	at	least	2–3	μm	thick	and	nearly	square	in	cross-section.	The	more	turns	in	a	given	length,	the	higher	the	writing	field	at	the	pole	tip	gap	and	the	higher	the	read	back	signal.	The	head	in
Figure	8.39c	has	eight	turns;	the	3380-K	IBM	head	has	32	turns	(Figure	8.39a).	The	Permalloy	plating	in	the	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	thin	film	head	is	particularly	challenging.	Because	of	the	very	high	sensitivity	of	composition	to	agitation	of	the	plating	solution,	a	plating	cell	had	to	be	developed	that
assured	uniform	agitation	over	the	entire	part.	This	was	achieved	by	a	specially	shaped	paddle,	which	moves	at	a	predetermined	frequency	with	a	precisely	defined	separation	from	the	surface	being	plated.	With	the	right	choice	of	conditions,	it	was	eventually	possible	to	achieve	both	thickness	and	composition	uniformity	better	than	±5%.63	As	a
dielectric,	hard-baked	AZ	photoresist	was	used,	greatly	simplifying	the	fabrication	process.	As	a	substrate,	Si	was	used	in	the	early	days;	today,	Al2O3TiC	is	used.	Without	these	new	micromachined	thin	film	heads,	the	large	increases	in	the	areal	densities*	of	magnetic	media	in	the	past	few	years	would	not	have	been	possible.	According	to	the	data
storage	market	research	firm	Peripheral	Research	Inc.,	market	demand	for	thin	film	heads	was	projected	to	grow	nearly	75%	from	913	million	units	in	1998	to	more	than	1.5	billion	units	by	2001.	This	feat	makes	it	probably	the	most	successful	micromachined	device	to	date.	As	the	need	for	still	more	memory	capacity	increased,	thin	film	inductive
heads	were	replaced	by	newer	technologies	such	as	magnetoresistive	(MR)	heads	(introduced	in	1991	by	IBM)	and	giant	magnetoresistive	(GMR)	heads	(introduced	in	1997;	see	Volume	III,	Chapter	1).	In	MR	heads,	the	readback	function	is	now	performed	by	an	MR	sensor.	The	inductive	portion	of	the	head	is	used	only	for	the	write	portion	of	the
data-recording	operation.64	*	Areal	density	is	used	as	a	primary	technology	growth	rate	indicator	for	the	memory	storage	industry.	Areal	density	is	defined	as	the	product	of	the	linear	bits	per	inch	(BPI)	measured	along	the	length	of	the	tracks	around	a	disk,	multiplied	by	the	number	of	tracks	per	inch	(TPI)	measured	radially	on	the	disk.	The	results
are	expressed	in	units	of	Mbit	per	square	inch	(Mbit/in.2).	Current	high-end	2.5-in.	drives	record	at	areal	densities	of	about	1.5	Gbit	per	square	inch	(Gbit/in.2).	Prototype	drives	with	densities	as	high	as	10	Gbit/in.2	have	been	constructed,	allowing	for	capacities	of	more	than	20	GB	on	a	single	2.5-in.	platter	for	notebook	drives.	Areal	density	(and,
therefore,	drive	capacity)	has	been	doubling	approximately	every	2–3	years,	and	production	disk	drives	are	likely	to	reach	areal	densities	of	10	Gbit/in.2	before	the	end	of	2001.	A	drive	built	with	this	technology	will	be	capable	of	storing	more	than	10	GB	of	data	on	a	single	2.5-in.	platter,	allowing	20-	or	30-GB	drives	to	be	constructed	that	fit	in	the
palm	of	your	hand.	The	primary	challenge	in	achieving	higher	densities	is	manufacturing	drive	heads	and	disks	to	operate	at	closer	tolerances,	which	clearly	is	an	area	in	which	MEMS	could	have	an	impact.	553	In	Volume	III,	Chapter	10,	we	learn	that	it	is	projected	that	read-write	heads	still	will	represent	around	51%	of	the	total	MEMS	market	in
2009.	Whereas	traditional	application	of	read-write	heads	in	PCs	will	grow	only	moderately,	the	read-write	head	market	is	experiencing	a	renaissance	in	consumer	electronics	as	hard	disks	are	entering	music	players	(e.g.,	in	every	iPod),	smart	phones	(Samsung	introduced	the	first	cell	phone	with	HDD	in	2004),	as	well	as	digital	video	cameras,	set	top
players,	and	DVD	recorders.	Of	course,	even	further	down	the	road	we	can	envision	all	HDDs	may	be	replaced	by	flash	memory	that	can	support	today	already	up	to	8-GB	disk	space,	which	is	5600	times	more	than	a	1.44-MB	floppy	disk	(see	Volume	III,	Chapter	10)!	Copper	Electroplating	in	Printed	Circuit	Boards	A	PCB	is	made	of	layers,	typically	2–
10,	that	interconnect	components	via	copper	pathways.	The	main	PCB	in	a	system	is	called	a	system	board	or	motherboard,	whereas	smaller	ones	that	plug	into	the	slots	in	the	main	board	are	called	boards	or	cards.	A	typical	multilayer	PCB	(which	constitutes	most	of	the	PCBs	used	to	implement	complex	circuitry)	consists	of	a	sandwich	of	conducting
and	insulating	layers.	Today’s	PCBs	may	consist	of	as	many	as	five	to	six	layers	of	metals	and	dielectrics.	In	Figure	8.40,	a	typical	six-layer	PCB	is	illustrated.	By	having	the	signals	running	on	the	inside	of	the	board,	more	components	can	be	more	tightly	integrated	on	the	board	to	give	a	more	compact	design.	PCB	fabrication	uses	either	an	all
electroless	copper	process	or	a	combination	of	electroless	and	electroplating	processes.	The	continuing	effort	to	make	active	devices	smaller	and	faster,	to	minimize	the	length	of	connecting	wire,	and	to	make	them	narrower	and	thicker	(with	smaller	spaces	between)	necessitates	more	layers	per	board	and	smaller	diameter	holes	with	a	larger	ratio	of
hole	length	to	diameter.	A	hole	length-todiameter	ratio	of	10:1	is	routine	and	20:1	is	feasible.	Without	electrochemical	copper	plating	technology,	such	a	degree	of	integration	would	not	have	been	possible.	Single	and	Dual	Damascene	Processes	Copper	wiring	on	IC	chips	was	introduced	by	IBM	in	September	1997	with	the	“damascene	process.”65
554	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	Core	Top	layer	Prepreg	Internal	plane	1	(GND)	Mid-layer	1	Core	Mid-layer	2	Core	Prepreg	Internal	plane	2	(VCC)	Bottom	layer	FIGURE	8.40	A	typical	six-layer	printed	circuit	board.	VCC	stands	for	the	positive	supply	voltage	applied	to	the	collectors	of	a	transistor	circuit.	A
“prepreg”	is	an	epoxy-coated	glass	fabric.	The	expertise	with	copper	plating	at	IBM	dates	back	to	the	late	1960s	at	Watson,	when	Romankiw	succeeded	in	electroplating	narrow	wires	of	copper	onto	thin	film	read-write	heads	for	memory,	using	a	masking	method	that	deposited	the	copper	only	in	circuit	patterns	where	it	was	needed	(see	above).
Copper	wires	conduct	electricity	with	about	40%	less	resistance	than	traditional	aluminum	wires,	leading	to	faster	microprocessors.	Copper	wires	are	also	less	prone	to	electromigration	that	ultimately	induces	wiring	failure.	Called	damascene	in	reference	to	the	metallurgists	in	Damascus	who	produced	the	finest	polished	swords	in	medieval	times,
the	technique	was	initially	used	to	form	“vias”	linking	separate	layers	of	wiring	in	chips.	In	the	original	damascene	patterning,	the	pattern	of	vias	was	first	formed	by	etching	a	silicon	dioxide	or	other	insulator	layer.	The	metal	was	deposited	second,	and	the	excess	metal	was	removed	by	polishing.	Electrodeposition	was	selected	as	the	metal	deposition
method	of	choice	despite	the	fact	that	some	people	thought	the	copper	patterns	would	be	filled	with	bubbles,	or	that	the	process	was	too	“dirty.”	It	turned	out	to	have	a	faster	rate	of	deposition,	and	the	evenness	of	the	copper	film	was	better	than	in	the	case	of	electroless	deposition.	Also,	copper	CVD,	an	early	favorite	option,	ran	into	other	severe
problems.	To	polish	the	copper	at	an	acceptable	rate	while	controlling	corrosion,	erosion,	and	other	defects	in	the	patterns,	IBM	pioneered	a	special	chemical-mechanical	process	(CMP)	that	proved	critical	to	the	copper	technology.	The	latter	process	is	detailed	in	Chapter	1.	The	damascene	process	can	also	be	applied	to	other	good	via	and
interconnect	materials	such	as	Al.	In	Figure	8.41	we	compare	through-mask	copper	plating	with	the	damascene	process.	Through-mask	plating	(Figure	8.41a)	uses	a	masking	material	on	top	of	the	seed	layer.	Electroplating	occurs	only	on	those	areas	of	the	seed	layer	that	are	not	covered	by	the	mask.	The	masking	material	and	the	surrounding	seed
layer	are	subsequently	removed.	Damascene	plating	(Figure	8.41b),	in	contrast,	involves	deposition	of	the	seed	layer	over	a	patterned	material,	which,	in	the	case	of	interconnect	structures,	is	the	insulator,	a	functional	part	of	the	device	that	remains	in	place.	The	plated	metal	covers	the	entire	surface,	and	excess	metal	must	be	removed	by	CMP.
Damascene	electroplating	it	turned	out	is	ideally	suited	for	the	fabrication	of	complex	interconnect	structures	because	it	enables	inlaying	of	metal	in	via	holes	and	overlying	lines	at	the	same	time	in	a	process	called	dual	damascene,	as	illustrated	in	Figure	8.42.	In	a	dual-damascene	structure	as	shown	here,	only	a	single	metal	deposition	step	is	used	to
simultaneously	form	the	main	metal	lines	and	the	metal	in	the	vias.	That	is,	both	trenches	and	vias	are	formed	in	a	single	dielectric	layer.	The	vias	and	trenches	are	defined	using	two	lithography	steps.	Trenches	are	typically	etched	to	a	depth	of	4000–	5000	Å,	and	the	vias	are	typically	5000–7000	Å	deep.	After	the	via	and	trench	recesses	are	etched,
the	via	is	filled	in	the	same	metal-deposition	step	that	fills	the	trench.	After	filling,	the	excess	metal	that	is	deposited	outside	the	trench	is	removed	by	a	CMP	process,	and	a	planar	structure	with	metal	inlays	is	achieved.	The	process	starts	with	depositing	a	thin	layer	(~250	Å)	of	silicon	nitride	(Si3N4)	on	the	silicon	surface	and	between	layers	of	a	low
Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	555	Seed	layer	Masking	material	Seed	layer	Substrate	Substrate	Plated	copper	Plated	copper	(a)	Plated	copper	(b)	Copper	damascene	process	FIGURE	8.41	(a)	Standard	copper	plating:	seed	layer	deposited,	mask	layer	deposited	and	patterned,	copper	plated	up,	mask	layer
removed,	and	seed	layer	etched	away.	(b)	Damascene	process	used	to	obtain	highly	planar	surfaces:	dielectric	layer	(insulator)	deposited	and	patterned,	seed	layer	deposited,	copper	plated,	and	surface	polished	with	CMP.	Via	Low	k	dieletric	Etch	stop	(SiN)	Si	(a)	(b)	Contact	pad	Seed	layer	via	Barrier	(c)	(d)	Plated	Cu	via	and	pad	(e)	FIGURE	8.42
Dual-damascene	process:	process	steps	for	a	via	and	a	line.	(a)	Insulator,	low	k	dielectric	deposition.	(b)	Via	definition.	(c)	Line/contact	pad	definition.	(d)	Barrier	and	seed	layer	deposition.	(e)	Plating	and	CMP.	556	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	k	dielectric,	using	CVD.	The	Si3N4	serves	as	an	etch	stop	layer
during	via	and	trench	formation.	To	overcome	copper’s	tendency	to	diffuse	in	silicon,	a	metal	diffusion	barrier	(e.g.,	Ta	or	TaN),	preventing	atoms	from	migrating	out	of	a	copper	wire	into	surrounding	chip	material,	is	deposited	next.	Then	follows	a	thin	layer	of	copper	deposited	via	CVD	as	a	precursor	to	the	subsequent	electrodeposition	of	copper	in
both	vias	and	trenches.	The	term	“dual”	refers	to	the	formation	of	second	channels,	vias,	within	trenches.	Further,	it	is	compatible	with	the	requirement	for	a	barrier	layer	between	the	seed	layer	and	the	insulator.	As	in	conventional	patterning,	the	damascene	process	is	repeated	many	times	to	form	the	alternating	layers	of	wires	and	vias	that	form
the	complete	wiring	system	of	a	silicon	chip.	In	Figure	8.43,	an	example	copper	dual-damascene	structure	is	shown.	Anodization	Anodization	is	an	oxidation	process	performed	in	an	electrolytic	cell.	The	material	to	be	anodized	becomes	the	anode	(+),	whereas	a	noble	metal	is	the	cathode	(–).	Depending	on	the	solubility	of	the	anodic	reaction	products,
an	insoluble	layer	(e.g.,	an	oxide,	perhaps	TiO2)	results,	or	in	the	case	of	a	soluble	reaction	product,	the	electrode	etches.	The	process	can	be	either	global	or	local	through	a	masked	area.	If	the	primary	oxidizing	agent	is	water,	the	resulting	oxides	generally	are	porous,	whereas	organic	electrolytes	may	lead	to	very	dense	oxides,	providing	excellent
FIGURE	8.43	Dual	damascene	copper.	Note	planarity	of	structure.	(Courtesy	of	Motorola	Inc.)	passivation.66	Good	oxides	have	been	produced	this	way	on	W,	Al,	and	Ta.	In	Volume	I,	Chapter	4,	in	the	section	on	thermal	oxidation,	we	learned	that	anodic	oxidation	of	Si	has	not	led	to	a	commercially	acceptable	process,	mainly	because	the	interface
state	density	at	the	SiO2/Si	interface	is	prohibitively	high	for	IC	applications.	As	a	sacrificial	layer,	anodic	SiO2	plays	a	role	in	micromachining	and	leads	to	uniquely	structured	films	that	cannot	be	obtained	by	chemical	means.	For	example,	anodization	of	Si	in	a	highly	concentrated	HF	solution	(excellent	etchant	for	the	anodic	oxidation	product	SiO2)
leads	to	porous	Si	and	very	high-aspect-ratio	pores,	with	diameters	ranging	from	20	Å	to	several	micrometers.	The	growth	rate	and	degree	of	porosity	of	the	Si	can	be	controlled	by	the	current	density	(see	Chapter	4).	Similarly	porous	aluminum	oxide	films	can	be	prepared	by	anodization	of	aluminum	foils.67	Through	an	appropriate	choice	of
electrolyte,	films	other	than	oxides	can	be	produced	by	anodization.	For	example,	sulfide	and	selenide	layers	can	be	produced	by	anodization	of	Cd	and	Zn	electrodes,	and	polymerization	of	redox	polymers	can	be	induced	from	solutions	containing	the	monomers.	Conclusions	on	Electroless	and	Electroplating	through	Polymer	Masks	Electrochemistry
through	polymer	masks	represents	one	of	the	most	powerful	techniques	available	for	formation	of	very	high-density	patterns	and	circuits	with	extremely	large	height-towidth	ratios.	Most	other	methods,	such	as	chemical	isotropic	etching,	sputter	etching,	ion	milling,	and	reactive	ion	etching,	cannot	be	used	to	produce	metal	patterns	with	better	than
1:1	height-to-width	aspect	ratios.	To	understand	this	contrasting	behavior,	we	must	look	into	the	fundamental	nature	of	the	different	approaches.	In	nonelectrochemical	technologies,	a	polymeric	or	inorganic	mask	is	used	to	cover	the	existing	metal,	whereas	either	a	chemical	solution	or	an	active	gas	phase	removes	the	metal	from	the	open	areas.
Hence	the	limitation	in	the	height-to-width	aspect	ratio,	the	maximum	circuit	density,	and	the	fidelity	of	reproduction	of	the	features	are	caused	by	shadowing,	which	is	the	mechanism	by	which	the	patterning	takes	place.	In	contrast,	with	electrochemical	techniques,	one	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	557	Metal
deposition	Electroless	With	current	Pulse	Aqueous	Au,	Cu,	Cr	special	Ni-Fe	alloys	Anodic	oxidation	of	Al,	Ti	DC	Organic	Al	Si	Ta	Ti	Catalytic	Exchange	Electrophoretic	Aqueous	Ni,	Cu,	Au	Zn,	Ag,	Fe	Cu-	alloys	Ni-	alloys	Anodic	oxidation	of	Al,	Ti	Ni-	P	Ni-	B	Cu	Ni-	PTFE	Nl-	TiN	Nidiamond	Au	Ni	Ceramics	Au	Cu	Ni	Zn	Polymers	with	intrinsic
conductivity	FIGURE	8.44	Processes	and	materials	for	through-mask	metal	deposition.	(From	Ehrfeld,	W.	1994.	Notes	from	handouts.	Banff,	Canada.	With	permission.68)	obtains	the	exact	replication	of	the	recesses	in	the	mask.52	Thus,	electrodeposition	reproduces	the	finest	features	of	the	mask	with	the	greatest	fidelity.	This	is	not	surprising,
considering	that,	in	plating,	metal	ions	discharge	from	solution	present	inside	the	mold.	In	so	doing,	the	metal	displaces	the	solution	from	the	mold	atom	by	atom,	conforming	to	the	smallest	features	that	exist	in	the	mold.51	A	comparison	of	conventional	subtractive	etching	with	electrochemical	additive	processes	was	presented	as	early	as	1973	by
Romankiw	et	al.61	For	the	fabrication	of	highly	miniaturized	magnetic	bubble	memory	devices,	this	IBM	group	showed	clearly	that	the	additive	plating	process	is	superior	to	dry	etchingbased	techniques.	Figure	8.44	features	a	list	of	choices	for	material	deposition	using	electrochemical	and	electroless	techniques.68	The	first	metal	LIGA	structures
(see	Chapter	10)	consisted	of	nickel,	copper,	or	gold	electrodeposited	from	suitable	electrolytes.69	Nickelcobalt	and	nickel-iron	alloys	were	also	experimented	with.	A	nickel-cobalt	electrolyte	for	deposition	of	the	corresponding	alloys	has	been	developed	especially	for	the	generation	of	microstructures	with	increased	hardness	(400	Vickers	at	30%
cobalt)	and	elastic	limit.70	The	nickel-iron	alloys	permit	tuning	of	magnetic	and	thermal	properties	of	the	crafted	structures.70,71	From	Figure	8.44	it	is	obvious	that	many	more	materials	could	be	combined	with	through-mask	metal	deposition.	Instant	Masking	in	Electrochemical	Fabrication	Instant	masking	is	a	selective	electroplating	technique
similar	in	some	ways	to	through-mask	plating.	However,	through-mask	plating	involves	up	to	10	separate	steps,	multiple	pieces	of	equipment,	multiple	liquids,	and	is	time	consuming	and	difficult	to	automate.	Obviously	it	is	not	a	technique	that	is	very	suitable	for	automatically	building	complex	3D	microdevices	consisting	of	hundreds	of	layers	or
more.	On	the	other	hand,	instant	masking	operates	much	more	like	printing,	in	which	prefabricated	plates	transfer	ink	onto	a	substrate.	In	instant	masking,	instead	of	inks,	one	deposits	materials	electrochemically.	Instant	masking	is	the	enabling	technology	of	electrochemical	fabrication	(EFAB),	a	solid,	freeform	fabrication	technology	that	creates
complex,	miniature	3D	metal	structures	impossible	or	impractical	to	manufacture	using	other	MEMS	technologies,	such	as	electrical	discharge	machining	(EDM),	laser	machining,	or	silicon	micromachining.72	The	automated	EFAB	process	creates	metal	structures	by	electroplating	multiple,	independently	patterned	layers.	The	process	is	similar	in
concept	to	rapid	prototyping	(RP)	techniques,	such	as	stereolithography	(SL),	in	that	multiple	patterned	layers	are	stacked	to	build	structures.	However,	unlike	stereolithography,	EFAB	is	a	batch	process	suitable	for	volume	production	of	fully	functional	devices,	not	just	models	and	prototypes.	558	Manufacturing	Techniques	for	Microfabrication	and
Nanotechnology	FIGURE	8.45	EFAB	layer	example.	This	5-μm-thick	layer	consists	of	a	structural	material	(e.g.,	Ni)	and	a	sacrificial	(support)	material	(e.g.,	Cu).	(	Furthermore,	EFAB	provides	greater	accuracy	than	stereolithography.	The	EFAB	process	was	invented	at	the	University	of	Southern	California	with	funding	from	the	Defense	Advanced
Research	Projects	Agency	and	is	commercialized	by	MEMGen	Corp.,	a	company	founded	in	August	1999	(MEMGen	Corp.	changed	its	name	to	Microfabrica	in	2003;	http://	www.microfabrica.com).	The	three	major	fabrication	steps	in	EFAB	that	are	repeated	are	1)	the	instant	masking	and	selective	electroplating,	2)	blanket	deposition,	and	3)
planarization.	The	manufacturing	process	starts	with	a	substrate	and	grows	devices	layer	by	layer.	Each	thin	layer,	perhaps	5	μm	thick,	consists	of	a	structural	material	(e.g.,	Ni)	and	a	sacrificial	material	(e.g.,	Cu)	as	shown	in	the	example	in	Figure	8.45.	Microdevices	are	built	by	stacking	many	of	these	layers	(as	many	as	desired).	To	fabricate	a
multilayer	device,	the	geometries	of	the	layer	cross-sections	are	automatically	determined	based	on	the	desired	3D	geometry,	and	a	set	of	instant	masks	is	generated	that	includes	all	the	unique	cross-sections	of	the	device.	The	device	under	construction,	composed	of	structural	material,	is	imbedded	within	the	sacrificial	material,	which,	like	a
scaffold,	supports	it	during	fabrication	and	is	later	removed.	Additional	materials	can	be	deposited	over	entire	layers	without	constraint.	Such	geometrical	freedom	makes	possible	monolithically	fabricated	assemblies	of	discrete,	interconnected,	and	rotating	parts	and	eliminates	the	need	for	subsequent	bonding	or	assembly	steps.	The	instant	mask
consists	of	an	insulator	pattern,	made,	for	example,	by	patterning	a	resist	layer	on	an	anode	plate	using	photolithography.	A	series	of	such	masks,	each	representing	a	thin	cross-section	through	the	part	being	built,	is	fabricated	in	a	separate	process	before	the	formation	of	the	part.	Instant	masking	then	patterns	a	substrate	by	pressing	this	insulator
pattern	on	the	anode	against	the	cathode	substrate	(e.g.,	Ni),	and	the	assembly	is	immersed	in	an	electrochemical	bath	(e.g.,	a	Ni	bath).	Electroplating	from	the	nickel	salt	solution	between	anode	and	cathode	only	deposits	metal	(Ni)	between	the	insulator	parts	on	the	anode.	The	result	is	a	layer	that	has	been	rapidly	deposited	and	patterned	in	a
single	step.	After	the	nickel	plating,	the	mask	is	removed,	and	the	substrate	with	its	nickel	pattern	is	copper	plated,	filling	in	areas	left	by	the	insulator.	The	two	materials	are	then	polished	flat,	providing	a	smooth	layer	for	the	next	mask.	The	process	can	be	repeated	indefinitely,	which	creates	the	potential	for	defining	arbitrarily	complex	shapes.	Once
the	final	plating	has	taken	place,	the	sacrificial	copper	is	removed	by	chemical	etching,	leaving	a	3D	nickel	structure.	The	complete	process	flow	is	shown	in	Figure	8.46.	In	Figure	8.46a,	the	first	material	is	patterned	onto	a	substrate,	producing	a	patterned	layer.	In	Figure	8.46b,	the	second	material	has	been	blanket	deposited	over	the	first	material
so	that	it	contacts	the	substrate	in	those	regions	not	covered	with	the	first	material.	Then,	as	shown	in	Figure	8.46c,	the	entire	two-material	layer	is	planarized	to	achieve	precise	thickness	and	flatness.	After	repetition	of	this	process	for	all	layers,	the	embedded	multilayer	structure	shown	in	Figure	8.46d	is	etched	to	yield	the	desired	device	as	shown
in	Figure	8.46e.	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	559	FIGURE	8.47	A	small	household	ant	lies	over	a	12-layer	microchain	with	independently	movable	links,	fabricated	in	nickel	in	a	single	process	without	the	need	for	assembly.	The	chain	is	about	∼100	μm	high	(about	the	thickness	of	a	sheet	of	paper;	.	FIGURE	8.46
The	EFAB	process.	(a)	First	material	is	patterned	onto	a	substrate,	producing	a	patterned	layer.	(b)	Second	material	is	blanket	deposited	over	the	first	material.	(c)	The	entire	two-material	layer	is	planarized.	(d)	Repetition	of	the	process	steps	(a)–(c).	(d)	Embedded	multilayer	structure.	(e)	Sacrificial	material	is	etched	to	yield	the	desired	device	as
shown.	The	instant	masking	process	is	fast,	which	makes	it	possible	to	fabricate	devices	with	a	dozen	or	more	completed	layers	in	1	day.	The	precision	EFAB	technology	allows	miniature	and	microdevices	to	be	generated	from	3D	computer-aided	design	(CAD)	data.	The	system	uses	data	from	any	standard	CAD	package	to	determine	device	cross-
sections.	These	cross-sections	are	then	used	to	fabricate	the	instant	masks	that	are	then	used	to	rapidly	create	the	devices.	EFAB	is	a	precision	manufacturing	technology	that	can	be	used	to	form	structures	from	any	metal	or	alloy	that	can	be	electrodeposited.	The	only	constraint	is	that	the	accompanying	sacrificial	metal	can	be	selectively	etched
after	the	layers	are	formed.	EFAB,	depending	on	the	lithography	used	to	make	the	instant	masks,	can	produce	parts	with	feature	sizes	less	than	0.001	in.	and	tolerances	better	than	0.0001	in.	Such	precision	is	difficult	to	obtain	with	mechanical	precision	machining	technology.	Like	a	machine	tool,	the	EFAB	process	is	suitable	for	a	wide	range	of
applications	(see	example	microchain	in	Figure	8.47).	Applications	include	radiofrequency	(RF)	elec	tronic	components	such	as	high-Q	inductors	and	transmission	lines,	optical	components,	microfluidic	networks,	and	mold	tooling	for	plastic	devices.	Maskless	Plating	Microjet	Plating	and	Laser-Enhanced	Jet	Plating	Through-mask	electrochemical
deposition,	although	a	very	important	MEMS	technique,	is	costly	and	requires	extra	steps,	and	several	electrochemical	deposition	techniques	have	been	proposed	that	obviate	the	need	for	masks.	One	of	the	simpler	approaches	to	avoid	using	masks	in	electrodeposition	uses	impinging	microjets	of	electrolyte.	This	increases	the	mass	transport	greatly,
and	plating	selectivity	is	achieved	by	virtue	of	the	fact	that	the	jet	serves	as	the	current	path.	The	smallest	spot	size	of	the	area	being	plated	is	usually	limited	to	twice	the	diameter	of	the	jet,	which	can	be	operated,	if	filtering	the	solution	carefully,	without	too	frequent	plugging.	The	nozzle	orifice	diameter	may	be	anywhere	from	1	mm	to	as	little	as
∼0.01	mm	in	diameter.	The	lower	limit	depends	strongly	on	the	560	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	degree	of	filtration	of	the	solution.	Micromachining	of	nozzles	will	further	impact	obtainable	microjetplating	resolution	in	the	future.	The	setup	in	Figure	4.15	for	laser-enhanced	jet	etching	can	also	be	used	for
faster	plating.	The	local	heating	of	the	substrate	by	the	laser	(up	to	150°C)	results	in	highly	increased	deposition.	Using	this	technique,	plating	enhancement	of	up	to	1000	times	has	been	obtained	with	gold.	Plating	spots	and	lines	as	small	as	2	μm	wide	have	been	observed.	Laser	enhancement	also	works	with	electroless	deposition.	Current	densities
of	up	to	15	A/cm	2	and	copper	plating	rates	of	50	μm/s	have	been	obtained.	For	more	background	on	jet	plating	and	laser-enhanced	jet	plating,	refer	to	the	review	by	Romankiw	et	al.	and	references	therein.51	Pulse	plating,	introduced	in	Chapter	10	in	the	context	of	plating	in	LIGA	molds,	represents	only	one	of	many	emerging	electrochemical	plating
techniques	considered	for	microfabrication.	For	more	background	on	techniques	such	as	laser-enhanced	plating,	jet	plating,	laser-enhanced	jet	plating,	and	ultrasonically	enhanced	plating,	refer	to	the	review	of	Romankiw	et	al.51	and	references	therein.	Localized	Electrochemical	Deposition	Truly	3D	microstructures	can	be	formed	using	localized
electrochemical	deposition.	The	tip	of	a	sharp	electrode	placed	in	a	plating	solution	is	brought	near	the	substrate	where	deposition	occurs	when	applying	a	potential	between	the	tip	and	the	substrate.	The	electric	field	is	confined	to	the	area	beneath	the	tip,	and	the	spatial	resolution	is	determined	by	the	size	of	the	electrode.	Deposition	rates	of	Ni	are
as	high	as	6	μm/s,	two	orders	of	magnitude	higher	than	in	conventional	electroplating.73	The	tip	of	a	scanning	electrochemical	microscope	(SECM)	can	be	used	for	both	local	etching	and	deposition	with	high	resolution	in	the	x-,	y-,	and	z-dimensions,	basically	forming	a	high-resolution	electrochemical	machining	setup	(Figure	4.16).	Slanted	and
Curved	Plated	Metal	Shapes	As	a	final	example	of	maskless	electrodeposition,	we	consider	the	work	by	Maciossek,	who	relies	on	overplating	of	a	patterned	plating	base	to	create	a	variety	of	novel	slanted	and	curved	metallic	microstructures.59	The	angle	of	the	deposited	wedge	shapes	is	adjustable	in	a	range	from	0–45°.	Besides	linearly	increasing
structure	profiles,	a	sinusoidal	or	parabolic	surface	can	also	be	generated.	The	angles	of	the	deposited	wedges	depend	on	the	distance	between	and	the	width	of	a	set	of	parallel	metallic	strips	on	the	plating	substrate	as	illustrated	in	Figure	8.48A.	At	the	start	of	the	plating	process,	only	a	central	metal	strip	is	biased,	and	during	the	isotropic	growing
process,	the	outlying	metal	strips	are	contacted	one	at	a	time	by	the	electrodepositing	metal.	When	the	contact	has	been	made,	electrodeposition	will	occur	also	in	this	area,	whereas	further	deposition	in	the	original	contact	area	(the	central	strip)	results	in	a	higher	deposit	on	that	first	electrode.	This	innovative	3D	fabrication	process	enlarges	the
MEMS	arsenal	of	tools.	The	Maciossek	method	may	be	used	to	fabricate	slanted	and	curved	absorber	patterns	for	x-ray	masks	(see	Chapters	2	and	10).	Two	example	Maciossek	structures	are	shown	in	Figure	8.48B.	Three-dimensional	metal	structures	on	a	substrate	may	also	be	produced	by	electrodeposition	through	a	suitably	prepared	gelatin	layer
in	a	process	similar	to	photolithography.	Angus	et	al.74	exposed	a	layer	of	gelatin	on	a	Cu	surface	through	a	gray	mask.	Cross-linking	of	the	gelatin	occurs	in	the	exposed	areas,	and	unexposed	material	is	washed	away	in	a	water/isopropanol	solution.	Thickness	of	the	hardened	gelatin	layer,	and	hence	the	rate	of	diffusion	of	depositing	metal	ions
through	it,	depends	on	the	exposure	dose.	Metal	electrodeposition	through	the	developed	gelatin	layer	film	occurs	more	rapidly	at	the	less	exposed	sites,	thus	generating	a	3D	metal	structure	on	the	substrate	with	a	thickness	and	configuration	governed	by	the	exposure	time,	the	mask	thickness,	and	the	deposition	time.75	As	the	mask	is	permeable	to
the	plating	solution,	we	treat	this	technique	here	as	a	“maskless”	technology.	Example	8.1:	Protein	Patterning	Microlithographic	techniques	can	be	applied	successfully	to	the	field	of	protein	patterning.	In	this	first	example,	we	show	how	clever	use	of	lithography	may	help	solve	the	problem	Chemical,	Photochemical,	and	Electrochemical	Forming
Techniques	(A)	Top	view	561	Cross-section	Plating	base	“islands”	Contact	(a)	Patterned	plating	base	Plating	base	Insulation	layer	Substrate	Contact	Plating	base	Electrodeposition	Electrodeposition	Electrolyte	(b)	Growing	microcomponents	Resist	Plating	base	Insulation	layer	Substrate	Contact	Resist	Electrodeposition	Electrodeposition	(c)
Microcomponents	Plating	base	Insulation	layer	Substrate	Contact	(B)	(a)	(b)	FIGURE	8.48	(A)	Maciossek	plating	schematic:	exposing	the	patterned	plating	base	(Aa)	to	a	plating	solution,	the	isotropic	growing	process	starts	at	the	contact	area	and	extends	until	the	neighboring	plating	base	islands	are	contacted.	(Ab)	Once	contacted,	electrodeposition
also	occurs	in	this	area,	whereas	further	deposition	in	the	former	contact	area	results	in	a	higher	structure	there.	On	continuing	the	electroplating	process,	consecutive	outlying	“island”	electrodes	are	reached,	and	electroplating	starts	later	so	that	wedge-shaped	microcomponents	are	formed	(Ac).	(B)	Electroplated	profiles	show	a	very	smooth	and
bright	surface.	The	perpendicular	sidewalls	are	made	by	a	thick	surrounding	resist.	(Ba)	Gold	microstructure,	18	μm	height;	(Bb)	electroplated	gold	with	two	electrical	contacts.	of	nonspecific	protein	adsorption	competing	for	detection	sites	in	immunosensors.	Proteins	bind	with	considerable	avidity	to	a	wide	range	of	surfaces,	and	a	reference	surface
in	an	immunosensor	should	adsorb	all	the	same	proteins	except	for	the	protein	of	interest.	The	best	way	to	avoid	nonspecific	binding	effects	in	immunosensors	is	to	make	the	reference	surface	as	similar	to	the	sensing	surface	as	possible,	i.e.,	a	reference	substrate,	subject	to	all	the	same	562	Manufacturing	Techniques	for	Microfabrication	and
Nanotechnology	UV	O3	O3	lgG	O3	UV	irradiation	of	adsorbed	protein	(a)	Protected	region	Incubation	with	specific	antibody	(b)	FIGURE	8.49	UV	radiation	of	antigens	leads	to	bands	of	“live/dead”	protein.	(a)	Preadsorbed	layer	of	antigen	is	briefly	exposed,	in	air,	to	an	intense	UV	source,	resulting	in	the	production	of	ozone	(O3).	The	combination	of
UV	damage	and	ozone	results	in	partial	oxidation	of	the	adsorbed	protein.	The	area	of	protein	shielded	from	the	irradiation	is	not	oxidized.	(b)	Following	this	treatment	the	proteincoated	substrate	is	incubated	with	antiserum	specific	to	the	adsorbed	antigen.	The	partially	oxidized	protein	layer	is	no	longer	antigenic,	and	IgG	molecules	are	able	to	bind
only	to	the	previously	shielded	portion	of	the	antigen	layer.	(Clementi,	E.,	G.	Corongiu,	M.	H.	Sarma,	and	R.	H.	Sarma,	eds.	1985.	Structure	and	motion:	membranes,	nucleic	acids,	and	proteins.	Guilderland,	NY:	Adenine	Press.76)	nonspecific	protein	binding	phenomena	as	the	sensor	surface	itself,	except	for	the	antigenantibody	of	interest.	This	way,
measuring	differentially	enables	the	best	possible	correction	for	nonspecific	binding.	An	interesting	way	of	implementing	this	idea	is	to	create	an	optical	grating	pattern,	with	the	antigen-antibody	coupling	providing	the	grating	structure.	This	can	be	realized,	for	example,	based	on	the	loss	of	antigenicity	on	UV	radiation	of	thin	layers	of	antigen	as
observed	by	Panitz	and	Giaver.76	Panitz	and	Giaver	found	that	the	antigenic	sites	on	proteins	display	sensitivity	to	UV	radiation	in	air	and	that	a	small	dose	of	UV	radiation	can	destroy	the	antigenicity	of	antigens	(Figure	8.49).	One	presumes	that	the	UV	light	breaks	up	chemical	bonds	in	the	adsorbed	protein	layer	and	simultaneously	produces	ozone.
The	broken	bonds	are	targets	for	the	highly	reactive	ozone,	resulting	in	the	progressive	oxidation	of	the	protein	layer.	The	protein	can	be	completely	removed	from	the	surface	by	too	long	an	irradiation	(e.g.,	10	min).	With	a	short	radiation	time	the	optical	density	does	not	change,	but	antibodies	will	no	longer	bind	to	the	antigenetic	sites.	This	scheme
was	put	to	use	in	the	fabrication	of	an	elegant	biograting	for	immunosensing	as	shown	in	Figure	8.50.77	By	using	a	photomask	grating	and	inactivating	alternating	bands	of	antibodies,	a	biological	diffraction	grating	is	created.	In	this	device,	the	antigen-antibody	coupling	itself	constitutes	the	grating	structure,	causing	diffraction	only	if	the	target
antigen	is	present.	A	CD-type	He-Ne	laser	beam	diffracts	from	the	grating	with	an	intensity	related	to	the	antigen	concentration.	The	above	grating	device	comes	close	to	embodying	an	ideal	relative	reference	because	the	radiated	protein	bands	are	almost	identical	to	the	active	surface	except	for	being	incapable	of	reacting	with	the	target
complementary	protein.78	It	is	easy	to	imagine	arrays	with	several	different	enzymes,	antibodies,	or	DNA	probes	immobilized	precisely	onto	a	transducer	surface	as	a	diagnostic	panel	for	clinical	diagnosis,	highthroughput	drug	screening,	or	for	environmental	monitoring.79	Example	8.2:	The	Nanogen	Chip	A	schematic	representation	of	an	open
electrophoretic	DNA	hybridization	chip	from	Nanogen	is	shown	in	Figure	8.51a.	In	this	chip	DNA,	which	is	negatively	charged	at	most	pHs,	is	collected	at	biased	electrodes	through	electrophoresis.	An	array	of	25	metal	electrodes	with	a	diameter	of	80	μm	is	pictured.	Arrays	of	FIGURE	8.50	Idetek,	Inc.	immunosensor	based	on	biological	grating
(Editorial.	1993.	Biograting.	Res	Dev	51;	Courtesy	of	Mark	Platshon,	Idetek,	Inc.,	Sunnyvale,	CA.77)	Chemical,	Photochemical,	and	Electrochemical	Forming	Techniques	563	(a)	Pt	Si3N4	Pt	counter	electrodes	Si3N4	over	Pt	(b)	Permeation	layer	DNA	Si3N4	SiO2	Pt	Si	substrate	FIGURE	8.51	Nanogen	DNA	chip.	(a)	Electrode	array	region	of	the	chip.
The	central	1	×	1-mm	test	site	array	region	consists	of	four	large	(160-μm	diameter)	corner	electrodes	and	25	central	80-μm	electrodes.	Pt,	exposed	Pt	test	sites;	Si3N4,	dielectric;	Si3N4	over	Pt,	and	Pt	insulated	by	Si3N4.	(b)	Cross-section	of	an	electrode	test	site.	Location	of	section	is	indicated	by	lines	extending	from	(a).	Pt,	Si3N4,	Pt	insulated	by
Si3N4;	SiO2,	dielectric	layer;	Si	substrate,	wafer	material;	permeation	layer,	agarose	layer	containing	streptavidin;	DNA,	biotinylated	oligonucleotides	bound	to	streptavidin.	100	(80-μm	diameter),	400	(50-μm	diameter),	and	10,000	(30-μm	diameter)	elements	have	been	made	as	well.80	Each	of	the	metal	electrode	sites	(microlocations)	is	a	discrete,
insulated,	and	addressable	working	electrode	forming	part	of	an	electrochemical	cell.	An	outer	group	of	counter	electrodes	provides	encompassing	electric	fields	for	concentrating	DNA	from	the	bulk	sample	solution	to	specific	working	electrodes.	In	Figure	8.51a,	there	are	four	such	outer	electrodes	with	a	diameter	of	160	μm.	The	microlocations	are
all	electrically	connected	via	the	overlying	electrolyte	solution	and	protected	with	a	permeation	layer	hydrogel	(e.g.,	agarose	or	polyacrylamide)	(Figure	8.51b).	The	permeation	layer	is	a	1–10-μm	hydrogel	layer	deposited	by	spin	coating	and	permits	water	and	ion	flow,	provides	a	matrix	to	attach	molecules	such	as	DNA,	RNA,	or	proteins,	and
separates	those	sensitive	biomacromolecules	from	the	potentially	damaging	electrochemical	reactions	that	occur	on	the	active	Pt	electrodes	(current	levels	>100	nA	and	voltages	>1.2	V	are	possible	with	such	hydrogel	layers	without	damaging	the	biomacromolecules).	Attachment	of	molecules	to	the	permeation	layer	such	as	DNA	probes	can	be
achieved,	for	example,	by	impregnating	the	permeation	layer	with	affinity	binding	substances	such	as	avidin	or	streptavidin	for	subsequent	attachment	of	biotinylated	DNA	or	RNA	probes.	Net	negatively	charged	molecules	such	as	DNA	and	RNA	are	moved	to	positively	biased	microlocations,	whereas	they	are	repelled	from	negatively	biased	ones	by
electrophoresis.	For	the	electric	field	to	be	high	enough	throughout	the	solution	for	electrophoresis	to	take	place,	the	solution	must	be	desalted.	Only	low	conductivity	buffers	may	be	used.	The	positive	microlocations	may	concentrate	target	DNA	sequences	in	a	564	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	very	short	time
(because	they	reach	those	sites	through	electrophoresis	rather	than	by	diffusion),	and	if	this	location	has	complementary	DNA	capture	probes,	hybridization	of	the	target	DNA	can	occur.	The	concentrating	effect	on	the	positive	microlocations	facilitates	the	hybridization	as	a	result	of	the	law	of	mass	action	(hybridization	in	seconds	rather	than	hours).
Details	of	DC	current	and	voltage	level,	solution	conductivity,	and	buffer	species	for	hybridization	can	be	found	in	Edman	et	al.81	This	directed	electrophoretic	transport	and	addressing	process	can	be	carried	out	simultaneously	at	test	sites	that	have	different	capture	sites.	Detection	of	successful	hybridization	can	be	accomplished	using	fluorescent
probes	and	a	color,	chargecoupled	detector	(CCD).	By	reversing	the	polarity	at	a	microlocation	after	hybridization,	nonspecific	sample	DNA	and	unhybridized	probes	may	be	selectively	removed.	The	electric	field	can	be	adjusted	just	so	to	affect	selective	dehybridization	of	the	DNA	sequences	from	the	attached	complementary	probe.	This	is	called
electronic	stringency	control.	Discrimination	between	single	base	pair	mismatches	in	DNA	has	been	demonstrated	this	way;82	for	example,	Gilles	et	al.	developed	a	rapid	assay	for	singlenucleotide	polymorphisms	(SNPs)	in	a	gene	implicated	in	increased	susceptibility	to	infection	in	pediatric	patients.83	The	power	of	this	open-chip	approach	was
further	demonstrated	by	separating	Escherichia	coli	from	a	mixture	containing	blood	cells	by	means	of	dielectrophoresis,	lyzing	the	isolated	bacteria	by	a	series	of	high-voltage	pulses,	and	proteolytic	digestion	with	proteinase	K—all	on	the	same	chip.	The	microlocations	on	the	Nanogen	chip	can	be	powered	with	DC	and	AC.84	Even	more	exciting	is
the	demonstration	of	amplification	and	detection	of	multiple	targets	in	this	same	open	format	[multiplex	strand	displacement	amplification	(SDA)].	SDA	is	an	isothermal	(60°C)	DNA	amplification	method.	In	a	regular	multiplex	amplification	in	solution,	nonspecific	interactions	between	different	primer	sets	reduce	the	amplification	efficiency.	Electronic
anchoring	of	sets	of	amplification	primers	in	distinct	areas	reduces	their	interaction,	and	sets	of	distinct	zones	of	amplification	that	only	share	reagents	and	enzymes	are	generated,	increasing	the	efficiency	of	the	multiplex	amplification	reactions.	Isothermal	SDA,	which	uses	the	combined	effects	of	a	restriction	endonuclease	and	DNA	polymerase,
asynchronously	amplifies	DNA	exponentially	and	was	shown	to	be	ideal	for	use	on	the	open	electrophoresis	chip.85	Questions	8.1:	Describe	two	methods	to	make	DNA	arrays	using	a	virtual	mask	approach.	8.2:	Briefly	sketch	the	sol-gel	technique.	Why	is	this	technique	so	important	for	nanotechnology?	8.3:	Compare	Langmuir-Blodgett	deposition	with
self-assembled	monolayers	(SAMs).	8.4:	Sketch	the	dual	damascene	process.	Where	is	it	used?	8.5:	Outline	the	EFAB	process.	Where	is	it	used?	8.6:	Why	is	DNA	hybridization	so	much	faster	in	an	electronic	DNA	(Nanogen)	than	in	a	passive	hybrydization	chip?	8.7:	Describe	how	you	could	make	beveled	metal	structures	using	both	electroless	plating
and	electroplating.	8.8:	Describe	briefly	different	types	of	rapid	prototyping	(RP)	and	discuss	how	they	can	be	scaled	down.	Which	RP	technique	is	of	most	interest	to	micromachinists?	8.9:	Compare	three	major	arraying	methods	for	making	DNA	and	protein	arrays.	8.10:	Detail	the	difference	between	scanning	microstereolithography,	parallel
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Nature	412:	697–698.	9	Thermal	Energy-Based	Forming	Techniques—	Thermoforming	Outline	Introduction	Spray	Pyrolysis	Screen	Printing/Silk	Screening	Doctor’s	Blade	or	Tape	Casting	Plasma	Spray	Deposition	Plasmas	and	Nanoparticles	Laser	and	Electron	Beam	Deposition	A	metal	laser	sintering/milling	hybrid	machine,	the	LUMEX	25C,
developed	by	Matsuura	Machinery	Corporation	in	Japan,	successfully	combines	freeform	manufacturing	and	high-speed	milling.	The	integration	of	laser	sintering	of	metallic	powder	and	high-speed	cutting	eliminates	the	finish	machining	operations	(	).	Questions	References	A	four-jet	lathe	burner	for	glass	blowing.	This	type	of	burner	is	usually
mounted	on	a	movable	carriage	attached	to	a	glassblower’s	lathe.	567	568	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	Introduction	Thermal	forming	(or	thermoforming)	is	a	method	where	thermal	energy	provided	by	a	heat	source	“transforms”	a	material’s	structure	and/or	shape.	Structural	material	changes	occur,	for
example,	during	crystallization,	sintering,	alloying,	annealing,	decomposition,	and	pyrolizing.	Shaping	in	thermoforming	may	be	free	form,	such	as	in	glass	blowing	and	in	selective	laser	sintering	(SLS)	(see	inset	in	the	heading	of	this	chapter).	The	latter	thermoforming	method	is	a	rapid	prototyping	(RP)	technique	for	solid	parts,	made	by	solidifying
powder-like	materials	layer	by	layer	through	exposure	of	the	surface	of	a	powder	bed	to	a	laser	beam.	However,	thermoforming	may	also	involve	a	step	that	combines	heat	and	pressure	to	conform	to	a	final	shape	in	a	mold,	such	as	in	vacuum	forming,	a	method	for	thermally	shaping	a	flat	plastic	sheet	into	a	three-dimensional	(3D)	shape	by	heating
the	sheet	and	withdrawing	the	air	between	the	sheet	and	the	mold.	Thermal	and	chemical	forming	techniques	are	often	intertwined	because	heat	(and	catalysts)	usually	aids	a	chemical	reaction.	The	relative	contribution	of	thermal	to	chemical	in	a	given	process	may	range	from	100%	thermal	to	100%	chemical	but	falls	often	somewhere	in	between.
Crystallization	(see	Volume	I,	Chapter	4),	alloying,	and	sintering,	for	example,	do	not	involve	a	chemical	reaction	and	could	be	viewed	as	purely	thermal	forming	techniques,	but	annealing,	decomposition,	and	pyrolizing	all	typically	involve	both	heat	and	a	chemical	reaction.	The	predominantly	thermal	techniques	detailed	in	this	chapter	are	spray
pyrolysis,	silk	screening	of	ceramics,	tape	casting,	plasma	spraying,	laser	and	electron	beam	deposition,	and	selective	laser	sintering	(SLS).	Spray	pyrolysis	is	a	simple	form	of	chemical	vapor	deposition	(CVD)	and,	together	with	sol-gel,	a	chemical	forming	technique	that	was	covered	in	Chapter	8,	a	contender	for	nanoparticle	manufacturing.	Silk-
screening	and	tape	casting	technology	constitute	two	important	thermal	forming	processes	often	referred	to	as	hybrid	manufacturing	methodologies.	Tape	casting	is	also	known	as	doctor	blading	or	knife	coating,	and	the	process	is	well	known	under	these	names	in	many	industries,	including	paper,	plastic,	and	paint	manufacturing.	Laser	and	electron
beam	deposition	can	be	subtractive	or	additive,	and	these	two	options	are	typically	available	in	the	same	laser	or	electron	beam	reactor.	SLS	is	a	rapid	prototyping	technique	(RP)	(see	also	Chapter	8,	Table	8.3)	method	for	solid	parts,	made	by	solidifying	powder-like	materials	layer	by	layer	through	exposure	of	the	surface	of	a	powder	bed	to	a	laser
beam.	The	method	might	also	integrate	high-speed	computer	numerical	controlled	cutting,	effectively	combining	an	additive	and	a	subtractive	manufacturing	technique,	in	which	case	RP	and	real	manufacturing	are	both	options.	Spray	Pyrolysis	Introduction	In	spray	pyrolysis,	a	precursor	reagent	dissolved	in	a	carrier	liquid	is	sprayed	through	a
nozzle	or	set	of	nozzles	to	form	an	aerosol,	and	the	droplets	in	the	aerosol	experience	thermal	decomposition,	i.e.,	pyrolysis	in	a	hot	zone.	In	the	case	of	film	formation,	the	hot	zone	is	simply	a	hot	substrate	surface,	and	in	the	case	of	particle	formation,	the	hot	zone	may	be	a	furnace.	Spray	pyrolysis	is	also	known	as	aerosol	decomposition	synthesis,	in
which	a	droplet-tosolid	particle	conversion	takes	place.	The	production	of	droplets	and	their	dispersion	into	a	gas	environment	is	called	atomization.	There	are	a	number	of	different	kinds	of	atomizers	in	use,	as	listed	in	Table	9.1.	The	atomization	variables	listed	here	are	droplet	size,	which	determines	the	size	of	the	final	solid	particle,	the	atomization
rate,	which	affects	the	scalability	of	the	process,	and	the	droplet	velocity,	which	affects	the	residence	time	of	the	droplets	in	the	hot	zone.	One	other	important	parameter,	not	listed,	is	the	droplet	size	dispersion,	which	relates	to	the	homogeneity	of	the	product.	Spray	pyrolysis	is	a	gas-phase	synthesis	method	and	constitutes	a	form	of	chemical	vapor
deposition	(CVD)	without	the	expensive	vacuum	reactors.	During	CVD,	as	we	saw	in	Chapter	Seven,	the	constituents	of	a	vapor	phase,	often	diluted	with	an	inert	carrier	gas,	react	at	a	hot	surface	(typically	higher	than	300°C)	to	deposit	a	solid	thin	film.	The	CVD	Thermal	Energy-Based	Forming	Techniques—Thermoforming	569	TABLE	9.1
Characteristics	of	Atomizers	Typically	Used	in	Spray	Pyrolysis	Atomizer	Pressure	Nebulizer	Ultrasonic	Electrostatic	Droplet	Size	(μm)	Atomization	Rate	(cm3/min)	Droplet	Velocity	(m/s)	10–100	0.1–2	1–100	0.1–10	3–no	limit	0.5–5	500	μm).	Lower-cost	and	high-throughput	printing	techniques,	such	as	screen	printing,	have	a	great	promise	in	the
fabrication	of	organic	light-emitting	devices	(OLEDs).	Jabbour	et	al.	demonstrated,	for	the	first	time,	the	use	of	screen	printing	to	deposit	ultrathin	layers	in	OLEDs	of	less	than	15	nm	with	root	mean	square	surface	roughness	of	less	than	1.5	nm.21	After	printing,	the	wet	films	are	allowed	to	settle	for	15	min	to	flatten	the	surface	while	drying.	This
removes	the	solvents	from	the	paste.	Subsequent	firing	burns	off	the	organic	binder;	metallic	particles	are	reduced	or	oxidized;	and	glass	particles	are	sintered.	Typical	temperatures	range	from	500–1000°C.	After	firing,	the	thickness	of	the	film	ranges	from	10–50	μm.	A	typical	silk	screening	setup	is	the	one	from	Universal	Instruments	Corporation	(	.
uic.com),	the	DEK	4265	Horizon	Screen	(see	also	The	Shanghai	Shuoxing	screen	printing	machine	in	Figure	9.15B).	Dupont	provides	technical	tips	for	screen	printing	at	en_US/techinfo/techtips.html,	and	the	Screen	Printing	Magazine	can	be	found	at	.	screenweb.com/home.php.	on	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology
Shear	stress	(Pa)	578	Shear	rate	(S-1)	FIGURE	9.16	Pseudoplastic	behavior	of	inks	for	silk	screening	(see	also	Volume	I,	Chapter	6).	following	conductive	pastes	can	be	distinguished	by	the	bonding	mechanism	used.	◾	Glass-bonded	or	fritted	pastes	are	inks	where	adhesion	of	the	metal	is	achieved	with	the	addition	of	a	glass	mixture	(30%)	(a	typical
glass	composition	is	65%	PbO,	25%	SiO2,	and	10%	Bi2O3).	A	fritted	ink	contains	powdered	glass	that	binds	the	ink	to	the	substrate	material	when	fired	at	a	temperature	of	850°C.	Thus,	a	fritted	ink	will	generally	consist	of	the	glass	frit,	a	material	defining	the	desired	ink	property,	and	an	organic	vehicle	that	renders	the	ink	printable.	Vehicles
typically	consist	of	solvents	mixed	with	slightly	more	viscous	materials,	such	as	resins,	in	a	ratio	designed	to	give	the	optimum	overall	viscosity	to	the	ink.	◾	Oxides	or	fritless-bonded	inks	adhere	to	the	metal	via	the	addition	of	copper	oxide	(3%).	◾	Mixed-bonded	pastes	are	inks	for	which	adhesion	is	achieved	by	use	of	both	glass	and	copper	oxide.
Resistive	pastes	are	based	on	RuO2	or	Bi2Ru2O7	mixed	with	glass	(65%	PbO,	25%	SiO2,	10%	Bi2O3).	The	resistivity	is	determined	by	the	mixing	ratio.	Overglaze	and	dielectric	pastes	are	based	on	glass	mixtures.	According	to	composition,	different	melting	temperatures	can	be	achieved.	Thick	film	technology	with	the	above	type	of	traditional	inks
has	application	in	the	construction	of	Thermal	Energy-Based	Forming	Techniques—Thermoforming	a	wide	variety	of	hybrid	sensors,	such	as	sensors	for	radiant	signals,	pressure	sensors,	strain	gauges,	displacement	sensors,	humidity	sensors,	thermocouples,	capacitive	thick-film	temperature	sensors,	and	pH	sensors	(see	Middlehoek	et	al.23	and
references	therein).	Also,	with	silicon-based	sensors	(e.g.,	pressure	sensors	and	accelerometers)	die-mounted	on	a	ceramic	substrate,	thick	film	resistors	are	used	for	calibration	by	trimming	resistors	on	the	ceramic	substrate.	New	inks,	specifically	developed	for	chemical	and	biological	sensor	applications,	are	available	or	under	development.	For
example,	SnO2	pastes	incorporating	Pt,	Pd,	and	Sb	dopants	have	been	developed	for	the	construction	of	high-temperature	(>300°C)	semiconductor	gas	sensors	for	reducing	gases	(socalled	Taguchi	sensors)	(see	Example	9.1).18	Thick	metal	phthalocyanine	films	have	been	deposited	on	alumina	to	form	the	active	material	in	relatively	low-temperature
(	Vo	then	the	exhaust	is	rich;	if	VEMF	<	Vo	then	the	exhaust	is	lean).	It	is	fabricated	by	laminating	and	cofiring,	at	high	temperatures,	several	layers	of	ceramic	green	tape,	some	of	which	are	metal	coated	and	have	openings	through	them.27	Because	both	metal	and	ceramic	layers	constitute	the	sensor,	the	materials	should	be	carefully	prepared,	and
the	cofiring	process	must	be	tightly	controlled	to	avoid	metal	diffusion	or	reaction	with	the	ceramic.	Because	of	the	process	complexities,	this	sensor	turned	out	too	expensive	for	common	use.	Plasma	Spray	Deposition	Introduction	FIGURE	9.18	A	typical	tape	caster.	HED	Lab-Cast	7-ft.	tape	caster.	Because	of	the	need	to	incorporate	more	and	different
materials	in	a	thickness	ranging	anywhere	from	monolayers	to	a	few	hundred	micrometers,	Thermal	Energy-Based	Forming	Techniques—Thermoforming	581	FIGURE	9.19	Planar	Oxygen	Sensor	from	NGK,	Spark	Plug	Co.,	Ltd.	micromachinists	are	broadening	their	horizon	beyond	IC	deposition	techniques	and	increasingly	are	incorporating	hybrid
thick	film	methodology	in	their	tool	box.	Microstructures	can	be	crafted	economically	with	non-IC	equipment	and	materials,	and	thick	film	silk	screening,	spray	pyrolysis,	sol-gel,	and	tape	casting	are	all	attractive	additive	techniques	in	this	regard.	Spray	pyrolysis	(see	earlier),	drop	delivery	systems	(see	Chapter	8),	and	pickand-place	technology	(see
Volume	III,	Chapter	4)	are	but	a	few	examples.	Here	we	review	plasma	spraying	as	another	example	of	a	non-IC	thermal	forming	tool.	With	plasma	spraying	almost	any	material	can	be	coated	on	many	types	of	substrates.	Applications	include	corrosion-	and	temperatureprotective	coatings,	superconductive	materials,	and	abrasion	resistance
coatings.28	Today,	turbine	blades	and	other	components	of	aircraft	engines	are	plasma	coated	with	corrosion-	and	temperatureresistant	coatings.	In	this	section,	we	propose	that	the	technique	be	expanded	to	the	mass	manufacture	of	ceramic-based	sensors.	In	plasma	spraying,	a	high-intensity	plasma	arc	is	operated	between	a	stick-type	cathode	and
a	nozzle-shaped,	water-cooled	anode	as	illustrated	in	Figure	9.21.	For	atmospheric	spraying,	one	typically	works	at	power	levels	from	10–100	kW.	Plasma	gas,	pneumatically	fed	along	the	cathode,	is	heated	by	the	arc	to	plasma	temperatures	and	leaves	the	anode	nozzle	as	a	plasma	jet	or	plasma	flame.	Argon	and	mixtures	of	argon	with	other	noble
(He)	or	molecular	gases	(e.g.,	H2,	N2,	O2)	are	frequently	used	for	plasma	spraying.	Fine	powder	suspended	in	a	carrier	gas	is	injected	into	the	plasma	jet	where	the	particles	are	accelerated	and	heated.	The	plasma	jet	may	reach	temperatures	of	20,000	K	and	velocities	up	to	1,000	ms–1.	The	temperature	of	the	particle	surface	is	lower	than	the
plasma	temperature,	and	the	dwelling	time	in	the	plasma	gas	is	very	short.	The	lower	surface	temperature	and	short	duration	prevent	the	spray	particles	from	being	vaporized	in	the	gas	How	Does	It	Work?	The	CVD	and	PVD	techniques	discussed	in	Chapter	7,	except	for	the	cluster	deposition	method,	rely	on	atomistic	deposition,	that	is,	atoms	or
molecules	are	individually	deposited	onto	a	surface	to	form	a	coating.	Plasma	spraying,	like	spray	pyrolysis,	is	a	typical	particle	deposition	method;	particles	a	few	micrometers	to	100	μm	in	diameter	are	transported	from	source	to	substrate.	The	basic	configuration	of	a	plasma-arc	torch	setup	for	layer	deposition	and	a	plasma	spray	nozzle	are	shown
in	Figures	9.20	and	9.21,	respectively.	FIGURE	9.20	Setup	for	plasma	spray.	With	a	robot	arm	and	a	sound-proof	spraying	booth.	582	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	9.21	Plasma	spray	nozzle.	plasma.	The	particles	in	the	plasma	assume	a	negative	charge,	owing	to	the	different	thermal	velocities	of
electrons	and	ions.	As	the	molten	particles	splatter	with	high	velocities	onto	a	substrate,	they	spread,	freeze,	and	form	a	more	or	less	dense	coating,	typically	forming	a	good	bond	with	the	substrate.	The	resulting	coating	is	a	layered	structure	(lamellae),	as	shown	in	Figure	9.22.	Typical	coatings	for	high-temperature	applications	involve	an	oxidation-
resistant	coating	and	a	thermal	barrier	coating	(TBC).	The	role	of	TBCs	is,	as	their	name	suggests,	to	provide	thermal	insulation	of	the	blade.	A	coating	of	about	1–200	μm	can	reduce	the	temperature	by	up	to	200°C.	The	oxidation-resistant	coating	is	also	called	bond	coat	because	it	provides	a	layer	on	which	the	ceramic	TBC	can	adhere.	As	shown	in
Figure	9.23,	a	particle	leaving	the	spray	nozzle	goes	through	different	regions	of	temperature	and	flow	velocity.	Ideally,	the	particles	should	arrive	at	the	substrate	at	high	velocities	in	a	completely	molten	state	to	form	the	densest	coating	with	little	porosity.	To	produce	porous	films	for	the	fabrication	of	oxygen	sensors	in	our	own	work,19	we
positioned	the	substrate	somewhere	between	regions	4	and	5.	To	produce	dense	films,	we	positioned	the	substrate	in	region	4.	With	this	technique,	a	minimum	thickness	is	about	25	μm,	and	very	thick	coats	up	to	a	few	millimeters	thick	are	possible.	When	attempting	to	deposit	gas-sensitive	layers,	such	as	ZrO2,	on	thermally	isolated,	thin	Si
membranes	to	make	a	power-efficient	gas	sensor,	we	found	that	the	kinetic	energy	of	the	plasma	was	too	high,	and	it	broke	the	thin	suspended	Si	membranes.	The	high	temperature	and	kinetic	energy	preclude	the	potential	for	integrating	Si	with	high-temperature	plasma	spraying.	In	Example	9.3	below	we	demonstrate	how	plasma	spraying	of	yttria-
stabilized	zirconia	may	be	used	in	the	batch	fabrication	of	all	solid-state	oxygen	sensors.	Plasma	spray	deposition	is	perhaps	the	most	flexible	of	all	the	thermal	spray	processes	because	it	can	develop	sufficient	energy	to	melt	any	material.	Because	it	uses	powder	as	the	coating	feedstock,	the	number	of	coating	materials	that	can	be	used	in	the	plasma
spray	process	is	almost	unlimited.	Plasma	spraying	equipment	may	be	purchased,	for	example,	from	Sulzer	Metco	(	.	Example	9.3:	Plasma	Spraying:	Multilayer	Planar	Oxygen	Sensor	FIGURE	9.22	Schematic	microstructure	of	a	TBC	obtained	by	APS	on	a	TGO.	Here	we	present	an	example	of	how	to	use	plasma	spray	technology	to	batch	produce
solidstate	oxygen	sensors	based	on	yttria-stabilized	ZrO2	(YSZ)	solid	electrolyte	films.	29	Plasma	spraying	is	a	particulate	method	geared	toward	Thermal	Energy-Based	Forming	Techniques—Thermoforming	583	FIGURE	9.23	(a)	Typical	ranges	of	temperature	and	flow	velocity	with	distance	from	the	nozzle.	(b)	Plasma	spray	nozzle.	fast	deposition	of
thicker	films	(>30	μm),	and	it	might	enable	the	batch	fabrication	of	solid-state	oxygen	sensors	at	a	fraction	of	the	current	cost	($2	vs.	$12	and	up).	Traditional	automotive	solidstate	oxygen	sensors	for	combustion	control	(so-called	lambda	probes)	are	nose-shaped,	3D	structures	fabricated	by	sintering	a	molded	green	tape	zirconia	body	(see	Figure
9.24a).	A	plasma-sprayed,	porous,	gas-diffusion	barrier,	typically	a	spinel	structure	oxide,	protects	the	resulting	dense	ceramic	YSZ	solid	electrolyte	and	the	silk-screened	oxygen-sensing	Pt	electrode	contacting	it.	Newer	designs	for	oxygen	sensors,	called	wide	range	air-to-fuel	ratio	sensors,	incorporate	two	oxygen	pumping	cells	and	one
potentiometric	gauge.	As	we	saw	in	Example	9.2,	these	sensors	are	planar	and	fabricated	by	laminating	and	cofiring	at	high	temperatures	several	layers	of	ceramic	green	tape,	some	of	which	are	metal	coated	and	have	openings	through	them	(see	Figures	9.19	and	9.24b).	27	Because	both	metal	and	ceramic	layers	constitute	the	sensor,	the	materials
should	be	well	prepared,	and	the	cofiring	process	must	be	tightly	controlled	to	avoid	metal	diffusion	or	reaction	with	the	ceramic.	Because	of	the	process	complexities,	this	sensor	is	too	expensive.	In	Figure	9.24c,	an	alternative	planar	oxygen	sensor	fabricated	using	plasma-spray	deposition	is	compared	with	the	traditional	cone-shaped	oxygen
sensor.29,30	In	this	planar	oxygen	sensor,	the	metal	electrodes	are	deposited	by	sputtering,	584	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	9.24	Solid-state	oxygen	sensors.	(a)	Traditional	oxygen	probe	only	protective,	gas	diffusion	barrier	is	applied	by	plasma	spray.	(b)	Wide-range	air-to-fuel	ratio	sensor.	(c)	Planar
oxygen	probe,	sensor,	and	gas	diffusion	layer	made	by	plasma	spray	and	compared	with	a	classical	oxygen	probe.	[(b)	from	Suzuki,	S.,	T.	Sasayama,	M.	Miki,	M.	Ohsuga,	S.	Tanake,	S.	Ueno,	and	N.	Ichikawa.	1986.	SAE	Paper	860408.	With	permission.	27]	and	the	plasma-sprayed	YSZ	film	acts	both	as	a	gas-diffusion	layer	and	as	an	oxygen-conducting
electrolyte.	The	ionic	conductivity	of	the	plasmadeposited	YSZ	films	does	not	reach	the	same	level	as	YSZ	electrolytes	sintered	at	high	temperatures	because	the	films	are	not	as	dense.	However,	the	relatively	thin	film	geometry	of	the	present	sensor	allows	for	using	the	plasma-sprayed	YSZ	film	as	an	oxygen-pumping	cell	for	the	wide-range,	air-to-fuel
ratio	sensor.	The	major	challenge	in	the	manufacture	is	the	control	of	the	porosity	gradient	in	the	gas	diffusion	barrier	and	electrolyte	material,	which	is	accomplished	by	controlling	the	size	of	the	spraying	powder	and	spraying	conditions.30	To	change	the	temperature	and	flow	velocity	of	the	particles,	we	changed	the	distance	between	the	nozzle	and
the	substrate.	With	reference	to	Figure	9.23,	to	produce	porous	YSZ,	we	positioned	the	substrate	somewhere	between	regions	4	and	5;	to	produce	dense	films,	we	positioned	the	substrate	in	region	4.	The	plasma-sprayed	films	adhere	very	well	to	the	substrates	and	have	exceptionally	high	integrity.	The	plasma	method	produces	almost	fully	activated
YSZ	films	onto	a	substrate	carrying	the	thin	film	sputterdeposited	Pt	electrodes,	and	there	is	no	need	for	additional	sintering.	This	straightforward	manufacture	of	solid-state	oxygen	sensors	can	be	performed	in	large	batches	by	using	simple	shadow	masks	and	laser	cutting	the	separate	sensor	elements.	We	believe	that	this	approach—a	combination
of	thin	and	thick	film	methods—opens	up	the	potential	for	planarization	of	many	types	of	gas	sensor	devices.	In	the	manufacture	of	chemical	sensors,	thick	film	technology	on	hybrid	substrates	is	more	prevalent	than	in	the	IC	industry,	and	plasma	deposition	of	all	types	of	chemical	sensor	materials	is,	in	the	author’s	opinion,	fertile	ground	for	research.
Plasma	deposition	of	sensor	materials	such	as	ZrO2,	SnO2,	and	ZnO	on	large	inert	carrier	substrates	could	provide	wafers	coated	with	chemical	sensor	material	very	quickly	and	inexpensively.	Plasma	Arc	Deposition	In	the	plasma	reactors	discussed	above,	the	energy	necessary	for	evaporation	and	reaction	is	provided	by	an	electric	arc	that	forms
between	a	stick-type	cathode	and	a	nozzle-shaped,	water-cooled	anode	Thermal	Energy-Based	Forming	Techniques—Thermoforming	585	FIGURE	9.25	Plasma	arc	spray	deposition	process.	as	illustrated	in	Figure	9.21.	The	material	to	be	deposited	is	a	fine	powder	suspended	in	a	carrier	gas	and	is	injected	into	the	plasma	jet	where	the	particles	are
accelerated	and	heated.	The	electrodes	themselves	do	not	participate	in	the	reaction	itself;	in	contrast,	in	the	arc	spray	deposition	process,	illustrated	in	Figure	9.25,	the	electrodes	are	made	of	the	metal	to	be	vaporized.	The	electrodes	are	polarized	in	the	presence	of	an	inert	background	gas	until	the	breakdown	voltage	is	reached,	and	an	arc	is
formed	across	the	electrodes	that	vaporizes	them.	The	molten	material	is	propelled	by	compressed	air	toward	the	substrate	surface.	The	impacting	molten	particles	on	the	substrate	rapidly	solidify	to	form	a	coating.	High	spray	rates	and	efficiency	make	plasma	arc	deposition	a	good	tool	for	spraying	large	areas	and	high	production	rates.
Disadvantages	of	the	electric	arc	spray	process	are	that	only	electrically	conductive	electrodes	can	be	sprayed.	The	main	traditional	applications	of	the	arc	spray	process	are	anticorrosion	coatings	of	zinc	and	aluminum.	Plasmas	and	Nanoparticles	In	the	section	above	on	spray	pyrolysis,	we	discovered	that	this	technique	can	be	used	for	either	film
formation	or	for	nanopowder	generation.	The	same	is	true	for	the	plasma	equipment	discussed	above.	Plasma	temperatures	are	in	the	order	of	10,000	K;	thus,	precursors	injected	in	those	plasmas	are	generally	decomposed	fully	into	atoms.	To	form	nanoparticles	from	these,	the	atoms	must	then	react	or	condense	to	form	small	solid	particulates	when
cooled	by	mixing	with	a	cool	gas	or	by	expansion	through	a	nozzle.	We	saw	an	example	of	that	in	the	ion	cluster	beam	technology	discussed	in	Chapter	7.	In	ion	cluster	beam	technology	the	cooling	occurs	when	the	vapor	exits	a	special	evaporation	cell.	As	shown	in	Figure	7.14,	the	heating	of	the	evaporant	in	an	evaporation	cell	with	a	small	opening
causes	an	adiabatic	expansion	of	more	than	100–10–5	or	10–7	mbar	on	exiting	that	cell.	The	expansion	causes	a	sudden	cooling,	inducing	the	formation	of	atom	clusters.	A	very	prominent	application	of	arc	deposition	is	that	of	fullerenes.	The	first	large-scale	synthesis	of	fullerenes	was	discovered	in	1989	by	Huffman	and	Kratschmer;	their	technique
consisted	of	the	arc	evaporation	of	graphite	electrodes	via	resistive	heating	within	an	atmosphere	of	approximately	100	atm	of	helium	(see	Volume	III,	Chapter	3).	Spark	discharge	deposition	was	also	the	very	technique	that	led	to	the	discovery	of	carbon	nanotubes	in	1991.	Carbon	nanotubes	were	found	in	the	carbon	soot	of	graphite	electrodes
during	arc	discharge	by	using	a	current	of	100	amps.	In	this	process,	the	negative	electrode	sublimates	because	of	the	high	temperatures	caused	by	the	discharge.	Because	nanotubes	were	initially	discovered	using	this	technique,	it	is	still	the	most	widely	used	method	for	nanotube	synthesis.	The	yield	for	this	method	is	up	to	30%	by	weight,	and	it
produces	both	single-	and	multiwalled	nanotubes	with	lengths	of	up	to	50	μm.	The	method	is	also	used,	for	example,	to	produce	fused	silica.	Silica	sand	is	first	vaporized	in	arc	plasma	at	atmospheric	pressure,	and	the	resulting	mixture	of	plasma	gas	and	silica	vapor	is	rapidly	cooled	by	quenching	with	oxygen,	thus	ensuring	the	quality	of	the	fumed
silica	produced.	586	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	In	an	RF	induction	plasma,	energy	coupling	to	the	plasma	is	accomplished	through	the	electromagnetic	field	generated	by	an	induction	coil.	The	plasma	gas	does	not	come	in	contact	with	electrodes,	thus	eliminating	possible	sources	of	contamination	and
allowing	the	operation	of	such	plasmas	with	a	wide	range	of	gases,	including	inert,	reducing,	oxidizing,	and	other	corrosive	atmospheres.	The	working	frequency	is	typically	between	200	kHz	and	40	MHz.	Because	the	residence	time	of	the	injected	feed	droplets	in	the	plasma	is	very	short,	it	is	important	that	the	droplet	sizes	are	small	enough	to	obtain
complete	evaporation.	The	RF	plasma	method	has	been	used	to	synthesize	different	nanoparticle	materials,	for	example,	various	ceramic	nanoparticles	such	as	oxides	and	nitrides	of	Ti	and	Si.	Laser	and	Electron	Beam	Deposition	Introduction	Laser	and	electron	beam	machining	are	thermal	techniques	that	are	used	as	either	subtractive	tools	in	laser
and	electron	beam	etching	(see	Chapter	5)	or	as	additive	tools	such	as	in	the	applications	covered	in	this	section,	i.e.,	laser-assisted	CVD	(LCVD),	SLS	(a	RP	technique),	and	electron-assisted	CVD	(ECVD).	Lasers	also	are	used	in	stereolithography	to	make	polymeric	microstructures;	this	additive	photochemical	technology	was	reviewed	in	Chapter	8
and	will	not	be	repeated	here.	Pulsed	laser	deposition	(Chapter	5)	is	also	not	covered	here;	although	it	uses	intense	laser	radiation	(thermal)	to	erode	a	target,	it	deposits	the	eroded	material	onto	the	adjacent	substrate	mechanically,	not	thermally.	Forming	Processes	with	Laser	Machining	Laser-Assisted	Chemical	Vapor	Deposition	Laser-assisted
chemical	vapor	deposition	(LCVD)	is	an	additive	technique	that	involves	the	deposition	of	solids	by	localized	chemical	reaction	using	a	laser	beam	(see	Figure	9.26).	The	method	has	been	used	for	growing	3D	microstructures	and	thin	films	in	elemental	or	compound	form,	and	at	least	17	elements	of	the	periodic	chart	have	been	deposited	(e.g.,	W,	Ni,
Ti).31	The	reactions	are	either	pyrolytic,	1-D	diffusion	path	3-D	diffusion	path	CVD	reaction	LCVD	reaction	FIGURE	9.26	Comparison	of	a	CVD	and	an	LCVD	reaction.	i.e.,	thermally	activated,	or	photolytic,	i.e.,	nonthermally	activated.	The	latter	method	fills	the	need	for	a	low-temperature	deposition	process.	Because	this	chapter	is	about	thermal
forming,	we	will	emphasize	the	former	types	of	reactions.	The	setup	shown	in	Figure	5.25	is	used	to	both	laser	etch	and	to	laser	deposit	materials.	Lasers	and	electron	and	ion	beams	add	another	important	capability	to	materials	processing,	namely,	the	ability	to	process	selected	materials	at	specific	sites	and	at	low	bulk	temperatures.	Of	the	different
techniques,	the	laser	is	the	more	versatile.	It	can	be	operated	in	air,	is	not	affected	by	surface	charging,	and	can	more	easily	be	incorporated	in	a	manufacturing	assembly	line.32	With	a	laser	source,	it	is	possible	to	write	a	pattern	on	a	surface	directly	by	scanning	the	microsized	light	beam	over	the	substrate	in	the	presence	of	the	suitable	reactive
gases.	The	species	to	be	deposited	is	usually	chemically	encapsulated	in	a	precursor	gas	with	carbonyls	or	alkyl	“backbones.”	Typical	laser-driven	deposition	reactions	are:	◾	Tungsten	deposited	by:	WF6	+	3H2	→	W	+	6HF	Reaction	9.1	◾	Nickel	deposited	by:	Ni(CO)4	→	Ni	+	4CO	Reaction	9.2	◾	Silicon	deposited	by:	SiH4	→	Si	+	2H2	Reaction	9.3
Doped	polysilicon	lines	with	conductivities	as	low	as	10	–2–10	–3	Ω-cm	may	be	obtained	by	adding	PH3	to	the	silane.	Typical	deposition	rates	are	in	the	order	of	micrometers	per	second.	By	optimizing	the	process,	very	high	deposition	rates	have	been	obtained	in	LCVD.	For	example,	in	the	case	Thermal	Energy-Based	Forming	Techniques—
Thermoforming	587	positioning	system.33	Microscale	Si	and	boron	rods	and	helical	structures,	freestanding	tungsten	coils,	and	a	tungsten	helix	on	a	cylindrical	silicon	substrate	(for	a	microsolenoid)	have	been	demonstrated	this	way.	For	deposition	of	the	tungsten	helix	on	the	Si	rod,	a	rotating	goniometer	is	used.	Table	9.2	lists	examples	of	localized,
electroless,	and	maskless	laser	depositions.	Besides	2D	and	3D	writing	patterns,	there	are	two	other	site-specific	actions	that	are	possible	by	the	laser	irradiation	technique:	1)	the	driving	of	dopants	into	semiconductor	materials,	and	2)	the	inducing	of	oxidation	at	a	surface.	Examples	of	the	latter	two	laser	machining	applications	are	listed	in	Table	9.2
as	well.	Selective	Laser	Sintering	FIGURE	9.27	Examples	of	LCVD	microfabricated	shapes	made	by	adjusting	the	focal	point	of	a	laser	(tungsten	helix)	(a)	and	rotating	goniometer	(Si	microsolenoid	with	tungsten	helix)	(b).	[From	Boman,	M.,	H.	Westberg,	S.	Johansson,	and	J.-Å.	Schweitz.	1992.	Proceedings:	IEEE	micro	electro	mechanical	systems
(MEMS	’92).	Travemunde,	Germany:	IEEE.	With	permission.	33]	of	silicon,	deposition	rates	of	500	μm/s	have	been	reported	by	using	100%	SiH4	at	1	atm,	and	the	writing	speed	of	tungsten	on	silicon	substrates	can	exceed	several	centimeters	per	second.33	Not	only	“flat”	lines	but	also	more	complex	3D	structures	such	as	fibers	and	springs	can	be
grown	by	LCVD	(Figure	9.27).	This	is	accomplished	by	adjusting	the	focal	point	of	the	laser	continuously	by	moving	the	substrate	using	a	3D	linear	micro-	Selective	laser	sintering	(SLS®,	registered	trademark	by	DTM™	of	Austin,	TX)	is	a	process	that	was	patented	in	1989	by	Carl	Deckard,	a	University	of	Texas	graduate	student.	SLS	is	an	additive
layered	rapid	manufacturing	method	that	creates	solid,	3D	objects	by	using	a	high-power	laser	(for	example,	a	carbon	dioxide	laser)	to	fuse	small	particles	of	plastic,	metal,	or	ceramic	powders	into	a	mass	representing	a	desired	3D	object.	A	thin	layer	of	powder	material	is	laid	down,	and	the	laser	“draws”	on	the	layer,	sintering	together	the	particles
hit	by	the	laser.	The	layer	is	then	lowered	a	small	amount,	and	a	new	layer	of	powder	is	placed	on	top.	This	process	is	repeated	one	layer	at	a	time	until	the	part	is	complete.	As	shown	TABLE	9.2	Examples	of	Localized	Laser	Deposition,	Doping,	and	Oxidation	Material	Deposition	Deposit	Ti	Ti/Al	Cr	Laser-induced	doping	Dopant/substrate	or	film	B	in	Si
P	in	polysilicon	As	in	Si	Laser	oxidation	of	substrates	Substrate	Ti	Zr	Precursor	TiCl4	TiCl4,	Al(CH3)3	Cr(CO)6	Laser	Ar+	Ar+	Ar+	Precursor	Evaporated	B	P-doped	glass	AsH3	Laser	Ruby	N2	dye	XeCl	Oxide	species	TiO2	ZrO2	Laser	Nd:YAG	CO2	588	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	Conclusions	FIGURE	9.28
Selective	laser	sintering.	in	Figure	9.28,	an	SLS	machine	consists	of	two	powder	magazines	on	either	side	of	the	work	area.	A	leveling	roller	moves	powder	over	from	one	magazine,	crossing	over	the	work	area	to	the	other	magazine.	The	laser	selectively	fuses	powdered	material	by	scanning	cross-sections	generated	from	a	3D	digital	description	of	the
part	(for	example,	from	a	CAD	file	or	scan	data)	on	the	surface	of	a	powder	bed.	After	each	cross-section	is	scanned,	the	powder	bed	is	lowered	by	one	layer	thickness;	a	new	layer	of	material	is	applied	on	top;	and	the	process	is	repeated	until	the	part	is	completed.	The	chief	advantage	of	SLS	over	other	RP	methods	such	as	stereolithography	(SLA)
revolves	around	material	properties.	Many	materials	are	possible,	and	these	materials	can	approximate	the	properties	of	ther	moplastics	such	as	polycarbonate,	nylon,	or	glass-filled	nylon.	A	new	RP	method	combines	additive	and	subtractive	techniques.	The	laser	sintering/milling	hybrid	machine,	the	LUMEX	25C,	developed	by	Matsuura	Machinery
Corporation,	successfully	combines	freeform	manufacturing	and	high-speed	milling	(see	inset	in	the	heading	of	this	chapter).	This	is	the	world’s	first	“metal	laser	modeling	hybrid	machining	unit.”	The	integration	of	laser	sintering	of	metallic	powder	and	high-speed	cutting	eliminates	the	finish	machining	operations.	It	layers	a	powder	mixture	(90%
steel	and	10%	copper)	over	the	part	and	then	sinters	it	with	a	300-W	(500	W	maximum)	CO2	laser.	The	edges	of	the	part	are	milled	after	sintering	five	layers,	with	tolerances	in	the	25-μm	range.	For	the	generated	part,	a	surface	roughness	of	15	μm	can	be	obtained.	Additive	laser	machining	presents	several	application	opportunities	in
micromachining	because	of	its	versatility,	site-specific	operation,	and	RP	capability.	Ultrafast	laser	machining,	when	lasers	become	less	expensive,	will	make	laser	micromachining	yet	more	attractive.	There	are	some	obvious	drawbacks	with	these	direct	write	techniques;	they	are	serial	processes,	and	the	deposition	rate	limits	the	speed	of	the
micromanufacture.	However,	for	RP,	mold	fabrication,	and	site-specific	manufacturing,	laser	machining	has	a	very	bright	future,	and,	as	we	have	remarked	before,	some	microsystems	might	carry	a	bigger	price	tag	than	an	IC,	making	more	expensive	manufacturing	technology	acceptable.	Electron	Beam	Forming	Processes:	Electron	Beam-Assisted
CVD	Electron	beam-induced	metal	deposition	is	a	slow	but	flexible	and	versatile	process	for	the	fabrication	of	microstructures	with	high	lateral	accuracies.	For	example,	using	a	precursor	gas	at	a	pressure	of	2	×	10	–2	mbar,	W/C	needles	0.2	μm	in	diameter	have	been	deposited.	The	diameter	of	the	needles	is	bigger	than	the	electron	beam	diameter,
which	is	less	than	100	nm,	because	of	electron	scattering.	To	increase	the	growth	rate,	directing	the	precursor	gas	through	a	small	nozzle	onto	the	surface	increases	the	local	gas	flow.	The	total	gas	flow	needs	to	be	kept	below	a	maximum	value	to	maintain	the	base	pressure	less	than	10	–5	mbar.	For	the	deposition	of	other	metals,	numerous	gases
have	been	reported	in	the	literature	as	precursors	(mainly,	for	ion	beaminduced	deposition):	Al(CH	3)3	for	Al,	C7H7O2F6Au	for	Au,	and	(methylcyclopentadienyl)trimethyl	platinum	for	Pt.34	A	schematic	of	an	electron	beam	fabrication	setup	is	shown	in	Figure	9.29,	along	with	an	SEM	photograph	of	W/C	needles	produced	in	this	type	of	setup.34	The
deposition	time	of	the	needles	shown	was	1–2	min.	Using	the	same	type	of	technology,	Matsui35,36	demonstrated	tips	with	a	diameter	of	15	nm	for	use	in	a	tunneling	microscope.	Thermal	Energy-Based	Forming	Techniques—Thermoforming	589	FIGURE	9.29	Electron	beam	machining	setup	(a)	and	example	of	an	electron	beam-formed	W/C
microstructure	(b).	[From	Brunger,	W.	H.,	and	K.	T.	Kohlmann.	1992.	Proceedings:	IEEE	micro	electro	mechanical	systems	(MEMS	’92).	Travemunde,	Germany:	IEEE.	With	permission.	34]	9.5:	For	processes	such	as	controlled	submicrometer	repair	of	masks,	focused	ion	beam-induced	deposition	appears	to	be	the	preferred	technique,	although	both
lasers37,38	and	electron	beams39	have	been	used	as	well.	9.6:	Questions	9.7:	Questions	by	Dr.	Madou	assisted	by	Mr.	Omid	Rohani,	UC	Irvine	9.8:	9.1:	Explain	how	salt-assisted	spray	pyrolysis	(SASP)	overcomes	some	of	the	limitations	of	traditional	spray	pyrolysis.	9.2:	Explain	the	flame	spray	pyrolysis	process.	What	are	the	advantages	and
disadvantages	of	using	this	method?	9.3:	What	are	typical	applications	of	thick	film	technology?	9.4:	Suppose	that	you	want	to	form	a	thin	flat	ceramic	part	with	a	large	surface	area	and	various	holes	and	shapes	cut	into	it.	Which	manufacturing	method	do	you	suggest	for	this	purpose?	Why?	9.9:	9.10:	9.11:	9.12:	9.13:	9.14:	Sketch	a	multilayer	ceramic
planar	oxygen	sensor.	Explain	how	this	sensor	works.	What	might	the	possible	advantages	be	of	plasma	depositing	(plasma	spraying)	sensor	materials	in	the	manufacture	of	chemical	sensors?	Explain	the	plasma	spray	deposition	manufacturing	process	briefly.	How	do	we	get	nanoparticles	from	plasma	atoms?	Explain	the	selective	laser	sintering	(SLS)
process.	How	do	you	convert	your	chemical	vapor	deposition	(CVD)	reactor	into	a	reactor	that	produces	nanoparticles?	Why	does	one	need	a	pseudoplastic	material	to	function	as	an	ink	in	silk	screening?	What	is	a	doctor’s	blade,	and	where	is	it	used?	Compare	laser-assisted	CVD	(LCVD)	with	E-beam	assisted	CVD	(ECVD).	Name	some	of	the
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scene	from	the	movie:	Outline	Mr.	McGuire:	Introduction	LIGA	and	LIGA-Like	Process	Steps	Ben:	Mr.	McGuire:	Ben:	Mr.	McGuire:	Ben:	Mr.	McGuire:	Comparison	of	Master	Micromold	Fabrication	Methods	Ben:	Plastic	Molding	LIGA—Background	Come	with	me	for	a	minute.	I	want	to	talk	to	you.	I	just	want	to	say	one	word	to	you.	Just	one	word.	Yes,
sir.	Are	you	listening?	Yes	sir,	I	am.	PLASTICS.	Exactly	how	do	you	mean?	There	is	a	great	future	in	plastics.	Think	about	it.	Will	you	think	about	it?	Yes	I	will.	Alternative	Molding	Materials	in	LIGA	and	Pseudo-LIGA	Examples	Introduction	Questions	A	wide	variety	of	micro-	and	nanofabrication	techniques	such	as	x-ray	lithography	(Chapter	2),
computer	numerical	control	(CNC)	machining	(Chapter	6),	laser	machining	(Chapter	5),	and	many	others	are	either	too	slow	or	too	expensive	for	the	mass	production	of	inexpensive	devices.	This	is	where	micromolding/replication	technology	comes	into	play	because	of	its	capacity	for	very	large	volume	and	inexpensive	manufacture.1	A	key	example
involving	micromolding	is	LIGA,	which,	we	learned	in	Chapter	2,	is	the	German	acronym	for	x-ray	lithography	(x-ray	lithographie),	electrodeposition	(galvanoformung),	and	molding	(abformtechnik).	The	process	involves	a	thick	layer	of	x-ray	resist	(from	micrometers	to	centimeters),	high-energy	x-ray	radiation	exposure,	and	development	to	References
591	592	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	arrive	at	a	three-dimensional	(3D)	resist	structure.	Subsequent	metal	deposition	fills	the	resist	mold	with	a	metal,	and,	after	resist	removal,	a	freestanding	metal	structure	results.2	The	metal	shape	may	be	a	final	product	or	serve	as	a	mold	insert	for	precision	plastic
molding.	Molded	plastic	parts	may	in	turn	be	final	products	or	lost	molds	(see	Figure	2.9).	The	plastic	mold	retains	the	same	shape,	size,	and	form	as	the	original	resist	structure	but	is	produced	quickly	and	inexpensively	as	part	of	an	infinite	loop.	The	plastic	lost	mold	may	generate	metal	parts	in	a	second	electroforming	process	or	generate	ceramic
parts	in	a	slip	casting	process.	The	bandwidth	of	possible	sizes	in	all	three	dimensions	renders	LIGA	useful	for	manufacture	of	microstructures	(micrometer	and	submicrometer	dimensions)	and	packages	for	these	microstructures	(millimeter	and	centimeter	dimensions),	and	even	for	the	connectors	from	those	packages	to	the	“macro	world”	(e.g.,
electrical,	through-vias	or	physical	and	gas,	in-	and	outlets).	Once	LIGA	was	established	in	the	research	community,	interest	in	other	micro-	and	nanomolding/replication	methods	became	more	pronounced.	Given	the	cost	of	the	LIGA	equipment,	various	LIGA-like	(pseudo-LIGA)	processes	took	center	stage.	These	pseudo-LIGA	methods	involve
micromolding/replication	of	masters	created	by	alternate	means	such	as	deep	reactive	ion	etching	(DRIE)	and	novel	deep	ultraviolet	(UV)	thick	photoresists	(e.g.,	SU-8).	This	more	generalized	lithography	and	replication	procedure	is	illustrated	in	Figure	10.1.	Micro-	and	nanofabrication	of	molds	is	reshaping	manufacturing	approaches	for	a	wide
variety	of	mass-produced	small	parts.	Frequently,	integrated	circuit	(IC)-based	batch	microfabrication	methods	are	considered	together	with	more	traditional,	serial	machining	methods.	In	this	evolution,	LIGA	and	pseudo-LIGA	processes	constitute	“handshaketechnologies,”	bridging	IC	and	classical	manufacturing	technologies.	The	capacity	of	LIGA
and	pseudo-LIGA	for	creating	a	wide	variety	of	shapes	from	different	materials	makes	these	methods	akin	to	classical	machining	with	the	added	benefit	of	unprecedented	aspect	ratios	and	absolute	tolerances	rendered	possible	by	lithography	or	other	high-precision	mold	fabrication	techniques.	LIGA	and	LIGA-like	processes	can	be	used	directly	to
fabricate	prototype	microdevices,	but,	for	commercial-scale	manufacture	of	microdevices,	replication	by	molding	from	a	LIGA	or	LIGA-like	mold	is	required.	If	the	feature	sizes	are	larger	than	Idea	Master	fabrication	Electroplate	micromolds	Plastics	replication	Bonding	Design	CAD	Photomask	Silicon	bulk	micromachining	-	Deep	reactive	ion	etching	-
Wet	etching	Seed	layer	-	CVD/PVD	metal	Injection	molding	Hot	embossing	Plastics	casting	With	adhesives	With	solvents	With	heat/pressure	Photodefinable	glass	Mechanical	micromachining	-	Micro	-	EDM	-	Excimer	laser	-	CNC	machining	Lithography	-	Deep	UV	-	X-ray	exposure	(LIGA)	Electroplating	-	Over	Si	-	Over	glass	-	Over	thick	resists	-	Over
bulk	metal	E-beam	machining	Deposition	of	electrical	layer	Casting	Ion-beam	machining	Electroplating	Silicon	bulk	micromachining	Backside	planarizaon	Pressure	hot	embossing	Heat	Heat	Mechanical	micromachining	Lithography	FIGURE	10.1	Process	flow	for	plastic	microfabrication.	Separation	mold	insert	from	master	Pressure	Injection	molding
Micromolding	Techniques—LIGA	50	μm	and	several	levels	of	feature	depths	are	involved,	even	CNC	machining	may	be	used	to	manufacture	a	prototype	device.	For	example,	in	Figure	10.2,	we	show	a	CNC-machined	plastic	(polycarbonate)	fluidic	compact	disc	(CD)	platform	prototype.	Compared	with	LIGA	or	LIGA-like	processes,	CNC	machining	does
not	provide	as	good	a	surface	finish	or	dimensional	control	(see	Chapter	6).	However,	it	does	not	have	any	material	limitation;	various	metals	and	plastics	can	be	used.	For	feature	sizes	smaller	than	50	μm	(but	larger	than	several	micrometers),	ultraprecision	milling	or	laser	ablation	can	be	used.	These	prototype	processes,	just	like	LIGA	and	LIGA-like
processes,	are	all	intensive,	slow,	and	costly,	and	for	these	microfabrication	techniques	to	become	economically	viable,	microstructures	must	be	able	to	be	replicated/micromolded	successively,	in	an	“infinite	loop,”	without	remaking	the	master	mold.	For	example,	in	the	plastic	molding	process,	a	metal	structure	produced	by	metal	deposition	serves	as
a	mold	insert	and	is	used	over	and	over	without	remaking	the	metal	master.	For	mass-produced	plastic	devices,	one	of	the	following	molding	techniques	is	suitable:	liquid	resin	molding,	thermoplastic	injection	molding	(IM),	and	compression	(embossing/imprinting)	molding.	Our	results	of	IM	of	a	plastic	fluidic	platform,	as	shown	in	Figure	10.2,	from	a
micromachined	mold	using	pseudo-LIGA	is	shown	in	Figure	10.6.	In	this	chapter,	we	first	review	the	most	popular	industrially	available	polymer	molding	techniques,	and	then,	as	examples	that	push	the	technology	to	its	extremes,	we	detail	LIGA	and	LIGA-like	processes.	593	The	miniature	features	and	the	high-aspect	ratios	of	the	mold	inserts
generated	from	LIGA	and	LIGAlike	methods	present	new	problems	compared	with	the	molding	and	demolding	processes	of	macrocomponents	and	compared	with	the	production	of	small	but	low-aspect-ratio	products	such	as	CDs.	A	variety	of	the	special	processes	developed	to	accommodate	these	new	needs	are	reviewed.	We	start	with	a	historical
introduction	to	LIGA	and	analyze	the	process	steps.	The	different	applications	and	technical	characteristics	of	x-rays	from	a	synchrotron	are	discussed,	and	then	we	present	an	introduction	to	the	crucial	issues	involved	in	making	x-ray	masks	and	their	alignment	for	LIGA.	This	is	followed	by	a	treatise	on	LIGA	substrate	choice,	resist	requirements,
exposure,	development,	electroplating,	and	finally	molding.	The	electroplating	and	molding	sections	apply	to	LIGA	and	pseudo-LIGA	approaches.	The	section	on	LIGA	is	followed	by	a	review	of	competing	mold	fabrication	techniques	and	a	short	treatise	on	ceramic	molding.	Micromolding	with	an	elastomeric	mold	(e.g.,	polydimethylsiloxane),	or	soft
lithography,	was	reviewed	in	Chapter	2,	where	we	stressed	its	low	cost	and	convenience	in	research.	Compared	with	other	micromolding	techniques	reviewed	in	the	current	chapter,	soft	lithography	is	especially	useful	for	thin	microstructure	fabrication.	Bonding	of	plastic	molded	microparts,	including	plastic	welding,	organic	solvent	bonding,	and
bonding	with	thermoset	adhesives,	is	covered	in	Volume	III,	Chapter	4	in	its	discussion	of	packaging	techniques.	Plastic	Molding	Liquid	Resin	Molding	Techniques	Introduction	FIGURE	10.2	CNC-machined	plastic	lab	CD	platform:	prototype	cell	disrupter	disk,	made	from	machined	plastic	disks	and	cut	transfer	adhesive	films.	(UCI	and	RotaPrep,	Drs.
Madou	and	Kido.)	Because	mold	inserts	made	by	photolithography	techniques	are	typically	limited	to	rather	soft	metals	like	nickel	or	brittle	materials	such	as	silicon	and	glass,	micromolding	based	on	low-viscosity	liquid	resins	(instead	of	high-viscosity	polymer	melts)	is	a	very	attractive	approach.	During	liquid	resin	molding,	the	low-viscosity	reactive
polymer	components	are	mixed	shortly	before	injection	into	the	mold	594	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	cavity,	and	polymerization	takes	place	during	the	molding	process.	Under	liquid	resin	molding	techniques,	we	distinguish	between	reaction	IM	(RIM)	and	transfer	molding.	Reaction	Injection	Molding	and
Transfer	Molding	Two	typical	setups	for	RIM	and	transfer	molding	are	shown	in	Figure	10.3a	and	b,	respectively.3	In	the	RIM	setup	shown	in	Figure	10.3a,	two	or	more	highly	reactive	liquid	resins	impinge	and	mix	inside	a	mixer	and	are	injected	into	the	mold.	In	RIM,	the	polymerization	is	usually	mixing	activated;	therefore,	it	can	quickly	react	at
room	temperature	or	slightly	above	and	convert	from	liquid	to	solid.	The	transfer	molding	setup	in	Figure	10.3b,	for	a	thermally	activated	system,	is	simpler	and	less	expensive.	Here,	the	reactive	species	have	been	premixed	at	room	temperature,	and	the	mixture	is	poured	into	the	“transfer	pot.”	A	plunger	squeezes	the	mixture	through	the	sprue	into
the	mold	cavity.	To	cure	the	mixture,	the	mold	is	heated	or	radiated,	depending	on	the	resin	system.	With	the	lowest	viscosity	resins,	vacuumassisted	transfer	molding	is	used,	which	is	even	less	expensive	than	mechanical	transfer	molding.	Two	complications	associated	with	RIM	are	1)	an	internal	mold	release	agent	must	be	used	and	2)	polymer
shrinkage	during	polymerization.	Release	agents	are	added	to	the	bulk	polymer	and	tend	to	reduce	the	thermomechanical	properties	of	the	molded	polymer.	External	mold	release	agents,	coating	the	surfaces	of	the	mold	insert,	are	unsuitable	because	they	are	difficult	to	introduce	into	all	the	microfeatures	of	the	mold	insert.	Because	the	resin	must	be
fully	cured	at	high	temperatures,	the	cycle	time	is	typically	more	than	10	min.	Hanemann	et	al.4	developed	a	photoinitiated	RIM	process	by	using	the	methylmethacrylate	(MMA)	resin.	They	found	that	the	cycle	time	can	be	greatly	reduced	(to	2–3	min),	but	other	disadvantages,	such	as	internal	mold	release	agent	and	polymerization	shrinkage,	still
exist.	Summary:	Pros	and	Cons	of	Liquid	Resin	Molding	The	pros	and	cons	of	RIM	are	summarized	in	Table	10.1.	Typical	materials	are	optically	clear	reactive	liquid	resins,	e.g.,	epoxies,	urethanes,	silicone	rubbers,	cross-linkable	acrylics,	and	hydrogels.	Injection	Molding	Introduction	Injection	molding	(IM)	is	based	on	heating	a	thermoplastic	material
until	it	melts,	thermostatting	the	mold	parts,	injecting	the	melt	with	a	controlled	injection	pressure	into	the	mold	cavity,	and	cooling	the	manufactured	goods.	IM	is	probably	the	most	widely	used	technique	in	macroscopic	production	of	polymer	parts.	Besides	conventional	IM,	one	variant	of	IM—a	good	candidate	for	microfabrication—is	FIGURE	10.3
Two	typical	setups	for	RIM	(a)	and	transfer	molding	or	TM	(b).	Micromolding	Techniques—LIGA	TABLE	10.1	Pros	and	Cons	of	Liquid	Resin	Molding	Pros	Cons				595			Ease	of	mold	filling	(low	η)	Long	cycle	time	(minutes,	sometimes	even	hours)	Low	stress	on	master	(low	η)	Polymerization	shrinkage	High	chemical	and	thermal	Contamination	(resin
resistance	(because	of	the	residue	if	the	reaction	is	cross-linking)	not	100%)	Replication	extremely	good	Production	cost	medium	for	small,	high-aspect	ratio,	to	high	and	3D	features	detailed	here3:	thin-wall	IM.	A	typical	injection	compression	molding	setup	is	shown	in	Figure	10.4.	The	mold	insert	in	IM,	as	in	RIM,	must	have	extremely	smooth	walls
to	be	able	to	demold	the	plastic	structures.	Such	smooth	walls	cannot	be	produced	with	a	classical	mold-making	technique	such	as	spark	erosion.	For	some	polymers,	such	as	polymethylmethacrylate	(PMMA),	the	polymer	pellets	need	to	be	dried	for	4–6	h	at	70°C	before	use	in	IM	because	PMMA	absorbs	water	in	air	(up	to	0.3%),	leading	to	poorer	wall
quality.	Conventional	Injection	Molding	In	conventional	IM	of	microparts,	the	mold	remains	closed,	and	the	walls	are	kept	at	a	uniform	temperature	above	the	glass	transition	temperature	(Tg)	of	the	polymer;	thus,	the	injected	molten	plastic	mass	does	not	harden	prematurely.	To	be	able	to	fill	very	small	mold	features	with	aspect	ratios	higher	than
10,	the	temperature	of	the	tool	holding	the	insertion	mold	should	be	higher	than	what	is	typically	used	in	IM	applications	of	parts	with	lower	aspect	ratios.	However,	one	should	stay	well	below	the	melting	temperature	(e.g.,	170°C	for	PMMA	with	a	melting	temperature	of	240°C)	because	the	microstructure	might	show	temperature-induced	defects	if
one	works	at	a	temperature	closer	to	the	melting	temperature.5	FIGURE	10.4	Typical	injection	molding	setup.									FIGURE	10.5	Schematics	of	solid	skin	buildup	in	conventional	and	thin-wall	injection	molding.	(OSU,	Drs.	Madou	and	Lee.)	One	of	the	most	important	factors	for	replication	fidelity	in	IM	is	the	thickness	of	the	skin,	which	forms	on	the
mold	surface	during	filling	of	the	cavity	(see	Figure	10.5).3	The	injection	pressure	must	penetrate	this	skin	to	replicate	the	shape	of	the	master	accurately.	The	faster	the	injection,	the	thinner	this	skin	on	the	insert	mold	surfaces.	The	upper	shapes	of	the	master	forming	the	bottom	of	the	parts	are	usually	perfectly	formed.	It	is	the	bottom	of	the	master
and	especially	inner	corners	that	cause	problems.	Because	in	conventional	IM	the	mold	is	kept	closed	during	the	entire	mold-filling	process,	high	clamping	forces	on	the	mold	parts	are	required,	and	the	method	is	used	for	relatively	thick	substrates	with	high	replication	demands	and	low	cost.	Parts	made	this	way	often	end	up	having	high	molded-in
stresses.	Conventional	thermoplastic	IM	is	the	technique	used,	for	example,	to	make	compact	discs	(CDs),	involving	features	about	0.1	μm	in	depth	and	minimum	lateral	dimensions	of	0.6	μm;	that	is,	an	aspect	ratio	of	0.16.	CDs	are	made	by	IM	of	polycarbonate	in	a	cavity	formed	between	a	mirror	surface	block	and	a	stamper	(i.e.,	mold	or	master).
Conventionally,	electroforming	from	a	glass	master	generates	nickel	stampers.	The	principal	attributes	required	of	a	stamper	substrate	are	toughness,	thermal	shock	resistance,	thermal	conductivity,	and	hardness.	For	IM	in	particular,	toughness,	thermal	shock	resistance,	and	thermal	conductivity	are	critical.	Thermal	shock	resistance	is	the	product
of	a	material’s	modulus	of	rupture	or	tensile	strength	and	its	thermal	conductivity,	divided	by	the	product	of	its	coefficient	of	thermal	expansion	and	its	modulus	of	elasticity.	In	Table	10.2,	we	compare	some	materials	for	their	merit	as	stamper	substrates.	Ion	machining	is	one	of	the	methods	that	can	be	used	to	make	mold	596	Manufacturing
Techniques	for	Microfabrication	and	Nanotechnology	TABLE	10.2	Materials	Selection	for	Stamper/Insert	Mold	Substrates	Substrate	Knoop	Hardness	(kg/mm2)	Fracture	Toughness	(MPa	m1/2)	Thermal	Shock	Resistance	(W/m)	100	2,100	2,500	500	450	∼100	4	3	2	1.3	7,138	3,225	19,149	135,517	546	Nickel	Al2O3	SiC	Glassy	carbon	Corning	9647
(glass)	Thermal	Conductivity	(W/m	K)	80	30	90	120	2.5	Ion	Machinability	(Surface	Quality)	Poor	Very	good	Excellent	Excellent	Excellent	Source:	Bifano,	T.	G.,	H.	E.	Fawcett,	and	P.	A.	Bierden.	1997.	Precision	manufacture	of	optical	disc	master	stampers.	Precision	Eng	20:	53–62.6	inserts	(see	Figure	10.1	under	Master	fabrication),	and	surface	quality
after	ion	etching	is	also	listed	(ion	machinability).	Nickel	CD	stampers	are	normally	138	mm	in	diameter	and	0.3	mm	thick	with	an	average	roughness	less	than	10	nm.	For	ceramic	stampers,	a	thickness	of	0.9	mm	is	chosen	to	avoid	fracture	in	IM.	Typical	conditions	for	IM	are	summarized	in	Table	10.3.	IM	of	parts	with	small	features	and	low-aspect
ratios	(e.g.,	CDs)	have	been	widely	applied.	The	main	challenge	in	microelectromechanical	system	(MEMS)	and	nanoelectromechanical	system	(NEMS)	replication	attempts	is	to	extend	this	technique	to	the	fabrication	of	components	with	the	same	small	feature	size	but	much	larger	aspect	ratios,	as	needed	in	many	medical	and	biochemical
applications	(see	later	discussions	of	LIGA	and	pseudo-LIGA).	have	used	a	Sumitomo	200-ton	high-pressure	and	high-speed	machine.7	Only	at	injection	speeds	of	50	mm/s	or	higher	does	the	quality	of	the	replication	become	adequate.	A	birefringence	technique	was	used	to	qualitatively	examine	the	stress	in	the	polymer	parts	as	demonstrated	in
Figure	10.7.	Samples	showing	sharp	color	contrast	have	large	molded-in	stresses.	At	the	lower	flow	rates	the	residual	stress	is	higher	because,	during	the	flow,	the	polymer	has	been	stretched	and	solidified,	meaning	that	there	is	a	lot	of	flow-induced	stress.	Increasing	the	flow	Thin-Wall	Injection	Molding	Thin-wall	IM	is	basically	high-speed	IM.3,7
Speeds	can	be	10	times	faster	than	in	conventional	IM,	reducing	the	thickness	of	the	polymer	skin	on	the	mold	(see	Figure	10.5).	The	polymer	melt	can	quickly	be	injected	into	the	mold	to	fill	all	the	detail	structure	of	the	cavity	before	solidification	occurs.	In	our	own	thin-wall	IM	experiments	for	replication	of	BioMEMS	devices,	such	as	the	fluidic	CD
(about	1	mm	thick)3,8	shown	in	Figure	10.6,	we	TABLE	10.3	Typical	Conditions	for	Injection	Molding	Mold	temperature	Polycarbonate	temperature	Clamping	force	Injection	time	Cooling	time	85°C	330°C	60	tons	1s	2s	FIGURE	10.6	Microfluidic	CD	devices	made	at	different	injection	rates	(OQPC).	(From	Lee,	L.	J.,	C.-H.	Shih,	Y.-J.	Juang,	J.	Garcia,	M.
J.	Madou,	and	K.	W.	Koelling.	1999.	Novel	microfabrication	options	for	BioMEMS	conference.	San	Francisco:	The	Knowledge	Foundation;3	and	Madou,	M.	J.,	Y.	Lu,	S.	Lai,	Y.-J.	Juang,	L.	J.	Lee,	and	S.	Daunert.	2000.	Proceedings	of	the	IEEE:	solid-state	sensor	and	actuator	workshop.	Hilton	Head	Island,	SC.8)	Micromolding	Techniques—LIGA	597
FIGURE	10.7	Birefringence	of	microfluidic	devices	made	at	different	injection	rates.	(From	Madou,	M.	J.,	Y.	Lu,	S.	Lai,	Y.-J.	Juang,	L.	J.	Lee,	and	S.	Daunert.	2000.	Proceedings	of	the	IEEE:	solid-state	sensor	and	actuator	workshop.	Hilton	Head	Island,	SC;8	and	Lee,	L.	J.,	C.-H.	Shih,	Y.-J.	Juang,	J.	Garcia,	M.	J.	Madou,	and	K.	W.	Koelling.	1999.	Novel
microfabrication	options	for	BioMEMS	conference.	San	Francisco:	The	Knowledge	Foundation.	3)	rate	decreases	the	amount	of	residual	stress	because	the	polymer	can	quickly	fill	in	the	mold	and	relax	before	solidification	occurs.	Nevertheless,	there	is	some	remaining	stress	that	may	cause	warpage	or	less	chemical	resistance.	By	comparison,	in
casting	there	is	essentially	no	flow:	it	is	stress	free.	A	comparison	of	sample	birefringence	from	different	replication	methods	is	given	in	Figure	10.8.3	One	observes	that	reactive	casting	with	an	epoxy	resin	causes	the	least	amount	of	residual	stress	(least	sharp	color	contrasts).	Another	example	of	thin-walled	structures	made	with	thin-wall	IM	is
shown	in	Figure	10.9.	High	injection	speed	is	needed	to	completely	fill	the	mold	cavities	for	a	thin-wall	relay	case	(0.45	mm	thick,	flow	length	is	50.4	mm).	Injection	Molding	Equipment	For	manufacturing	MEMS	structures,	conventional	IM	machines	used	for	CD	fabrication	are	expanded	with	special	features	for	the	molding	of	microsized	parts	or
parts	with	high-aspect	ratio.	The	IM	machine	periphery	then	includes	a	vacuum	unit	for	the	evacuation	of	the	split	mold	cavity	and	a	precise	temperature	control	unit.	It	is	desirable	to	use	one	temperature	control	cycle	on	each	surface	of	the	split	mold	(see	Figure	10.4).	The	flow	temperatures	are	adapted	to	the	respective	half	of	the	tool	or	to	the
molding	and	demolding	process	cycle	to	achieve	a	relatively	short	overall	cycle	time	and	a	homogeneous	tool	temperature.	To	keep	the	cycle	time	as	short	as	possible,	the	thermal	mass	of	the	tool	sections	to	be	heated	is	minimized	and	FIGURE	10.8	Comparison	of	birefringence	patterns	of	microfluidic	platforms	made	by	different	replication	methods.
(From	Lee,	L.	J.,	C.-H.	Shih,	Y.-J.	Juang,	J.	Garcia,	M.	J.	Madou,	and	K.	W.	Koelling.	1999.	Novel	microfabrication	options	for	BioMEMS	conference.	San	Francisco:	The	Knowledge	Foundation.	3)	598	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	10.9	Relay	case	made	by	thin-wall	injection	molding	at	different	injection
rates	(Nissei).	(Courtesy	Dr.	Jim	Lee,	OSU.)	thermally	insulated	from	the	adjacent	assemblies.	The	guiding	mechanisms	of	the	tool	halves	and	the	ejector	system	may	not	be	fitted	too	loosely	because	small	transverse	movements	might	damage	the	microstructures	during	demolding.	The	machines	and	tools	to	be	evacuated	have	to	comply	with



tolerances	in	the	micrometer	range.9	Demolding	of	the	microstructures	takes	place	by	means	of	ejector	pins,	which	are	located	on	the	sole	of	the	mold	tool,	the	guiding	mechanism,	or	directly	at	extremities	of	the	microstructure.9	Under	laboratory	conditions,	the	microstructures	are	removed	manually.	In	small	series	production,	a	handling	robot	is
used.	It	may	be	equipped	with	a	feed	picker.	In	addition,	the	machines	used	for	small	series	and	mass	production	are	provided	with	a	granulate	drying,	supply,	and	metering	system	such	that	fully	automatic	molding	in	personnel-free	shifts	is	possible.10	Commercial	IM	machines	designed	for	microsized	parts	or	parts	with	microsized	features	are
available	from	Battenfeld	(	),	Boy	Machines	(	machine.	htm),	Engel	(	),	Ferromatik	Milacron	(	),	Murray	(	.	murrayeng.com),	and	Nissei	(	.	com).	Figure	10.10	shows	a	photograph	of	Battenfeld’s	Microsystem	50.	Summary:	Pros	and	Cons	of	Injection	Molding	Pros	and	cons	of	IM	are	summarized	in	Table	10.4.	Example	materials	in	IM	include
polycarbonate	(PC),	polymethylmethacrylate	(PMMA),	polystyrene	(PS),	polyvinylchloride	(PVC),	polypropylene	(PP),	polyethylene	(PE),	and	polyacrylnitrilbutadienstyrol	(ABS).	Compression	Molding	(Also	Relief	Imprinting	or	Hot	Embossing)	Introduction	The	basic	principle	of	compression	molding	(also	hot	embossing	and	relief	imprinting)	is	that	a
polymer	substrate	is	first	heated	above	its	glass	transition	temperature,	Tg	(or	softening	temperature).	A	mold	(or	master)	is	then	pressed	against	the	substrate,	fully	transferring	the	pattern	onto	it	(embossing).	After	a	certain	time	of	contact	between	the	mold	and	the	substrate,	the	system	is	cooled	down	below	Tg	,	followed	by	separation	of	the	mold
and	the	substrate	(de-embossing).	Importantly,	the	hot	embossing	process	can	be	achieved	in	either	a	cyclic	process	or	a	continuous	process.	Compression	molding11,12	provides	several	advantages	compared	with	IM,	such	as	relatively	low	costs	for	embossing	tools,	simple	process,	and	high	replication	accuracy	for	small	features.	Micromolding
Techniques—LIGA	599	(a)	(b)	FIGURE	10.10	(a)	Detail	of	the	Battenfeld	Microsystem	50	IM	machine.	(b)	Examples	of	micromolded	components	with	microfeatures.	A	typical	setup	for	cyclic	and	continuous	embossing	is	shown	in	Figure	10.11a	and	Figure	10.11b,	respectively.3	In	a	cyclic	process	(Figure	10.11a),	a	metal	master	is	put	in	a	hydraulic
press,	and	applying	the	appropriate	force,	thus	replicating	the	structure	from	the	master	to	the	polymer,	stamps	a	heated	polymer	sheet.	This	constitutes	a	low-cost	method	for	making	prototypes.	For	mass	production,	a	continuous	process	is	preferred	(Figure	10.11b).	Here,	a	polymer	sheet	stretches	through	a	temperature	chamber,	and	several
masters,	mounted	on	a	conveyor	belt,	continuously	produce	parts.	The	process	also	may	incorporate	a	lamination	station	to	enclose	certain	features.	This	continuous-type	process	is	very	much	in	keeping	with	a	vision	for	continuous	manufacture	of	MEMS	and	NEMS	devices.	TABLE	10.4	Pros	and	Cons	of	Injection	Molding	Pros	Good	for	small
structures	with	low	aspect	ratio,	e.g.,	CD	and	DVD	Good	for	large,	high-aspect	ratio,	and	3D	features	Excellent	dimensional	control	Short	cycle	time	(as	low	as	10	s)	High	productivity	Closed	mold	process	enables	packing	pressure	application	Cons	Only	low-molecular-weight	polymers	(may	reduce	mechanical	and	thermal	strength)	More	expensive
equipment	Cyclic	process	only	High	stress	on	master	High	residual	stresses	on	molded	parts	600	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	10.11	Schematic	of	cyclic	(a)	and	continuous	(b)	embossing	processes.	(From	Lee,	L.	J.,	C.-H.	Shih,	Y.-J.	Juang,	J.	Garcia,	M.	J.	Madou,	and	K.	W.	Koelling.	1999.	Novel
microfabrication	options	for	BioMEMS	conference.	San	Francisco:	The	Knowledge	Foundation.3)	Hot	Embossing	As	seen	from	Figure	10.11a,	hot	embossing	takes	place	in	a	machine	frame	similar	to	that	of	a	press.	The	force	frame	delivers	the	embossing	force—on	the	order	of	5–20	tons.	An	upper	boss	holds	the	molding	tool,	and	the	lower	boss	holds
the	substrate.	Processing	parameters	include	thermal	cycle,	compression	force,	and	compression	speed.	The	temperature	difference	between	embossing	and	de-embossing	determines	the	thermal	cycle	time,	typically	from	25–40°C.	In	principle,	one	could,	after	hot	embossing,	cool	down	the	whole	device	to	room	temperature	before	de-embossing,	or,
at	the	other	extreme,	one	could	de-emboss	just	below	or	at	the	glass-transition	temperature.	A	compromise	is	needed;	the	quality	of	the	replication	may	not	be	good	if	one	tries	to	remove	the	master	when	the	polymer	is	still	soft,	whereas	cooling	all	the	way	down	to	room	temperature	takes	too	long.	A	small	temperature	cycle	leads	to	smaller	induced
thermal	stress.	Such	a	smaller	temperature	cycle	also	reduces	replication	errors	as	a	result	of	different	thermal	expansion	coefficients	of	tool	and	substrate.	By	actively	heating	and	cooling	the	upper	and	lower	bosses,	one	gets	cycle	times	of	about	5	min.	A	vacuum	for	hot	embossing	ensures	longer	lifetime	for	the	mold,	absorbs	any	water	released
during	the	embossing	process	from	the	polymer	material,	and	prevents	bubbles	from	entrapped	gases.	A	Jenoptik	hot	embossing	machine	is	shown	in	Figure	10.12.	Replication	of	micro-	and	nanosized	structures	has	been	successfully	achieved	using	hot	embossing.12–18	Adding	an	antiadhesive	film	to	reduce	the	interaction	between	the	mold	and	the
replica	during	embossing	FIGURE	10.12	JENOPTIK	HEX	04	hot	embossing	system	manufactured	by	Jenoptik	Mikrotechnik	GmbH	(http://	www.jenoptik.com).	Micromolding	Techniques—LIGA	TABLE	10.5	Pros	and	Cons	of	Compression	Molding	(Imprinting	or	Hot	Embossing)	Pros	Cons	Low	polymer	flow	More	difficult	for	structures	with	high-aspect
ratio	(near	Tg	processing)	High-molecular-weight	polymers	(with	better	mechanical	and	thermal	properties)	Simple	process	Continuous	or	cyclic	(see	Figure	10.7)	Good	for	small	structures	Less	dimensional	control	(open	mold	process)	Planar	features	only	High	residual	stresses	on	molded	parts	Difficult	for	large	parts	and	multiple	feature	depth	(too
high	a	pressure	and	temperature	are	required)	has	also	been	studied.19,20	Instead	of	the	conventional	nickel	molds,	the	possibility	of	using	silicon	molds	because	of	their	excellent	surface	quality	and	easy	mold	release	has	been	demonstrated.21,22	Also,	the	use	of	a	plastic	mold	in	the	embossing	process	was	recently	illustrated.23	At	the
Kernforschungszentrum	Karlsruhe,	or	KfK,	hot	embossing	is	mainly	used	for	small	series	production,	whereas	IM	is	applied	to	mass	production.	FIGURE	10.13	Nanoimprint	lithography	(NIL).	Comparison	of	hot	embossing	with	UV-nanoimprint	lithography	and	microcontact	printing.	601	Both	techniques	are	applied	to	amorphous	(PMMA,	PC,	PSU)	and
semicrystalline	thermoplastics	(POM,	PA,	PVDF,	PFA).	RIM	is	used	for	molding	of	thermoplastics	(PMMA,	PA),	duroplastics	(PMMA,	epoxide),	or	elastomers	(silicones).24	Summary:	Pros	and	Cons	of	Compression	Molding	Pros	and	cons	of	compression	molding	are	summarized	in	Table	10.5.	In	Figure	10.13	we	compare	hot	embossing	with	UV-
nanoimprint	lithography	(see	Chapter	2)	and	microcontact	printing	(soft	lithography,	Chapter	2).	These	techniques	can	all	be	grouped	under	nanoimprint	lithography	(NIL).	LIGA—Background	History	LIGA	combines	the	sacrificial	wax	molding	method,	known	since	the	time	of	the	Egyptians,	with	x-ray	lithography	and	electrodeposition.	Combining
electrodeposition	and	x-ray	lithography	was	first	carried	out	by	Romankiw	and	coworkers	at	IBM	as	early	as	1975.25	These	authors	made	high-aspect-ratio	metal	structures	by	plating	gold	in	x-ray-defined	resist	patterns	of	up	to	20	μm	thick.	They	had,	in	other	words,	already	invented	“LIG”;	that	is,	LIGA	without	the	abformung	(molding).25	This	IBM
work	was	an	extension	of	through-mask	plating,	also	pioneered	by	Romankiw	et	al.	in	1969,	and	was	geared	toward	the	fabrication	of	thin	film	magnetic	recording	heads	(see	Figure	2.4a).26	The	addition	of	plastic	molding	to	the	lithography	and	plating	process	was	realized	by	Ehrfeld	et	al.27	at	the	Kernforschungszentrum	Karlsruhe	(KfK)	in	1982.	By
adding	molding,	these	pioneers	recognized	the	broader	implications	of	LIGA	as	a	new	means	of	low-cost	manufacturing	of	a	wide	variety	of	microparts	with	unprecedented	accuracies	from	various	materials	previously	impossible	to	batch	fabricate.27	In	Germany,	LIGA	originally	developed	almost	completely	outside	of	the	semiconductor	industry.	In
the	United	States,	it	was	the	late	Henry	Guckel	who,	starting	in	1988,	repositioned	the	field	in	light	of	semiconductor	process	capabilities	and	brought	it	closer	to	standard	manufacturing	processes.	602	Manufacturing	Techniques	for	Microfabrication	and	Nanotechnology	FIGURE	10.14	Schematic	and	scanning	electron	micrograph	of	a	separation
nozzle	structure	produced	by	electroforming	with	nickel	using	a	micromolded	PMMA	template.	This	nozzle	represents	the	first	product	ever	made	by	LIGA.	(From	Hagmann,	P.,	W.	Ehrfeld,	and	H.	Vollmer.	1987.	First	meeting	of	the	European	Polymer	Federation,	European	symposium	on	polymeric	materials.	Lyon,	France.	Archiv	KAROLA–OA–
Volltextserver_des_Forschungszentrums	Karlsruhe	(Germany).	With	permission.	28)	The	development	of	the	LIGA	process	initiated	at	KfK	was	intended	for	the	mass	production	of	micrometer-sized	nozzles	for	uranium-235	enrichment	(see	Figure	10.14).27	The	German	group	used	synchrotron	radiation	from	a	2.5-GeV	storage	ring	for	the	exposure	of
the	poly(methylmethacrylate)	(PMMA)	resist.	Today	LIGA	and	especially	LIGA-like	processes	are	researched	in	many	laboratories	around	the	world,	and	developing	the	ideal	means	for	fabricating	micromolds	for	the	large-scale	production	of	precise	micromachines	remains	an	elusive	holy	grail.	In	LIGA,	mold	inserts	are	made	via	x-ray	lithography,	but,
depending	on	the	dimensions	of	the	microparts,	the	accuracy	requirements,	and	the	fabrication	costs,	mold	inserts	may	also	be	realized	by	electron	beam	(e-beam)	writing,	computer	numerically	controlled	(CNC)	machining,	wet	Si	bulk	micromachining,	deep	UV	resists,	deep	reactive	ion	etching	(DRIE),	ultrasonic	cutting,	excimer	laser	ablation,
electrical	discharge	machining	(EDM),	and	laser	cutting	(see	Figure	10.1).	Synchrotron	Orbital	Radiation	Introduction	Lithography	based	on	synchrotron	radiation,	also	called	synchrotron	orbital	radiation	(SOR),	is	primarily	pursued	with	the	aim	of	adopting	the	technology	as	an	industrial	tool	for	the	large-scale	manufacture	of	microelectronic	circuits
with	characteristic	dimensions	in	the	submicrometer	range	(see	Chapter	2).29,30	Synchrotron	radiation	sources	“outshine”	electron	impact	and	plasmas	sources	for	generating	x-rays.	They	emit	a	much	higher	flux	of	usable	collimated	x-rays,	thereby	allowing	shorter	exposure	times	and	larger	throughputs.	Pros	and	cons	of	x-ray	radiation	for
lithography	in	IC	manufacture	are	summarized	in	Table	10.6.	Despite	the	many	promising	features	of	x-ray	lithography,	the	technique	today	lacks	mainstream	acceptance	in	the	IC	industry,	and	continued	improvements	in	optical	lithography	outpace	the	industrial	use	of	x-ray	lithography	for	IC	applications.	However,	its	use	for	prototype	development
on	small	product	runs	will	no	doubt	continue	its	course.	In	1991,	experts	projected	that	x-ray	lithography	would	be	in	use	by	1995	for	64-Mb	dynamic	random	TABLE	10.6	Pros	and	Cons	of	SOR	X-Ray	Lithography	for	IC	Manufacture	Pros	Lithography	process	insensitive	to	resist	thickness,	exposure	time,	development	time	(large	DOF)	Absence	of
backscattering	results	in	insensitivity	to	substrate	type,	reflectivity	and	topography,	pattern	geometry	and	proximity,	dust	and	contamination	High	resolution,	10	μm	vs.	1	μm)	and	highly	transparent	mask	blanks	(transparency	>80%)	must	be	used	because	of	the	low	x-ray	resist	sensitivity	and	the	great	depth	of	the	resist.	Another	difference	focuses
on	the	radiation	stability	of	membrane	and	absorber.	For	conventional	optical	lithography,	the	supporting	substrate	is	a	relatively	thick,	optically	flat	piece	of	glass	or	quartz	highly	transparent	to	optical	wavelengths.	It	provides	a	highly	stable	(>106	μm)	basis	for	the	thin	(0.1	μm)	chrome	absorber	pattern.	In	contrast,	the	x-ray	mask	consists	of	a	very
thin	membrane	(2–4	μm)	of	low-Z	material	carrying	a	high-Z	thick	absorber	pattern.36	A	single	exposure	in	LIGA	results	in	an	exposure	dose	100	times	higher	than	in	the	IC	case.	We	will	look	into	these	different	mask	aspects	separately	before	detailing	a	process	with	the	potential	of	obviating	the	need	for	a	separate	x-ray	mask	altogether,	that	is,
through	the	use	of	conformal	or	transfer	masks.	TABLE	10.9	Comparison	of	Masks	in	LIGA	and	the	IC	Industry	Transparency	Absorber	thickness	Field	size	Radiation	resistance	Surface	roughness	Waviness	Dimensional	stability	Residual	membrane	stress	607	Semiconductor	Lithography	LIGA	Process	≥50%	±1	μm	50	×	50	mm2	=1	$35M)/	poor
High/poor	High/poor	Initial	Investment	Cost/Access	A,	additive;	Ba,	batch;	C,	continuous;	IC,	integrated	circuit;	max,	maximum;	MEMS,	microelectromechanical	system;	min,	minimum;	PMMA,	poly(methylmethacrylate);	S,	subtractive;	Se,	serial.	LIGA	is	a	German	acronym	for	“Lithographie,	Galvanoformung,	Abformung,”	which	in	English	is	(x-ray)
lithography,	electroplating,	and	molding.	For	a	more	in-depth	study	on	manufacturing	options,	we	refer	to	the	literature:	Harris,6	Shaw,39	DeVries,40	Slocum,41	and	Evans.42	Also	visit	the	Louisiana	Tech	University’s	Institute	for	Micromanufacturing	(	.	Max	wafer	size,	min	feature	several	microns	Max	several	millimeters,	min	few	microns	Poly-Si,
Ni,	etc.	Max	10	×	10	cm	or	more,	min	0.2	µm	Max	size	equals	the	wafer	size	Max	wafer	size,	min	feature	submicron	Typical	Min/Max	IC	Size	Feature	Compatible?	Molded	polysilicon	HEXSIL	(Keller)	(S/A)	UV-transparent	resists	(S/A)	Crystalline	Si	Si	on	insulator	(S)	Machining	Method	Material/	Application	Table	1.2 	MEMS	Miniaturization	Methods:
Nonlithography-Based	(Traditional)	and	Lithography-Based	(Nontraditional)	(Continued)	18   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	Nonlithography-Based	(Traditional)	and	Lithography-Based	(Nontraditional)	Manufacturing	Compared   	19	handshake	technologies	should	be	of	importance	beyond
micromachines—for	example,	in	ICs,	where	one	is	faced	with	the	same	dilemma	of	packaging,	mounting,	and	wiring	large-scale	integrated	chips	(LSIs)	and	very	large-scale	integrated	chips	(VLSIs).	Several	of	these	new	technologies	are	maskless	and	enable	very	fast	prototyping.	The	merging	of	bulk	micromachining	with	other	new	fabrication	tools,
such	as	surface	micromachining	and	electroplating,	and	the	adaptation	of	materials	such	as	Ni	and	polyimides	have	fostered	powerful	new	nontraditional	precision	engineering	methods.	Table	1.2	comprises	both	additive	(A)	and	sub	tractive	(S)	techniques.	For	additive	techniques,	a	further	comparison	of	thick-film	versus	thin-film	deposition	methods
is	presented	in	Table		1.3.	The	decision	to	go	with	a	thin	versus	thick	film	has	very	important	ramifications	and	has	to	be	considered	very	deliberately.	Resolution	and	minimum	feature	size	for	thin	films	are	obviously	superior.	Also,	the	porosity,	roughness,	and	purity	of	deposited	metals	are	less	reproducible	with	thick	films.	Finally,	the	geometric
accuracy	is	poorer	with	thick	films.	On	the	other	hand,	the	thick-film	method	displays	versatility,	which	is	often	key	in	chemical	sensor	manufacture.	Silk	screening	forms	an	excellent	alter	native	when	size	does	not	matter	but	cost,	in	relatively	small	production	volumes,	does.	For	biomedical	applications	the	size	limitations,	clear	from	Table	1.3,	make
thick-film	sensors	more	appropriate	for	in	vitro	applications.	For	in	vivo	sensors,	where	size	is	more	crucial,	IC-based	technologies	might	be	more	appropriate.	Thin-film	technology	does	not	necessarily	involve	IC	integration	of	the	electronic	functions.	Table	1.4	provides	a	comparison	of	the	economic	and	technical	aspects	in	implementing	thin-film
technology,	IC	fabrication,	thick	film,	and	classic	construction	for	sensors.43	It	should	be	mentioned	that	in	sensor	fabrication,	60–80%	of	the	cost	consists	of	packaging,	an	aspect	not	addressed	in	Table	1.4.	In	comparison	with	complementary	metal-oxide-silicon	(CMOS)-compatible	thin-film	sensors,	the	packaging	of	thick-film	sensors	usually	is	more
straightforward.	Since	packaging	expenses	overshadow	all	other	costs,	this	is	a	decisive	criterion.	In	the	case	of	chemical	sensors,	where	the	sides	of	the	conductive	Si	substrate	might	shunt	the	sensing	function	through	contact	with	the	electrolyte,	encapsulation	is	especially	difficult	compared	with	the	packaging	of	an	insulating	plastic	or	ceramic
substrate	(see	also	Chapter	4,	this	volume,	on	packaging).	Table	1.3 	Comparison	of	Thin-	versus	Thick-Film	Technology	Property	In-plane	resolution	Minimum	feature	size	Temperature	range	Sensor	size	Geometric	accuracy	Deposition	methods	Patterning	methods	Reliability	nonencapsulated	device	Electronic	compatibility	Versatility	Roughness,
purity,	and	porosity	of	deposited	materials	Energy	consumption	Handling	Approximate	capital	costs	per	unit	*CVD,	chemical	vapor	deposition	Silicon/Thin	Film	Hybrid/Thick	Film	0.25	µm	and	better	0.75	µm	and	better	>125°C	Small	Poor	Screen	printing,	stencil	printing	Screen	photomask,	etched	stencil,	machined	stencil	High	Good	Low	Superior
Moderate	Very	good	Moderate	Low	Difficult	Very	large,	but	very	low	in	large	volumes	Moderate	Easy	Low;	very	low	in	moderate	volumes	20   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	Table	1.4 	Comparison	between	Different	Sensor	Technologies:	Economic	and	Technical	Aspects	Classic	Construction	Technology
substrate	Initial	investment	Production	line	cost	Production	Units	per	year	Prototype	Sensor	price	Use	Markets	Dimensions	Solidity	Reproducibility	Maximum	temperature	Interfacing	Wires	and	tubes	Thick-Film	Technology	Thin-Film	Technology	IC	Technology*	Very	low	Screen	printing	Al2O3,	plastic	Moderate	Evaporation-sputtering	Al2O3,	glass,
quartz	High	IC	techniques	silicon,	GaAs	High	>$10,000	>$100,000	>$400,000	>$800,000	Manual	production	1–1,000	Cheap	Expensive	sensor	Mass	production	Mass	production	Mass	production	1,000–1,000,000	Cheap	Low	cost	per	sensor	10,000–10,000,000	Moderate	Low	cost	per	sensor	Multiple	use,	in	vitro,	in	vivo	Research,	aerospace	Large
Disposable,	in	vitro	Disposable,	in	vivo	Automotive,	industrial	Moderate	Industrial,	medical	Fragile	Low	800°C	Robust	Moderate	800°C	Robust	High	1,000°C	100,000	and	up	Expensive	Low	cost	per	sensor	Disposable,	in	vivo	Medical,	consumer	Extreme	miniaturization	Robust	High	150°C	(silicon)	External	discrete	devices	Smart	sensors,	surface
mount	Smart	sensors,	surface	mount	Smart	sensors,	CMOS,†	bipolar	Small	*IC,	integrated	circuit.	†CMOS,	complementary	metal-oxide-silicon.	Source:	From	Lambrechts,	M.,	and	W.	Sansen.	1992.	Biosensors:	Microelectrical	devices.	Philadelphia:	Institute	of	Physics	Publishing.	With	permission.43	Selection	criteria	for	the	additive	processes	reviewed
in	Volume	II	depend	on	a	variety	of	considerations,	such	as	the	following.	1.	Limitations	imposed	by	the	substrate	or	the	mask	material:	maximum	temperature	(Tmax),	surface	morphology,	and	substrate	structure	and	geometry	2.	Apparatus	requirement	and	availability	3.	Limitations	imposed	by	the	material	to	be	deposited:	chemistry,	purity,
thickness,	Tmax,	morphology,	crystal	structure,	etc.	4.	Rate	of	deposition	to	obtain	the	desired	film	quality	5.	Adhesion	of	deposit	to	the	substrate;	necessity	of	adhesion	layer	or	buffer	layer	6.	Total	running	time,	including	setup	time	and	postcoating	processes	7.	Cost	8.	Ease	of	automation	9.	Safety	and	ecological	considerations	Table	1.5	compares
some	of	the	additive	processes	important	in	microsensors	and	micromachining.	This	table	and	the	above	criteria	complement	the	questions	in	the	check-off	list	presented	in	Table	1.11.	The	latter	is	meant	as	a	guide	toward	a	more	intelligent	choice	of	an	optimum	machining	substrate	for	the	micromachining	task	at	hand.	A	subset	of	subtractive
machining	techniques	from	Table	1.2	is	compared	in	Table	1.6.	Here,	metal	removal	rates,	tolerance,	surface	finish,	damage	depth,	and	required	power	are	listed.	The	metal	removal	rate	by	electrochemical	ma	chining	(ECM)	and	plasma	arc	machining	(PAM)	is	much	higher	than	that	of	the	other	machining	processes.	Compared	with	conventional
mechanical	CNC	machining,	the	metal	removal	rates	by	ECM	and	PAM	are,	respectively,	0.3	and	1.25	times	that	of	CNC,	whereas	others	are	only	a	small	fraction	of	it.	Power	requirements	for	ECM	and	PAM	are	also	comparatively	high.	The	tolerance	obtained	Chemical	reaction	Precipita	tion	of	redox	species	Solidifica	tion	of	molten	droplets	CVD
Electrodeposition	Thermal	spraying	CVD,	chemical	vapor	deposition.	Low	except	for	pure	metals	(e.g.,	Cu,	10,000	Å/	min)	Momentum	transfer	Sputtering	Ions	Droplets	Very	high	No	Good	Good	Good,	but	nonuniform	thickness	distribution	Atoms	and	ions	Atoms	Poor	line-ofsight	coverage	Atoms	and	ions	Depositing	Species	Low	to	high	Moderate	(200–
2500	Å/	min)	Very	high	(up	to	750,000	Å/min)	Thermal	energy	Deposit	Ion	Rate	Evaporation	Species	Deposit	Ion	Mechanism	Coverage	of	ComplexShaped	Objects	Metal	Deposit	Ion	Yes	Yes	Yes	Yes,	limited	Yes	Coverage	into	Small	Blind	Holes	Poor	Poor	Limited	Limited	Very	limited	Yes	Limited	Yes	Yes	Yes	Alloy	Deposit	Ion	Table	1.5 	Comparison	of
Additive	Processes	Important	in	Microsensors	and	Micromachining	Yes	Limited	Yes	Yes	Yes	Refractory	Compound	Deposit	Ion	Can	be	high	Can	be	high	High	in	plasmaenhanced	CVD	(PECVD)	Can	be	high	(1–100	eV)	Low	(0.1–0.5	eV)	Energy	of	Depositing	Species	Yes	No	Possible	Depends	on	geometry	No,	normally	Bombard	ment	of	Substrate/	Deposit
by	Inert	Ions	No,	normally	No	Yes	Not	generally	Yes,	normally	Substrate	Heating	by	External	Means	Very	high	Low	High	High	Low	Cost	Nonlithography-Based	(Traditional)	and	Lithography-Based	(Nontraditional)	Manufacturing	Compared   	21	22   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	Table	1.6 	Machining
Characteristics	of	Different	Processes	MRR	(mm3/min)	USM	AJM	ECM	CHM	EDM	EBM	LBM	PAM	CNC	300	0.8	15,000	15	800	1.6	0.1	75,000	50,000	Tolerance	Maintained	(µm)	7.5	50	50	50	15	25	25	125	50	Surface	Finish	Required	(µm)	0.2–0.5	0.5–1.22	0.1–2.5	1.5–2.5	0.2–1.2	0.5–2.5	0.5–1.2	Rough	0.5–5	Surface	Damage	Depth	(µm)	25	2.5	5	5	125
250	125	500	25	Power	Required	for	Machining	(W)	2,400	250	100,000	N/A	2,700	150–2,000	2–200	50,000	3,000	AJM,	abrasive	jet	machining;	CHM,	chemical	machining;	CNC,	computer	numerical	control	machining;	EBM,	electron	beam	machining;	ECM,	electrochemical	machining;	EDM,	electrodischarge	machining;	LBM,	laser	beam	machining;
MRR,	metal	removal	rate;	PAM,	plasma	arc	machining;	USM,	ultrasonic	machining.	Source:	Based	on	.	by	various	processes	except	PAM	is	within	the	range	of	CNC	machining,	which	means	satisfactory	dimensional	accuracy	can	be	maintained.	Satisfactory	surface	finishes	are	obtained	by	all	processes	except	PAM.	Depth	of	surface	damage	is	very
small	for	abrasive	jet	machining	(AJM),	electrochemical	machining	(ECM),	and	chemical	machining	(CHM)	processes,	whereas	it	is	very	high	in	the	case	of	electrodischarge	machining	(EDM),	electron	beam	machining	(EBM),	PAM,	and	the	like.	[As	we	saw	in	Volume	II,	these	techniques	give	rise	to	a	heataffected	zone	(HAZ).]	For	this	reason,	ECM	can
be	employed	for	making	dies	and	punches.	AJM	may	be	suitably	employed	for	machining	super	alloys	and	refractory	material;	ECM	has	good	applicability	for	machining	steels	and	super	alloys;	CHM	is	very	useful	for	aluminum	and	steel;	EDM	may	well	be	adopted	for	machining	steels,	super	alloys,	titanium,	and	refractory	material;	and	PAM	can	be
suitably	employed	for	machining	aluminum,	steels,	and	super	alloys.	Capital	cost	for	ECM	is	very	high	compared	with	conventional	CNC	machining,	whereas	capital	costs	for	AJM	are	PAM	are	comparatively	low.	EDM	has	a	higher	tooling	cost	than	other	machining	processes.	Power	consumption	cost	is	very	low	for	PAM	and	laser	beam	machining
(LBM)	processes,	whereas	it	is	greater	in	case	of	ECM.	Metal	removal	efficiency	is	higher	for	EBM	and	LBM	than	for	other	processes.	Tool	wear	is	very	low	for	ECM,	CHM,	EBM,	LBM,	and	PAM,	whereas	it	is	high	for	electrical	discharge	machining.	Given	the	tremendous	variety	of	micromachining	tools	available,	as	evident	from	Tables	1.2–1.6,	a	truly
multidisciplinary	engineering	education	will	be	required	to	design	miniature	systems	with	the	most	appropriate	building	philosophy.	Design	from	the	Package	Inward	When	approaching	the	development	of	a	microdevice,	we	prefer	using	the	terminology	miniaturization	rather	than	MEMS,	as	the	latter	term	is	still	too	loaded	with	the	notion	that	Si
technology	represents	the	only	solution.	The	choice	of	processes	for	manufacturing	a	3D	microdevice	can	best	be	made	after	studying	the	detailed	requirements	of	the	application.	Since	the	package	serves	as	the	interface	between	the	microstructure	and	the	macroworld,	and	since	it	is	the	major	contributor	to	cost	and	size,	one	should	start	the	design
with	the	package	and	work	toward	the	best	machining	process	for	the	micromachine	inside.	The	package	is	often	made	with	a	traditional	machining	method	such	as	turning	and	grinding	or	possibly	with	ultrasonic	or	wire	electrodischarge	machining.	For	the	micromachine	inside	the	package,	there	may	be	many	machining	options,	as	both	batch	IC
and	traditional	serial	production	techniques,	perhaps	in	combination	with	micromolding,	must	be	considered.	Several	new,	batch	Si	micromachining	techniques	derived	from	the	IC	industry	are	Nonlithography-Based	(Traditional)	and	Lithography-Based	(Nontraditional)	Manufacturing	Compared   	23	gaining	acceptance,	but	serial,	precision
machining	techniques	with	specialized	tools	(e.g.,	ultrasonic	machining	or	laser	beam	machining)	are	often	the	only	commercially	available	methods	to	make	intricate,	small,	3D	microcomponents.	Decision	Tree	for	the	Optimized	Micromanufacturing	Option	Introduction	In	this	section	we	develop	a	checklist	on	how	to	arrive	at	an	optimum
miniaturization	strategy	for	a	new	MEMS/NEMS	product,	choosing	between	MEMS	manufacturing	options:	from	nonlitho	graphy-based	to	lithography-based,	as	captured	in	Table	1.2.	To	become	a	proficient	MEMS/NEMS	engineer	one	needs	to	first	understand	the	appli	cation	and	market	for	the	product	very	well.	These	aspects	should	be	apparent
from	a	very	detailed	specification	list	and	discussions	with	the	user/	client.	Once	an	appropriate	sensor/actuator	principle	for	the	MEMS/NEMS	has	been	chosen,	on	the	basis	of	the	specifications,	through	brainstorming	sessions	with	the	user	and/or	client	and	by	making	preliminary	designs,	one	needs	to	develop	a	clear	understanding	on	how	this
sensor/actuator	principle	scales	into	the	microdomain.	Then	one	must	choose	the	optimum	manufacturing	approach	and	the	optimized	materials,	including	substrate	material,	for	the	most	cost-effective	practical	implementation.	These	choices	are	tested	through	a	new	design	phase	and	evaluation	of	critical	process	steps.	A	major	challenge	in	this
regard	often	concerns	partitioning,	i.e.,	how	far	to	push	the	integration	of	electronics	with	the	sensing	function	(hybrid	vs.	monolithic)?	(a)	If		the	MEMS-based	product	compromises	both		a	disposable	and	a	fixed	instrument	the	question	becomes,	what	should	be	included	with	the	MEMS	disposable	and	what	should	be	included	in	the	fixed	instrument?
With	partitioning	decisions	made,		a	computer-aided	design	(CAD)	is	followed	by	research	protot	yping,	engineering	prototyping,	and	finally	α	and	β	products	for	the	user/client	to	test.	With	a	satisfied	customer,	manufacturing	of	a	new	MEMS	product	may	begin.	Throughout	the	rest	of	this	chapter,	we	illustrate	the	use	of	our	proposed	decision	tree
with	the	search	for	a	sensor	to	measure	glucose	in	a	drop	of	blood.	Glucose	sensing	represents	the	single	largest	biosensor	market,	and	a	significant	amount	of	all	R&D	in	biosensors	worldwide	is	geared	toward	improving	this	technology.	Glucose	self-testing	by	diabetics	is	one	of	the	fastest-growing	segments	of	the	world	diagnostics	market.	The
World	Health	Organization	estimates	a	worldwide	diabetic	population	of	more	than	200	million	(1–2%	of	the	world	population).	Diabetes	is	the	fifth	leading	cause	of	death	in	the	United	States,	and	30%	of	our	children	will	be	diagnosed	with	diabetes	in	the	future.	The	US	healthcare	costs	related	to	diabetes	are	$132	billion	per	year.	The	specifications
for	a	glucose	self-test	meter	with	disposable	sensor	include	very	low	cost	disposable	(	0).	Most	living	organisms	(including	plants	and	animals)	then	reverse	photosynthesis	by	taking	glucose	apart	and	releasing	energy	to	power	their	own	growth	and	development.	In	this	second	process,	oxygen	is	consumed,	and	water	and	carbon	dioxide,	the	original
ingredients	consumed	by	the	plants,	algae	or	bacteria,	are	released.	This	energy	producing	process	is	said	to	be	catabolic,	i.e.,	breaking	down	complex	Mitochondria	inner	structure	Inner	membrane	Outer	membrane	Cristae	Matrix	FIGURE	2.23 	Mitochondria.	and	converting	it	to	a	fuel	that	can	be	stored	for	later	use	(e.g.,	hydrogen	through	water
electrolysis).	In	Figure	2.24a	we	show	the	molecular	structure	of	the	energy	currency	of	a	biological	cell,	i.e.,	adenosine	triphosphate	or	ATP,	the	immediate	source	of	energy	in	all	cells	of	all	living	organisms	on	Earth.	The	structure	of	an	ATP	molecule	contains	three	molecules	of	phosphate	linked	to	each	other;	at	the	pH	of	normal	biological	fluids,
they	have	a	negative	charge.	When	energy	is	required,	ATP	is	hydrolyzed	to	adenosine	diphosphate	(ADP)	and	inorganic	phosphate	(Pi).	Back	in	the	mitochondria,	Adenine	NH	2	N	O	O	P	O	O	P	HC	O	O	P	O	O	O	Phosphate	groups	O	CH	2	O	H	N	H	C	C	C	N	N	CH	Ribose	H	H	OH	OH	(a)	Structure	of	adenosine	triphosphate	ATP	H	2O	P	P	P	Adenosine
triphosphate	(ATP)	(b)	Hydrolysis	of	ATP	P	+	P	P	+	Energy	Inorganic	Adenosine	diphosphate	(ADP)	phosphate	FIGURE	2.24 	(a)	Molecular	structure	of	adenosine	triphosphate	(ATP).	(b)	Hydrolysis	of	ATP	to	ADP.	88   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	Cluster	of	pigment	molecules	embedded	in	membrane
CHO	CH2	H3C	Granum	(stack	of	thylakoids)	Thylakoid	membrane	C	C	C	C	N	H	C	H	3C	C	N	H	C	Mg	C	C	N	C	N	C	O	O	in	chlorophyll	b	in	chlorophyll	a	C	CH2	CH3	C	H	C	C	C	C	C	C	H	CH2	H	C	C	O	CH2	C	O	C	C	Chloroplast	CH3	H	CH	CH3	Porphyrin	ring	(light-absorbing	“head”	of	molecule)	O	CH3	CH2	Hydrocarbon	tail	(H	atoms	not	shown)
Chloroplasts	Chlorophyll	Molecule	Organelle	Cells	Leaf	Tissues	Organ	Community	FIGURE	2.25 	Photosynthesis	in	plants:	from	trees	to	pigment	molecules	in	the	thylakoids	in	chloroplasts.	molecules	into	smaller,	simpler	ones.	This	is	illustrated	in	Figure	2.26b	(ΔG	<	0).	Direct	oxidation	of	glucose	with	oxygen	would	release	686	kcal/mol	(ΔG=	–686
kcal/mol)	(Reaction	2.1),	but	cells	cannot	use	the	energy	stored	in	glucose	directly.	In	the	cytoplasm	of	a	cell,	first,	nine	different	enzymes	must	help	convert	the	glucose	(a	chain	of	six	carbons	with	twelve	hydrogen	atoms	and	six	oxygen	atoms)	in	nine	successive	chemical	reactions	C6H12O6	O2	6CO2	6H2O	ATP	and	heat	ΔG	=	-686	kcal/mol	Reaction
2.1	Nature	as	an	Engineering	Guide:	Biomimetics   	89	Photosynthesis	CO2	+	H2O	CO2	O2	H2O	Anabolic	(a)	Respiration	Sugars	+	O2	O2	+	Sugars	Plants	Algae	Some	bacteria	H2O	+	CO2	CO2	Sugars	and	other	organic	molecules	Energy	of	sunlight	O2	Most	living	organisms	Catabolic	(b)	H2O	Useful	chemical	bond	energy	FIGURE	2.26 	(a)
Anabolic	process:	use	of	energy	to	conduct	unfavorable/uphill	reactions	(from	small	to	large	molecules).	(b)	Catabolic	processes:	fuel	breakdown	to	deliver	energy	(from	large	molecules	to	small).	to	two	molecules	of	pyruvate	(a	three-carbon	chain	with	three	hydrogens	and	three	oxygens).	This	complicated	process	is	called	glycolysis.	After	glycolysis,
it	is	the	pyruvate	that	carries	on	as	the	energy	source	originally	produced	with	the	solar	energy	input,	and	transports	it	to	the	mitochondria.	The	mitochondria	takes	the	energy	garnered	during	photosynthesis	(in	the	case	of	plants)	or	the	digested	food	(in	the	case	of	animals)	and	stored	as	pyruvate	and	converts	it	to	ATP.	This	conversion	in	the
mitchondria	occurs	at	a	very	high	surface	inner	membrane	in	a	complex	set	of	reactions,	including	the	famous	Krebs	cycle.	The	Krebs	cycle	is	an	aerobic	process	(i.e.,	it	involves	the	use	of	oxygen)	that	is	responsible	for	cellular	respiration.	Hydrolysis	of	the	ATP	result	in	the	release	of	one	of	three	Pi	groups,	along	with	7	kcal/mol,	and	the	formation	of
ADP	(Figure	2.24b).	ATP	thus	packs	a	wallop	of	concentrated	solar	power.	These	tiny	solar	batteries	are	released	by	the	mitochondria	into	the	cell	to	power	all	types	of	uphill	reactions	(ΔG	>	0).	In	releasing	their	power,	ATP	battery	molecules	shed	instantly	one	phosphate	(Pi)	and	are	discharged	to	become	ADP	(ATP	minus	one	Pi).	In	biochemistry,
phosphorylation	is	the	addition	of	a	Pi	group	to	a	protein	or	a	small	molecule.	Beyond	doubt,	protein	phosphorylation	is	the	most	important	regula	tory	event	in	eukaryotic	cells.	Many	enzymes	and	receptors	are	turned	on	or	off	by	phosphorylation	and	dephosphorylation.	Phosphorylation	is	cata	lyzed	by	various	specific	protein	kinases,	whereas
phosphatases	dephosphorylate.	The	discharged	ADP	solar	battery,	in	need	of	recharging	now,	diffuses	until	it	finds	a	mitochondria	power	station,	where	it	will	regain	its	lost	phosphate.	Cells	obviously	recycle	the	ATP	batteries	they	use	for	work.	To	make	ATP	from	pyruvate,	as	we	show	in	Figure	2.27,	the	most	prevalent	and	efficient	pathway	is	-
cellular	aerobic	respiration.	In	cellular	aerobic	respiration,	the	conversion	of	1	mol	of	glucose	yields	up	to	36	mol	of	ATP;	therefore,	the	energy	efficiency	is	36	×	7	kcal/mol	divided	by	686	kcal/mol	=	252/	686	=	36.7%	(compared	with	about	3%	efficiency	in	the		burning	of	oil	or	gasoline).	In	the	absence	Glucose	Glycolysis	2	ATP	With	O2	Pyruvate
Without	O2	Fermentation	Lactic	acid	Oxidative	respiration	34	ATP	Ethyl	alcohol	+	CO2	FIGURE	2.27 	Various	pathways	to	making	of	pyruvate,	the	food	source	for	mitochondria.	90   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	of	oxygen,	certain	cells	are	still	able	to	make	ATP,	albeit	in	a	less	efficient	matter.	This	can
be	accomplished	through	fermentation	and	anaerobic	respiration.	Fermentation	is	the	breakdown	of	sugars	in	the	absence	of	oxygen	to	release	energy,	carbon	dioxide,	and	alcohol	(or	lactic	acid).	Yeast	cells	produce	ethyl	alcohol	by	fermentation.	Some	prokaryotes	are	able	to	carry	out	anaerobic	respiration,	respiration	in	which	an	inorganic	molecule
other	than	oxygen	(O2)	is	the	final	electron	acceptor.	For	example,	certain	bacteria	known	as	sulfate	reducers	can	transfer	electrons	to	sulfate	(SO42–),	reducing	it	to	H2S.	Other	bacteria,	called	nitrate	reducers,	can	transfer	electrons	to	nitrate		(NO3–),	reducing	it	to	nitrite	(NO2–).	Other	nitrate	reducers	can	reduce	nitrate	even	further,	to	nitrous
oxide	(NO)	or	nitrogen	gas	(N2).	The	total	energy	yield	per	glucose	oxidized	is	less	than	with	aerobic	respiration,	with	a	theoretical	maximum	yield	of	36	ATP	molecules	or	fewer.	Cellular	respiration,	fermentation,	and	anaerobic	respiration	are	catabolic,	energy-yielding	pathways.	The	totality	of	an	organism’s	chemical	reactions	is	called	metabolism.
Metabolism	manages	the	material	and	energy	resources	of	the	cell.	In	Figure	2.28	the	various	processes	that	ATP	energizes	are	summarized.	Since	animals	cannot	make	food	directly	from	water	and	CO2,	chloroplasts	and	mitchondria	work	in	tandem,	as	illustrated	in	Figure	2.29.	Photo	synthesis	and	respiration	are	complementary	pro	cesses	in	the
living	world.	Photosynthesis	uses	the	energy	of	sunlight	to	produce	sugars	and	other	organic	molecules.	These	molecules,	in	turn,	serve	as	energy	sources	or	food.	Respiration	is	a	process	that	uses	O2	and	forms	CO2	from	the	same	carbon	atoms	that	had	been	taken	up	as	CO2	and	converted	into	sugars	by	photosynthesis.	In	respiration,	organisms
obtain	the	energy	that	they	need	to	survive.	It	is	the	cycling	of	molecules	between	chloroplasts	and	mitochondria	that	allows	a	flow	of	energy	from	the	sun	through	all	living	things.	Photosynthesis	preceded	respiration	on	the	Earth	by,	probably,	billions	of	years	before	enough	O2	was	released	to	create	an	atmosphere	rich	in	oxygen.	Ultimately,	the
process	of	photosynthesis	(Reaction	2.2)	can	be	considered	one	of	the	most,	if	not	the	most,	important	chemical	reaction	on	Earth.	Transport	work:	ATP	phosphorylates	transport	proteins	Membrane	protein	Solute	transported	Solute	Mechanical	work:	ATP	phosphorylates	motor	proteins	P	P	ATP	Motor	protein	Protein	moved	Chemical	work:	ATP
phosphorylates	key	reactants	P	X	P	X	Y	Y	Reactants	Product	made	FIGURE	2.28 	The	various	processes	that	ATP	energizes:	ATP	at	work.	ADP	+	P	Nature	as	an	Engineering	Guide:	Biomimetics   	91	Leaf	cross	section	Vein	Mesophyll	Light	energy	Ecosystem	CO2	+	H2O	Photosynthesis	in	chloroplasts	Cellular	respiration	in	mitochondria	Organic	+
o	2	molecules	Stomata	CO2	O2	Mesophyll	cell	ATP	FIGURE	2.30 	Stomata	and	veins	in	a	green	leaf.	Powers	most	cellular	work	Heat	energy	FIGURE	2.29 	From	light	to	photosynthesis	to	cellular	respiration	and	heat	energy.	6CO2	+	12H2O	+	light	energy	⇒	C6H12O6	+	6O2	+	6H2O	Reaction	2.2	For	building	artificial	cells,	we	would	be	better	off
building	plant	like-cells,	as	the	source	for	fuel	is	in	the	atmosphere	(water	and/or	CO2)	and	harvesting	energy	from	the	sunlight	is	relatively	simple.	So	let	us	take	a	more	detailed	look	at	how	the	chloroplasts	in	plant	leaves	do	it	(Figure	2.25).	Pigments	in	the	leaves	of	plants	absorb	sunlight,	principally	through	chlorophyll	in	the	chloroplasts.
Chloroplasts	are	found	mainly	in	mesophyll	cells	forming	the	tissues	in	the	interior	of	the	leaf	(Figure	2.25).	Chlorophyll	comes	in	two	slightly	different	forms,	called	chl	a	and	chl	b.	Most	leaves	contain	at	least	two	additional	types	of	pigments,	carotenes	and	xanthophylls,	that	are	capable	of	absorbing	light	of	different	wavelengths.	The	more	abundant
chlorophylls	usually	mask	the	latter	two	types	of	pigments.	There	are	about	half	a	million	chloroplasts	per	square	millimeter	of	leaf	surface.	The	color	of	a	leaf	comes	from	chlorophyll,	the	green	pigment	in	the	chloroplasts.	Oxygen	exits	and	carbon	dioxide	enters	the	leaf	through	microscopic	pores,	stomata,	in	the	leaf.	Veins	deliver	water	from	the
roots,	and	carry	off	sugar	from	mesophyll	cells	to	other	plant	areas	(Figure	2.30).	Only	chl	a	can	participate	directly	in	the	light	reactions.	Other	pigments	in	the	thylakoid	membrane	(e.g.,	chl	b,	carotenoids)	can	absorb	light	and	transfer	the	energy	to	chl	a.	These	pigments	thus	broaden	the	spectrum	of	solar	light	(wavelengths)	that	can	drive
photosynthesis.	Plants	only	use	a	narrow	range	of	frequencies	from	sunlight	between	400	and	700	nm.	Light	reactions	on	the	thylakoid	membrane	convert	solar	energy	and	produce	oxygen,	and	dark	reactions	fix	CO2	in	the	Calvin-Benson	cycle	to	make	sugar,	as	shown	in	Figure	2.31.	Molecular	Motors	Other	subcomponents	of	biological	cells	exhibit
equally	fascinating	feats	of	nanoengineering.	For	illustration,	consider	molecular	motors,	composed	of	a	discrete	number	of	atoms	that	produce	molecular	or	supramolecular	motions.	Molecular	motors	derive	energy	from	ATP	that	is	present	in	the	cytoplasm	and	nucleoplasm	of	every	cell	and	is	the	universal	energy	currency	for	all	biological	processes
(see	Figure	2.24).	Living	things	can	use	ATP	like	a	battery.	Molecular	motors	are	in	a	sense	nanomachines	that	do	mechanical	work	through	the	hydrolysis	of	ATP,	the	energy	source	of	the	cell.	During	hydrolysis	of	ATP,	a	shape	change	occurs	within	the	motor	protein	(a	mechanochemical	process),	and	mechanical	work	is	performed.	This	mechanical
work	is	used	to	move	the	motor	along	a	track	in	order	to	perform	a	load	transport	function	or	to	apply	forces	to	the	filament	for	cell	motility	and	cell	92   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	ADP	NADP+	Pi	Calvin-Benson	cycle	FIGURE	2.31 	Photosynthesis	with	light	reaction	and	dark	reaction	in	the	Calvin-
Benson	cycle.	division.	Three	types	of	motors	can	be	distinguished,	i.e.,	linear	motors	(such	as	myosin,	dynein,	and	kinesin),	rotary	motors	(F0	-F1	ATP	synthase)	and	polymerization	motors	(RNA,	ssDNA);	their	tracks	and	functions	are	summarized	in	Table	2.5.	Many	of	proteins	can	be	considered	nanoactuators,	not	only	rotary	or	linear	motor	proteins.
In	some	cases,	even	a	simple	binding	of	a	protein	and	a	specific	target	molecule—a	chemical	reaction—results	in	definite	shape	change—a	mechanical	effect.	A	conformational	change	might	be	put	to	good	use	in	genetically	engineered	nanoactuators	or	biosensors	(see	calmodulin	example,	below).	Kinesin	is	a	linear	motor	protein	that	steps	along	the
microtubuli,	the	tubelike	fibrils	of	the	cell’s	skeleton,	and	is	responsible	for	carrying	organelles	over	a	long	distance	within	the	cell	(Figure	2.32).	Most	kinesins	“walk”	toward	the	plus	ends	of	microtubules.	A	single	kinesin	molecule	can	drag	along	relatively	large	things	like	chromosomes	and	other	organelles.	Svoboda	et	al.	demonstrated	that	kinesin
can	even	work	in	vitro	on	a	microscope	slide.48	This	was	demonstrated	by	gluing	kinesin	on	microtubuli	and	observing	it	drag	along	a	little	ball	of	silica	gel.	Its	strength	is	about	5	piconewtons	(the	force	a	laser	pointer	makes	on	a	screen).	Optical	tweezers	are	well	suited	for	studying	molecular	motors	because	of	their	low	spring	constants.	Using
optical	traps,	this	same	group	determined	that	kinesin	moves	in	individual	steps	that	are	8	nm	(80	Å)	in	length,	a	size	consistent	with	its	dimensions	(Figure	2.33).48	Microtubules	can	also	move	themselves	on	a	glass	slide	surface	containing	bound	kinesin	(a	single	molecule	bound	to	glass	can	move	a	microtubule).	For	the	latest	on	kinesin	research,
visit	the	kinesin	homepage	at	.	Noji	et	al.	discovered	that	the	γ-subunit	of	the	hydrophilic	F1	portion	of	ATPase	rotates	in	response	to	the	synthesis/hydrolysis	of	ATP	(Figure	2.34).49	The	moving	part	of	an	ATPase	is	a	central	protein	shaft	(or	rotor,	in	electric-motor	terms)	that	rotates	in	response	to	electrochemical	reactions	with	each	of	the
molecule’s	three	proton	c	hannels	(comparable	to	the	electromagnets	in	the	stator	coil	of	an	electric	motor).	The	ubiquitous	ATPase	was	the	first	rotary	motor	enzyme	ever	found,	and	the	force	generated	by	this	motor	protein	(>100	pN)	is	among	the	greatest	of	any	known	molecular	motor.	The	enzyme	puts	out	a	very	large	torque,	comparable	Table
2.5 	Molecular	Motors	and	Their	Tracks	and	Functions	Type	Track	Myosin	Dynein	F-actin,	filament	Microtubules	Kinesin	Microtubules	Polymerase	RNA,	single-stranded	Function	Cell	crawling,	cell	division,	muscle	contraction	Eukaryotic	cell	(produces	the	axonemal	beating	of	cilia	and	flagella	and	also	transports	cargo	along	microtubules	toward	the
cell	nucleus)	Organelle	transport,	chromosome	segregation,	moves	cargo	inside	cells	away	from	the	nucleus	along	microtubules	Nuclear	processes	(transcribes	RNA	from	a	DNA	template)	Nature	as	an	Engineering	Guide:	Biomimetics   	93	Kinesin	Vesicle	Plus	end	Microtubule	Glass	slide	FIGURE	2.32 	Kinesin	motor.	Schematic	diagram	showing
movements	mediated	by	kinesin,	an	ATP-driven	motor,	on	microtubule	tracks.	Vesicles	and	beads	containing	kinesin	molecules	on	their	surface	move	toward	the	plus	end	of	microtubules.	Microtubules	can	also	move	themselves	along	a	glass	slide	containing	bound	kinesin.48	to	a	person	rotating	a	150-m	rod.	The	enzyme	can	spin	such	a	long	filament
because	it	automatically	ratchets	down	the	rotation	rate.	A	no-load	rotational	velocity	of	1020	rpm	was	calculated,	and	the	motor	has	a	diameter	of	less	than	12	nm.	Montemagno	et	al.,50	then	at	Cornell	University,	integrated	these	genetically	engineered	motor	proteins	with	NEMS,	for	example,	by	attaching	the	protein	nanomotors	to	arrays	of	nickel
posts	and	attaching	nickel	rotor	blades	to	the	protein	molecules.50	The	“handle”	for	40	Optical	trap	Displacement	(nm)	Minus	end	attaching	the	ATPase	motor	to	the	nanofabricated	metallic	substrates	is	a	synthetic	peptide	composed	of	histidine	and	other	amino	acids.	The	histidine	peptide	allows	the	molecular	motors	to	adhere	to	nanofabricated
patterns	of	gold,	copper,	or	nickel—	the	three	standard	contact	materials	in	integrated	circuits.	The	researchers	attached	fluorescent	microspheres	(~1	µm	in	diameter)	to	the	ATPase	molecule’s	rotor	and	observed	the	microsphere	movement	with	a	differential	interferometer	and	with	a	charge-coupled	device	camera.	The	authors	envision	that	F1-
ATPase	motors	will	be	used	to	pump	fluids	and	open	and	close	valves	in	nano-	and	microfluidic	devices	and	provide	mechanical	drives	for	a	new	class	of	nanomechanical	devices.50	This	work	was	cited	by	Discover	magazine	as	one	of	the	most	promising	new	technologies	of	1999.	Today,	twelve	years	later,	that	promise	remains	unmet.	Bacteria	swim	in
viscous	liquid	environments	by	rotating	helical	propellers	known	as	flagella,	shown	in	Figure	2.35	(see	also	Volume	I,	Chapter	6,	“Mixing,	Stirring,	and	Diffusion	in	Low	Reynolds	Number	Fluids”).	The	bacterial	flagellum	is	a	nanomachine	made	of	about	twenty-five	different	proteins,	each	of	them	in	multiple	copies	ranging	from	a	few	to	tens	of
thousands.	It	is	constructed	by	self-assembly	of	these	large	numbers	of	proteins,	each	into	a	different	32	24	Bead	16	Kinesin	8	0	Microtubule	0.0	0.1	0.2	0.3	0.4	0.5	0.6	Time	(s)	FIGURE	2.33 	Laser	tweezers	were	used	to	study	kinesin	motors	with	the	kinesin	molecule	attached	to	a	bead	traveling	over	a	microtubule.	(From	94   	From	MEMS	to
Bio-NEMS:	Manufacturing	Techniques	and	Applications	Na+	a	Periplasm	c	F0	Na+	γ	ε	Cytoplasm	ATP	b	β	ADP	+	Pi	F1	δ	α	α	10	nm	FIGURE	2.34 	ATPase	motors.	A	single	molecule	of	F0	F1-ATPase	acts	as	a	rotary	motor—the	smallest	known.	A	central	rotor	of	radius	~1	nm,	formed	by	its	γ-subunit,	turns	in	a	stator	barrel	of	radius	~5	nm	formed	by
three	α-	and	three	β-subunits.	part	that	exerts	a	different	function,	such	as	a	rotary	motor,	bushing,	drive	shaft,	rotation-switch	regulator,	universal	joint,	helical	propeller,	and	rotary	promoter	for	self-assembly.	The	rotary	motor,	with	a	diameter	of	only	30–40	nm,	drives	the	rotation	of	the	flagellum	at	around	300	Hz,	at	a	power	level	of	10–16	W,	with
energy	conversion	efficiency	close	to	100%.	These	protein	motors	appear	to	be	fueled	by	a	flow	of	protons	across	a	pH	gradient	and	can	push	an	average-sized	cell	at	30,000	nm/s	or	15	bodylengths	per	second—and	can	also	run	in	reverse!51	In	comparison,	the	surface	micromachined	motors	of	Volume	II,	Chapter	7,	are	hopelessly	impractical.	The
structural	designs	and	functional	mechanisms	revealed	in	the	complex	machinery	of	the	bacterial	flagellum	could	provide	many	novel	technologies	that	may	become	the	basis	for	future	nanotechnology,	from	which	we	should	be	able	to	find	many	useful	applications.	Mammalian	muscle,	nature’s	ubiquitous	actuator	for	larger	organisms,	is	another
chemomechanical	actuator.	Muscle	cells	are	long	and	cylindrical	and	made	up	of	thick	myosin	filaments	surrounded	by	thin	actin	filaments.	A	central	myosin	filament	and	surrounding	actin	filaments	form	a	sarcomere	unit,	which	has	a	length	of	2.5	µm	and	a	thickness	of	10–20	nm.	The	thin	and	thick	filaments	are	interdigitated,	and	upon	muscle
contraction,	the	thick	filaments	are	pulled	along	the	thin	filament	in	a	ratchet-like	manner	(Figure	2.36).	The	linear	motion	is	effected	by	the	myosin	head,	which	is	attached	to	the	thick	filament	via	a	flexible	hinge	and	binds	to	the	actin	filament	(Figure	2.37).	This	linear	protein	motor	again	uses	chemical	energy	released	in	the	conversion	of	ATP	to
ADP	and	a	phosphate	ion	(Pi).	The	hydrolysis	of	1	mol	of	ATP	releases	about	10	kcal	of	energy	(i.e.,	6.96	×	10	–20	J	per	molecule).	The	maximum	static	muscle	force	generated	per	unit	cross-sectional	area	(i.e.,	tension,	stress)	is	about	0.350	MPa,	a	constant	number	for	all	vertebrate	muscle	fibers.	In	vertebrate	muscle,	the	maximum	force	generated
can	be	held	only	for	short	periods	of	time	because	of	muscle	fatigue.	The	maximum	sustainable	force	usually	is	about	30%	of	the	peak	value.	For	this	reason,	the	maximum	static	sustainable	stress	generated	by	muscle	is	about	0.100	MPa.	The	maximum	power	per	unit	mass	(in	W/kg)	is	an	important	figure	of	merit	for	robotic	and	prosthetic	actuators.
For	human	muscle,	it	typically	measures	Hook	2	7	nm	Flagellar	filament	“Bearing”	Outer	membrane	Peptidoglycan	layer	Inner	(plasma)	membrane	“Rotor”	“Stator”	Conceptual	diagram	of	the	motor	mechanism	of	E.	coli	FIGURE	2.35 	Bacteria	swim	in	viscous	liquid	environments	by	rotating	helical	propellers	called	flagella.	Nature	as	an	Engineering
Guide:	Biomimetics   	95	Sacromere	Thick	filament	(myosin	filament)	Z	disc	Relaxation	Thin	filament	(actin	filament)	Z	disc	Contraction	FIGURE	2.36 	Muscle	cells:	the	linear	motion	of	muscles,	which	results	in	muscle	contraction,	is	driven	by	chemical	energy	as	ATP	is	hydrolyzed.	about	50	W	kg –1	but	can	be	as	high	as	200	W	kg –1	for	some
muscles	for	a	brief	period	of	time.	To	illustrate	the	excellent	cycle	lifetime	of	a	muscle,	we	need	only	look	at	cardiac	muscle.	The	heart	beats	more	than	3	×	109	times	in	the	lifetime	of	an	average	person;	an	excellent	lifetime	compared	with	any	artificial	actuator.	When	trying	to	mimic	a	muscle	with	an	artificial	actuator,	one	of	the	most	difficult
properties	to	emulate	is	the	extreme	change	in	stiffness	occurring	between	resting	muscle	and	maximally	activated	muscle.	Stiffness	can	increase	as	much	as	5	times	from	rest	to	a	100%	contraction.52	On	the	basis	of	these	observations,	researchers	preparing	artificial	muscles	are	now	shifting	from	using	stiff	inorganic	Thick	filament	(myosin)	Thin
filament	(actin)	materials	with	a	high	Young’s	modulus,	such	as	Si,	to	low-Young’s	modulus	organic	materials,	such	as	hydrogels	and	redox	polymers.	The	beating	motion	of	hair-like	cilia	on	cells	and	of	flagella	depends	on	an	interplay	of	a	pair	of	proteins,	dynein	and	tubulin	(see	Figure	2.38).	Dyneins	walk	toward	the	minus	ends	(the	microtubule	part
with	less	expand	and	shrink	activity)	of	microtubules,	causing	sliding	of	microtubules,	which	leads	to	a	beating	motion.	This	protein	pair	is	equivalent	to	the	myosin	and	actin	pair	in	muscle	tissue	(see	Figure	2.37).	Unlike	the	cells	of	plants	and	fungi,	animal	cells	do	not	have	a	rigid	cell	wall.	This	feature	was	lost	in	the	distant	past	by	the	single-celled
organisms	that	Z	line	Myosin	head	ATP	1	ATP	binds	to	a	myosin	head,	which	is	released	from	an	actin	filament	ADP	P	ADP	P	2	Hydrolysis	of	ATP	cocks	the	myosin	head.	New	position	of	Z	line	Ca2+	3	The	myosin	head	attaches	to	an	actin	binding	site,	with	the	help	of	calcium.	4	The	power	stroke	slides	the	actin	(thin)	filament.	FIGURE	2.37 	The	linear
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FIGURE	2.38 	Dynein,	found	in	cilia	and	flagella,	causes	a	beating	motion.	gave	rise	to	the	kingdom	Animalia.	Most	eukaryotic	cells,	both	animal	and	plant,	range	in	size	between	1	and	100	µm.	The	lack	of	a	rigid	cell	wall	allowed	animals	to	develop	a	greater	diversity	of	cell	types,	tissues,	and	organs.	Specialized	cells	that	formed	nerves	and	muscles
—tissues	impossible	for	plants	to	evolve—gave	these	organisms	mobility.	The	ability	to	move	about	by	the	use	of	specialized	muscle	tissues	is	a	hallmark	of	the	animal	world,	though	a	few	animals,	primarily	sponges,	do	not	possess	differentiated	tissues.	Notably,	protozoans	locomote,	but	only	via	nonmuscular	means,	in	effect,	using	cilia,	flagella,	and
pseudopodia.	Different	types	of	cells,	such	as	neuronal	cells	and	brain	cells	will	be	reviewed	in	more	detail	in	the	context	of	equipping	micro-	or	nanomachines	with	a	muscle	and	brains	in	Chapters	8	and	9,	this	volume,	respectively.	Hydrophobic	and	Hydrophilic	Forces	Drive	Self-Assembly	in	Nature	Introduction	Hydrophobic	forces	are	most
important	with	regard	to	self-assembly	such	as	in	protein	folding,	cell	wall	formation	and	formation	of	macromolecular	assemblies	(e.g.,	DNA	hybridization).	The	concept	of	hydrophobic	forces	only	was	introduced	in	the	1950s	and	is	hard	to	define,	as	the	underlying	physical	principles	are	not	easily	understood.*	Jencks’s	*	“The	magnitude,	range	and
origin	of	the	hydrophobic	interaction	have	been	a	mystery	ever	since	the	pioneering	work	by	Kauzman	and	Tanford”	(J.	Israelachvili,	2005).53	definition	is	one	of	the	better	ones:	“hydrophobicity	is	an	interaction	between	molecules	that	is	stronger	than	the	interaction	of	the	separate	molecules	with	water,	and	can	not	be	accounted	for	by	covalent,
electrostatic,	H-bonding	or	charge	transfer	processes.”	As	we	saw	in	Volume	I,	Chapter	7,	a	hydrophobic	molecule,	also	termed	a	nonpolar	or	lipophilic	molecule,	is	a	water-fearing	or	-repelling	molecule.	Since	hydrophobic	molecules	are	not	electrically	polarized,	and	because	they	are	unable	to	form	hydrogen	bonds,	water	repels	them	in	favor	of
bonding	with	other	water	molecules.	Examples	of	hydrophobic	molecules	include	the	alkanes,	oils,	fats,	and	greasy	substances	in	general.	Hydrophilic	or	polar	molecules	is	the	term	used	for	waterloving	molecules.	Examples	include	polar	organic	groups		such	as	amino,	carboxyl,	and	hydroxyl	groups,	such	as	those	in	amines,	carboxylic	acids,	and
alcohols.	Amphiphilic	or	amphipathic	mole	cules	are	molecules	that	have	both	a	hydrophobic	and	a	hydrophilic	component,	which	makes	them	at	the	same	time	water-loving	and	water-repelling.	They	are	compounds	that	exhibit	both	hydrophilic	and	hydrophobic	properties	simultaneously,	for	example,	fatty	acids	and	detergents.	One	type		of	an
amphiphilic	molecule	has	a	water-soluble		car	boxylic	group	head	and	a	water-insoluble	hydro	carbon	tail.	Amphiphilic	molecules	of	this	sort	are	called	surfactants.	A	surfactant	is	a	soluble	chemical	amphiphilic	compound	that	reduces	the	surface	tension	between	two	liquids.	It	is	used	in	many	detergents	and	soapy	cleaning	compounds	because	of	its
ability	to	surround	grease	particles	and	solubilize	them.	Another	type	of	amphiphilic	molecules,	introduced	below,	is	the	phospholipids.	Hydrocarbon	groups	have	greater	polarizability	(not	to	be	confused	with	polarity)	than	water,	so	they	prefer	to	interact	with	each	other	rather	than	with	water.	But	this	effect	is	rather	small,	so	there	must	be	a	more
dominant	effect	at	work,	especially	since	even	if	the	force	between	nonpolar	molecules	is	repulsive	they	are	aggregating	when	put	together	in	a	polar	medium.	The	complex	that	forms	between	nonpolar	molecules	has	less	unfavorable	interaction	with	the	solvent	than	the	sum	of	the	uncomplexed	molecules	(the	lesser	of	two	evils	so	to	speak)	(Figure
2.39).	It	is	this	latter	effect	that	Nature	as	an	Engineering	Guide:	Biomimetics   	97	Nonpolar	molecule	Nonpolar	molecule	Nonpolar	molecule	Nonpolar	molecule	FIGURE	2.39 	Aggregation	reduces	the	hydrophobic	surface	area	that	requires	ordering	of	water	molecules	for	optimized	solvation.	causes	the	hydrophobic	interaction—which	in	itself	is
thus	incorrectly	named	since	the	energetic	driving	force	comes	from	the	hydrophilic	molecules.	The	hydrophobic	effect	is	illustrated	in	more	detail	in	Figure	2.40	and	in	the	sequence	of	events	in	Figure	2.41.	Both	figures	clarify	what	happens	when	we	dissolve	lipid	molecules	in	water.	In	Figure	2.40,	we	illustrate	how	hydrophobic	compounds	upset
the	structure	of	water	and	lead	to	the	formation	of	a	clathrate.	A	clathrate,	clathrate	compound,	or	cage	compound	is	a	chemical	substance	consisting	of	a	lattice	of	one	type	of	molecule	trapping	and	containing	a	second	type	of	molecule.	The	ordering	of	the	shell	of	water	molecules	around	the	hydrocarbon	solute	in	a	clathrate	compound	(so	as	to
minimize	“dangling”	H-bonds)	causes	a	significant	decrease	in	the	entropy	of	the	water	(ΔS	<	0).	Typically,	the	total	change	in	entropy,	ΔS,	in	dissolving	small	hydrocarbon	molecules	in	water	(at	298	K)	is	about	–100	J	K–1	mol–1.	This	decrease	in	entropy	(associated	with	the	ordering	of	molecules)	makes	it	unfavorable	to	mix	“hydrophobic	molecules”
in	water,	or	solvent	entropy	favors	the	removal	of	nonpolar	solutes	from	solution.	The	overall	enthalpy	change	of	interaction	of	a	nonpolar	solute	with	water,	on	the	other	hand,	Tetrahedrally	coordinated	FIGURE	2.40 	A	water	“cage”	around	another	molecule	or	a	clathrate.	is	not	particularly	unfavorable	(ΔH	<	0)	because	the	nonpolar	molecules
induce	cage-like	ordering	of	the	first	shell	of	water	molecules	(clathrate),	strengthening	their	H-bonding.	Comparing	the	numbers,	it	is	clear	that	the	origin	of	the	hydrophobic	effect	is	mostly	entropic.	The	latter	is	also	clear	from	the	following	example.	When	a	hydrophobic	molecule	such	as	n-butane	is	added	to	water	at	25ºC,	the	Gibbs	free	energy
changes	as	follows.	ΔG	=	ΔH	–	TΔS	=	–4.3	+	28.7	=	+24.5	kJ/mol	(2.7)	Generalizing,	ΔH	is	related	to	bond	formation/	breaking,	and	ΔS	is	related	to	configurational	freedom	and	water	ordering.	For	a	favorable	reaction,	we	want	the	equilibrium	constant	to	be	K	>	1,	ΔG	0,	where	K	=	exp(–ΔG˚/RT)	with	R	=	8.3145	JK–1mol–1.	In	the	case	of	ΔH	–	-
negative,	we	have	bond-making	gain,	and	with	ΔS	–	negative	we	lose	entropy	because	of	increased	ordering.	It	is	thus	enthalpically	favorable	to	place	n-butane	in	water,	but	it	is	unfavorable	from	an	entropic	perspective	(increasing	order).	The	sequence	of	events	depicted	in	Figure	2.41	illustrates	what	happens	when	amphiphilic	or	amphipathic
molecules	are	placed	in	water	to	form	a	micelle.	A	micelle	is	an	aggregate	of	amphipathic	molecules	in	water,	with	the	nonpolar	portions	in	the	interior	and	the	polar	portions	at	the	exterior	surface,	exposed	to	water.	In	Figure	2.41a,	the	water	molecules	around	one	amphiphilic	molecule	reduce	the	entropy	of	the	water	through	ordering	(forming	of	a
clathrate).	In	Figure	2.41b,	we	show	a	dispersion	of	lipid	molecules,	where	each	molecule	forces	surrounding	water	molecules	to	become	highly	ordered.	In	Figure	2.41c,	only	lipids	at	the	edge	of	the	cluster	force	the	ordering	of	water.	Fewer	water	molecules	are	ordered,	and	the	entropy	is	thus	increased.	Finally,	in	Figure	2.41d,	all	hydrophobic
groups	are	sequestered	from	water;	the	ordered	shell	of	water	is	minimized,	the	entropy	is	further	increased,	and	a	micelle	is	formed.	The	two	immiscible	phases	(hydrophilic	and	hydrophobic)	change	so	that	their	corresponding	interfacial	area	is	minimized	in	the	micelle	construct.	This	effect	constitutes	a	phase	separation.	Depending	on	their
concentration	and	ionic	strength	in	solution,	98   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	Hydrophilic	“head	group”	“Flickering	clusters”	of	H2O	molecules	in	bulk	phase	Hydrophobic	alkyl	group	Highly	ordered	H2O	molecules	form	“cages”	around	the	hydrophobic	alkyl	chains	(a)	(b)	(c)	(d)	FIGURE	2.41 	Steps
involved	in	making	a	micelle.	See	text	for	explanation.	(a)	The	water	molecules	around	one	amphiphilic	molecule	reduce	the	entropy	of	the	water	through	ordering	(forming	of	a	clathrate).	(b)	Dispersion	of	lipid	molecules,	where	each	molecule	forces	surrounding	water	molecules	to	become	highly	ordered.	(c)	Only	lipids	at	the	edge	of	the	cluster	force
the	ordering	of	water.	Fewer	water	molecules	are	ordered,	and	the	entropy	is	thus	increased.	(d)	All	hydrophobic	groups	are	sequestered	from	water;	the	ordered	shell	of	water	is	minimized,	the	entropy	is	further	increased,	and	a	micelle	is	formed.	the	temperature,	and	other	factors,	surfactants	can	assemble	into	spherical	micelles,	cylindrical
micelles,	or	bilayers	(membranes)	or	even	saddle	surfaces	in	bicontinuous	structures	(Figure	2.42).	A	bicontinuous	surface,	as	shown	in	Figure	2.43,	separates	the	oil	phase	and	water	phase.	The	oil	and	water	are	completely	separated,	but	both	are	continuous	across	the	system.	Bilayer	sheets	are	bent	into	“cubic	phases,”	in	which	sheets	are	bent	into
a	complex,	ordered	network	of	channels	(see	also	.	org/bpa/reports/bmm/bmm.html).	In	a	low-dielectric-constant	solvent,	micelles	turn	inside	out,	shielding	their	hydrophilic	heads	and	forming	a	reverse	micelle.	Micelles	form	spontaneously—i.e.,	ΔG 	Lz	E	n	=	1,	E	y	nz	=	2	ny	=	2,	nz	=	1	DOS	Lz	Ly	DOS	DOS	kx	0D	ny	=	1,	nz	=	1	kx	ky	Lx	>	Ly	>	Lz	nx
=	2,	E	ny	=	2,	nz	=	1	nx	=	1,	ny	=	2,	nx	=	2,	nz	=	1	ny	=	1,	nz	=	1	nx	=	1,	ny	=	1,	nz	=	1	E	Lz	Lx	Ly	DOS	FIGURE	3.22 	Quantization	in	zero	(3D),	one	(2D),	two	(1D),	and	three	(0D)	directions.	142   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	(a)	(b)	1D	(e)	functions	from	Volume	I,	Figure	3.81,	described	in	the
following	expressions:	1P	(e)	Conduction	band	1S	(e)	Eg	(QD)	Eg	(bulk)	Valence	band	(c)	Absorption	α	1S	(h)	1P	(h)	1D	(h)	QD	Bulk	Eg	(bulk)	1P	1D	1S	Photon	energy	Eg	(QD)	FIGURE	3.23 	Blue	shift	in	CdSe	quantum	dot.	(a)	CdSe	bulk	semiconductor.	(b)	CdSe	quantum	dot	(QD).	(c)	Quantum	dot	photon	energy	absorption	spectrum.	CdSe
semiconductor	quantum	dot	(see	Figure	3.23).	Such	a	spherical	nanocrystal	may	be	made	from	solution	using	colloid	chemistry	instead	of	the	epitaxial	methods	used	to	make	the	cubic	nanoparticle	considered	in	Volume	I,	Figure	3.141.	The	dimensions	of	this	nanocrystal	are	smaller	than	the	electron	de	Broglie	wavelength	or	the	exciton	Bohr	radii
(see	also	Volume	I,	Chapter	3).	Semiconductor	QDs	possess	high	radiative	efficiency,	are	compatible	with	semiconductor	device	technology,	and	are	considered	promising	elements	for	implementing	the	coherent	control	of	the	quantum	state,	which	is	essential	for	quantum	information	processing.	In	the	case	of	an	electron	in	a	spherical	quantum	well,
the	Hamiltonian	separates	into	angular	and	radial	parts,	and	because	of	the	spherical	symmetry	this	results	in	the	following	eigen-energies	and	eigen-states:	E	n,l,m	=	E	n,l	and	Ψ	(r,θ,φ)	=	Yl,m	(θ,φ)R	n.l	(r)	(3.1)	with	Yl,m	(θ,φ)	the	spherical	harmonics	and	Rn.l	(r	)	the	radial	wave	functions.	The	energy	levels	and	wave	functions	do	of	course	depend	on
the	details	of	the	confining	potential.	If	that	potential	is	an	infinite	spherical	well,	where	V	=	0	for	r	<	R	and	V	=	∞	for	r	>	R,	then	the	solutions	are	the	atom-like	spherical	Bessel	E	n,1	=		2βn2	,1	and	2m	*e	R	2	æβ	rö	R	n,1	=	j1	ç	n	,1		for	r	<	R	è	R	ø	(3.2)	(3.3)	where	jl(x)	is	the	lth	spherical	Bessel	function	and	the		coefficient	βn,l	is	the	nth	zero
crossing	of	jl(x),	with	example	values	β0,0	=	π	(1S),	β0,1	=	4.5	(1P),	β0,2	=	5.8	(1D),	β1,0	=	2π	(2S),	and	β1,1	=	7.7	(2P).	In	parentheses	and	boldface,	we	list	the	atomic	notations	for	the	orbitals	involved.	This	outcome	explains	why	these	spherical	nanocrystals	are	often	called	artificial	atoms.	The	spacing	between	the	lowest	two	energy	levels	ΔE	=
E0,1	−	E0,0,	also	called	the	1S	transition,	for	a	CdSe	nanocrystal	with	a	conduction	band	effective	mass	m*e	of	0.13	me	and	a	radius	R	of	2	nm	is	calculated,	using	Equation	3.2,	as	follows:	2	2.9	eV	æ	βn,1	ö	E	n,1	=	R	2	çè	β0	,0	ø	(3.4)	or	∆E	=	E0,1	−	E0,0	=	0.76	eV,	which	is	much	larger	than		the	thermal	energy	of	the	carriers	(kT).	This	result	is
schematically	represented	in	Figure	3.23,	where	in	panel	c	we	compare	the	absorption	α	of	light	by	bulk	CdSe	with	that	by	a	nanocrystal	of	CdSe,	clearly	indicating	that	the	bandgap	is	wider	for	the	nanoparticle,	which	results	in	a	blue	shift.	The	probability	of	optical	transitions	between	two	quantum	states	is	controlled	by	Fermi’s	Golden	Rule	(see
Volume	I,	Chapter	3),	which	predicts	that	optical	absorption	must	be	proportional	to	the	density	of	states,	because	a	photon	cannot	be	absorbed	if	there	is	no	final	state	available	for	the	electronic	transition	to	go	to.	Bulk	semiconductor	and	nanocrystal	have	the	same	overall	absorption	per	unit	volume	when	integrated	over	all	frequencies.	But	in	the
case	of	a	nanocrystal,	the	absorption	spectrum	consists	of	a	series	of	discrete	transitions	with	very	high	absorption	transitions	(sharp	peaks),	whereas	a	bulk	semiconductor	has	a	continuous	absorption	Nanotechnology   	143	spectrum.	This	spectral	concentration	of	a	quantum	dot	enhances	all	resonant	effects	and	increases	the	energy	selectivity.
The	sharpening	of	the	density	of	states	(DOS)	at	specific	energies	induced	by	quantum	confinement	is	at	the	origin	of	many	improvements	in	the	properties	of	nanostructured	materials	compared	with	bulk	materials.	The	1S	(e)	electron	level	shown	in	Figure	3.23b	increases	in	energy	with	a	decreasing	R,	while	the	1S	(h)	energy	level	decreases	for	a
decreasing	R.	As	a	consequence,	the	bandgap	of	CdSe	grows	over	a	wide	range	as	one	varies	R,	resulting	in	a	dramatic	shift	in	the	optical	spectra	with	changing	particle	size.	This	is	called	the	blue	shift,	as	the	energies	shift	to	higher	values	or	shorter	wavelengths	for	a	decreasing	particle	size.	The	particle	size	sensitivity	of	optical	spectra	enables	one
to	tune	continuously	those	spectra	from	blue	to	infrared,	for	both	absorption	and	emission.	This	can	lead	to	applications	ranging	from	new	more	intense	light-emitting	diodes	to	more	stable	fluorescent	labels.	As	an	important	example,	the	very	strong	optical	transitions	at	particular	frequencies	have	motivated	researchers	to	develop	quantum	dot
lasers	(the	laser	principle,	which	is	explained	in	Volume	I,	Chapter	5).	Arakawa	and	Sakaki,	in	1982,	predicted	significant	increases	in	the	gain	and	decreases	in	the	threshold	current	of	semiconductor	lasers	utilizing	quantum	dots.56	These	predictions	set	off	an	intense	effort	worldwide	to	fabricate	such	structures.	In	Volume	I,	Chapter	5,	we
compared	the	energy	separation	calculated	above	for	a	semiconductor	particle	to	that	of	a	metal	nanoparticle	of	the	same	size	(2	nm).	We	found	that	quantum	effects	are	much	more	readily	observed	for	semiconductor	particles	than	for	metal	particles	(see	“Optical	Properties	of	Metals”).	Plasmonic	Effects	in	Metal	Nanoparticles	Surface	plasmon	(SP)
waves	are	coherent	electron	oscillations	at	the	interface	between	any	two	materials		where	the	real	part	of	the	dielectric	function	changes	sign	across	the	interface	(say	a	metaldielectric	interface).	In	the	case	of	metal	nanoparticles,	we	saw	in	Volume	I,	Chapter	5,	that	these	surface	plasmon	waves	are	localized	and	are	readily	observed.	These
“localized	plasmons”	may	be	excited	directly	by	light	absorption.	For	metallic	nanoparticles	significantly	smaller	than	the	wavelength	of	light,	light	absorption	then	concentrates	to	a	narrow	wavelength	range	and	results	in	brilliant	colors	(see	Volume	I,	Figure	5.94).	With	changing	particle	size	and	shape,	those	colors	change	because	of	changes	in	the
surface	plasmon	resonance	frequency	ωp,	the	frequency	at	which	conduction	electrons	oscillate	in	response	to	the	alternating	electric	field	of	the	incident	electromagnetic	radiation	(see	Equation	5.216).	For	a	gold	spherical	particle,	the	frequency	is	about	0.58	of	the	bulk	plasma	frequency.	Although	the	bulk	plasma	frequency	for	bulk	gold	is	in	the
UV	range,	the	SP	frequency	is	in	the	visible	range	(close	to	520	nm).	The	Au	plasmon	effects	are	illustrated	by	the	historic	stained	glass	which	adorn	medieval	cathedrals	(see	Figure	3.1).	Only	materials	with	free	electrons	(essentially	Au,	Ag,	and	Cu	and	the	alkali	metals)	possess	plasmon	resonances	in	the	visible	spectrum.	Au	and	Ag	often	are	used	in
nanophotonics	because	of	their	excellent	chemical	stability	and	very	good	conductivity.	For	nonspherical	particles,	such	as	rods,	the	resonance	wavelength	depends	also	on	the	orientation	of	the	electric	field.	Confinement	and	quantization	phenomena	are	visible	in	semiconductors	already	at	dimensions	of	200	nm,	whereas	in	metals	they	typically	are
seen	only	at	1–2	nm.	Metallic	nanostructures	exhibit	major	changes	in	their	optical	spectra	due	to	light	absorption	by	plasmonics	waves	at	the	surface	of	these	structures.	The	plasmonic	effects	of	metal	nanoparticles	often	mask	the	metal	nanoparticle	quantum	effects.	Transparent	Ceramic	Nanoparticles	Previously,	we	dealt	with	the	fascinating
quantum	properties	of	semiconductor	quantum	dots	and	the	plasmonic	behavior	of	metal	nanoparticles.	Here	we	clarify	the	properties	of	insulating	ceramic	nanoparticles.	Ceramics	can	be	defined	as	inorganic,	nonmetallic	materials.	They	are	typically	crystalline	in	nature	and	are	compounds	formed	between	metallic	and	nonmetallic	elements,	such	as
aluminum	and	oxygen	(alumina:	Al2O3),	calcium	and	oxygen	(calcia:	CaO),	and	silicon	and	nitrogen	(silicon	nitride:	Si3N4).	The	two	main	categories	of	ceramic	nanoparticles	are	metal	oxide	ceramics,	such	as	titanium,	zinc,	aluminum,	calcium,	and	iron	oxides,	to	name	just	a	few,	and	silicate	nanoparticles	(silicates,	or	silicon	oxides),	generally	in	the
form	of	nanoscale	144   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	flakes	of	clays.	It	is	the	width	of	the	forbidden	bandgap	(Eg)	that	determines	whether	these	ceramics	act	as	insulators	(Eg	>	2	eV)	or	as	semiconductors	(Eg	<	2	eV).	The	fact	that	the	dimensions	of	these	ceramic	nanoparticles	are	below	the	critical
wavelength	of	light	renders	them	transparent,	which	makes	for	a	convenient	property	for	their	use	in	packaging,	cosmetics,	and	coatings.	Ceramic	nanoparticles,	like	metal	and	semiconductor	nanoparticles,	also	can	be	formed	into	coatings	and	bulk	materials	at	lower	temperatures	than	their	non-nanocounterparts,	reducing	manufacturing	costs.
Superhydrophobicity	and	the	Lotus	Effect	In	Volume	I,	Chapter	6,	we	saw	how	nanofeatures	on	a	surface	improves	the	wettability	for	hydrophilic	surfaces	(θ	<	90°).	A	drop	on	such	surface	will	seem	to	sink	into	the	hydrophilic	surface	(see	Volume	I,	Figure	6.45a).	This	phenomenon	is	called	superhydrophilicity.	For	hydrophobic	surfaces	(θ	>	90°)	the
wettability	decreases	for	a	nanotextured	surface	compared	with	a	polished	surface	of	the	same	material.	It	is	energetically	unfavorable	to	wet	a	rough	hydrophobic	surface	and	this	result	in	an	increased	water	repellency	or	superhydrophobicity	(Volume	I,	Figure	6.45b).	Superhydrophic	surfaces,	like	a	lotus	leaf,	are	also	self-cleaning.	As	we	saw	in
Volume	I,	Figure	6.46,	a	droplet	on	an	inclined	superhydrophobic	surface	does	not	slide	off;	it	rolls	off.	When	droplets	roll	over	contaminant	particles,	the	particles	are	removed	from	the	surface	if	the	force	of	absorption	of	the	particles	by	the	droplet	is	higher	than	the	stiction	force	between	the	particles	and	the	surface.	Usually	the	force	needed	to
remove	particles	is	very	low	because	of	the	minimized	contact	area	between	the	contaminants	and	the	surface.	As	a	result,	the	droplet	cleans	the	leaf	by	rolling	off	the	surface.	The	combination	of	the	chemistry,	the	nanostructures,	and	the	adherence	properties	of	dirt	and	water	to	the	surface,	is	what	Barthlott	and	Neinhuis	named	the	lotus	effect.57
In	the	lotus	plant,	the	effect	arises	because	lotus	leaves	have	a	very	fine	surface	structure	and	are	coated	with	hydrophobic	wax	crystals	of	around	1	nm	in	diameter.	In	the	lotus	plant,	the	actual	contact	area	is	only	2–3%	of	the	droplet-covered	surface.	Several	surface	treatments	have	been	developed	for	roof	tiles,	fabrics,	wood,	paper,	etc.,	that	can
stay	FIGURE	3.24 	Water-repellant	wood:	BASF’s	lotus-effect	aerosol	spray	combines	nanoparticles	with	hydrophobic	polymers	such	as	polypropylene,	polyethylene,	and	waxes.	As	it	dries,	the	coating	develops	a	nanostructure	through	self-assembly.	BASF	says	that	the	spray	particularly	suits	rough	surfaces	such	as	paper,	leather,	textiles,	and
masonry.	dry	and	clean	themselves	in	the	same	way	as	the	lotus	leaf	(see	Figure	3.24).	Water	does	not	adhere	to	the	wood	surface	shown	in	Figure	3.24	but	rolls	off	the	paint,	picking	up	and	washing	away	debris	in	the	process.	By	remaining	dry,	the	coating	also	resists	better	mold,	mildew,	and	algae.	The	lotus	effect	can	be	achieved,	for	example,	by
using	special	fluorochemical	or	silicone	treatments	on	structured	surfaces	or	with	compositions	containing	microscale	and	nanoscale	particulates.	In	one	method,	by	Guo	et		al.,58	an	aluminum	surface	is	made	superhydrophobic	by	immersing	it	in	sodium	hydroxide	for	several	hours	(which	roughens	the	surface)	followed	by	spin	coating	a	layer	of
perfluorononane	to	a	thickness	of	2	nm.	This	procedure	increases	the	water	contact	angle	from	67°	to	168°.	Electron	microscope	images	show	that	the	aluminum	surface	resembles	that	of	a	lotus	surface,	with	a	porous	microstructure	containing	trapped	air.	Any	surface	treatment	that	creates	micro-	or	nanoscale	roughness	with	features	having	a
height	to	width	ratio	greater	than	1	that	is	subsequently	coated	with	a	thin	hydrophobic	coating	will	exhibit	the	lotus	effect.	Clothing	that	repels	water	has	already	been	developed	and	marketed	by	brands	such	as	Gap	and	Dockers;	it	uses	a	fabric	named	Nano-Care	day.com/tech/	columnist/cckev060.htm.	The	BASF’s	lotus-effect	aerosol	spray,
demonstrated	in	Figure	3.24,	combines	nanoparticles	with	hydrophobic	polymers	such	as	polypropylene,	Nanotechnology   	145	polyethylene,	and	waxes.	It	also	includes	a	propellant	gas.	As	it	dries,	the	coating	develops	a	nanostructure	through	self-assembly.	Magnetic	Properties	of	Nanoparticles	Magnetic	behavior	of	nanostructured	materials
was	investigated	from	the	early	days	of	nanotechnology.	One	of	the	key	findings	so	far	is	that	the	coercivity	Hc,	the	intensity	of	the	magnetic	field	needed	to	reduce	the	magnetization	of	a	ferromagnetic	material	to	zero	after	it	has	reached	saturation,	as	a	function	of	particle	size	goes	through	a	maximum	(see	Figure	8.52).59,60	The	coercivity	first



increases	linearly	with	decreasing	grain	size.	The	reason	for	the	coercivity	Hc	increasing	proportional	to	1/d	is	that	as	particles	decrease	in	size	the	magnetic	domain	size	starts	to	coincide	more	and	more	with	the	grain	size.	As	an	example,	for	Fe	the	1/d	scaling	is	observed	from	100	µm	down	to	40	nm.	In	the	single-domain	region	a	change	of
magnetization	can	only	be	produced	by	rotation	of	the	magnetization	of	a	single	grain	or	crystallite	as	a	whole,	which	requires	strong	magnetic	fields,	depending	on	the	shape	and	anisotropy	of	the	particle.	As	the	size	of	the	magnetic	elements	is	further	scaled	down	the	coercivity	goes	over	a	peak	and	then	decreases	very	fast	(with	a	d6	dependence).
In	this	regime,	a	transformation	from	ferromagnetic	to	superparamagnetic	behavior	takes	place.	Typical	particle	sizes	for	the	ferrro-	to	superparamagnetic	phase	transformation	are	between	10	and	20	nm	for	oxides	and	1–3	nm	for	metals.	In	the	superparamagnetic	state	of	the	material,	the	room	temperature	thermal	energy,	kT,	overcomes	the
magnetostatic	energy	of	the	domain	or	particle.	The	resulting	fluctuations	in	the	direction	of	magnetization	cause	the	magnetic	field	to	average	to	zero.	Thus,	the	material	behaves	in	a	manner	similar	to	paramagnetism,	except	that	instead	of	each	individual	atom	being	independently	influenced	by	an	external	magnetic	field,	the	magnetic	moment	of
the	entire	crystallite	tends	to	align	with	the	magnetic	field.	Superparamagnetic	particles	are	attracted	to	a	magnetic	field	but	retain	no	residual	magnetism	after	the	field	is	removed	(no	hysteresis).	These	superparamagnetic	nanoparticles,	feature	a	high	saturation	magnetization,	high	relative	permeability,	low	coercivity,	high	resistivity,	and	low
hysteresis	loss,	and	all	of	this	benefits	a	large	number	of	applications,*	including	in	ferrofluids	(see	Figure	8.53).	The	quest	for	a	high-throughput	manufacturing	method	for	nanoparticles—be	they	semiconductors,	metals,	or	insulators—is	driven	by	their	many	extraordinary	properties,	some	of	which	are	summarized	in	Table	3.4.	Nanoparticle
Manufacture	Introduction	Generally,	nanoparticle	manufacturing	techniques	sort	out	in	either	“bottom-up”	methods	or	“top	down”	methods.	In	bottom-up	methods,	as	we	saw	above,	the	nanoparticles	are	synthesized	directly	to	the	desired	shape	and	size.	One	such	bottom-up	method	is	chemical	synthesis	in	a	liquid.	An	example	of	a	top-down
technique	is	a	mechanical	method	such	as	ball	milling	(also	called	mechanical	attrition).	A	further	way	of	categorizing	nanoparticle	production	techniques	is	based	on	the	phase	in	which	the	process	takes	place,	i.e.,	gas	phase,	liquid	phase,	and	solid	phase	methods.	The	solid	phase	method	is	limited	in	terms	of	producing	nanometer	scale	particles.	The
liquid	phase	method	and	the	gas	phase	method	are	more	suitable.	Yet	another	way	of	classifying	nanoparticle	manufacturing	techniques,	the	method	we	adapt	in	this	chapter,	is	as	follows:	1.	In	situ	fabrication:	These	techniques	incorporate	lithography,	vacuum	coating	[e.g.,	molecular	beam	epitaxial	growth	(MBE)	and	metallorganic	chemical	vapor
deposition	(MOCVD)	epitaxial	growth]	and	spray	coating	on	solid	surfaces.	2.	Mechanical	manufacturing:	This	is	a	top-down	method	that	reduces	the	size	of	particles	by	attrition,	for	example,	ball	milling	or	planetary	grinding.	3.	Liquid	phase	synthesis	(wet	chemistry):	This	is	fundamentally	a	bottom-up	technique;	i.e.,	it	starts	with	ions	or	molecules
and	builds	up	into	larger	structures.	These	nanoparticle	*	On	the	other	hand,	it	is	also	because	of	superparamagnetism	that	hard	drives	are	expected	to	stop	growing	once	they	reach	a	density	of	150	gigabits	per	square	inch.	146   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	Table	3.4 	Semiconductor,	Metal,	and
Insulator	Nanoparticle	Properties	Semiconductor	Quantum	confinement	at	dimensions	∼10–100	nm.	Blue	shift	when	the	nanoparticle	is	of	the	size	of	the	exciton’s	Bohr	radius.	Light	absorption	is	determined	by	the	band-edge	transition,	which	is	strongly	size-	and	shapedependent,	making	the	absorption	highly	tunable.	Density	of	states:	electronic
energy	levels	around	the	Fermi	level	are	strongly	affected	for	sizes	in	the	10–100-nm	range.	Luminescence	is	very	intense	and	can	be	tuned.	The	I-V	behavior	is	characterized	by	the	Coulomb	blockade.	Quantum	efficiency	(∼0.1–0.5),	spectral	range	of	emission	(400–2000	nm),	and	cross-section	∼10–19	m2.	A	very	high	S/V	ratio	leads	to	very	high
catalytic	properties	and	lowers	the	melting	temperature	Tm.	Metal	Quantum	confinement	at	smaller	dimensions	∼2–3	nm.	Electron	motion	is	limited	by	the	size	of	nanoparticle.	Light	absorption	is	determined	by	the	surface	plasmon	resonance,	which	is	size-	and	shapedependent.	Density	of	states:	electronic	energy	levels	around	the	Fermi	level	are
strongly	affected	for	sizes	in	the	1–2-nm	range.	Luminescence	is	very	weak.	The	I-V	behavior	is	characterized	by	the	Coulomb	blockade.	Quantum	efficiency	(∼10–4),	spectral	range	of	emission	(500–9000	nm),	and	cross-section	∼10–13	m2.	A	very	high	S/V	ratio	promotes	very	high	catalytic	properties	and	lowers	melting	temperature	Tm.
Superparamagnetic	nanoparticles	feature	a	high	saturation	magnetization,	high	relative	permeability,	low	coercivity,	high	resistivity,	and	low	hysteresis	loss,	and	all	of	this	benefits	ferrofluids.	Insulator	Improved	sintering	and	hardness.	Nanophase	powder	compacts	more	easily	in	the	sintering	process.	Successful	sintering	enhances	hardness	of
materials.	Nanophase	powders	compact	more	easily	than	their	analogous	submicrometer	particles.	Strength	and	hardness.	Better	for	materials	with	smaller	crystal	grains,	as	dictated	by	the	HallPetch	relation	(Volume	I,	Equation	2.70).	The	specific	heat	capacity	(Cv)	of	nanocrystalline	materials	is	higher	than	that	of	their	bulk	counterparts.	A	very
high	S/V	ratio	promotes	very	high	catalytic	properties	and	lowers	melting	temperature	Tm.	manufacturing	techniques	historically	can	be	placed	under	the	title	of	colloid	chemistry	and	involve	classic	“sol-gel”	processes	or	other	aggregation	processes.	4.	Gas	phase	synthesis:	These	methods	include	plasma	vaporization,	chemical	vapor	synthesis,	and
laser	ablation.	Terminology	one	encounters	frequently	when	discussing	manufacture	of	nanoparticles	includes:	◾◾	Cluster:	A	collection	of	units	(atoms	or	reactive	molecules)	of	up	to	about	fifty	units	◾◾	Colloids:	A	stable	liquid	phase	containing	particles	in	the	1–1000	nm	range	◾◾	Nanoparticle:	A	solid	particle	in	the	1–100	nm	range	that	could	be
noncrystalline,	an	aggregate	of	crystals,	or	a	single	crystal	◾◾	Nanocrystal:	A	solid	particle	that	is	a	single	crystal	in	the	nanometer	range	In	Situ	Fabrication	Lithography	Techniques	In	a	lithographic	top-down	approach,	electron	beam	or	ion	beam	lithography	may	be	used	to	etch	in	situ	a	pattern	of	columns	in	a	quantum	well	heterostructure	[e.g.,	a
GaAs/AlGaAs	quantum	well	(Figure	3.25)].	The	quantum	well	heterostructure	provides	Nanotechnology   	147	Electron	beam	(a)	(b)	Polymer	mask	Quantum	well	1	Active	ions	4	2	5	3	Quantum	dot	6	Metal	FIGURE	3.25 	Fabrication	of	small,	laterally	patterned	multiple	quantum	dot	columns	by	e-beam	lithography	in	a	GaAs/	AlGaAs.	(a)	process	of
quantum	dot	etching.	(b)	etched	quantum	dots	in	a	Gas/AlGaAs	well	(scanning	electron	microscope	picture).61	1D	electron	confinement	in	a	plane	because	of	the	mismatch	of	the	bandgaps	of	the	two	composing	materials	resulting	in	the	formation	of	a	potential	energy	well	at	their	interfaces	(see	also	Volume	I,	Figures	3.122	and	3.128).	In	the
example	in	Figure	3.25,	a	positive	resist	is	used	as	electron	or	ion	beam	mask	and	in	the	exposed	areas	the	mask	is	removed.	Next,	the	entire	surface	is	covered	with	a	thin	metal	layer.	After	a	lift-off	development,	the	polymer	film	and	the	protective	metal	layer	are	removed,	and	a	clean	surface	of	the	sample	is	obtained,	except	for	the	previously
exposed	areas,	where	the	metal	layer	remains	(4).	Next,	by	reactive	ion	etching,	the	areas	not	protected	by	the	metal	mask,	slim	pillars	are	created,	containing	the	cut-out	fragments	of	quantum	wells	(5–6).	In	this	way,	the	motion	of	electrons,	which	initially	is	confined	in	the	plane	of	the	quantum	well,	is	further	restricted	to	a	small	pillar	with	a
diameter	of	the	order	of	10–100	nm.	Owing	to	the	simplicity	of	the	production	of	thin,	homogeneous	quantum	wells,	GaAs	is	the	most	commonly	used	material	for	creating	dots	by	means	of	etching.	Disadvantages	of	this	technique	are	that	it	is	slow,	low	density,	and	prone	to	defect	formation.	As	pointed	out	in	Volume	I,	Chapter	3,	confinement	in
lateral	directions	may	also	be	implemented	using	electrostatic	confinement	with	metal	electrodes,	lithographically	patterned	on	the	surface	of	a	quantum	well	structure	(see	Volume	I,	Figure	3.138,	for	a	quantum	wire	and	Figure	3.144	for	a	quantum	dot).	Self-Organized	Epitaxial	Growth	Self-organized	epitaxial	growth	is	another	example	of	in	situ
nanoparticle	manufacture.	Oriented	growth	is	referred	to	as	epitaxy	and,	as	we	saw	in	Volume	II,	Chapter 7,	it	is	subdivided	into	homoepitaxy	and	heteroepitaxy.	Homoepitaxy	is	epitaxy	performed	with	only	one	material:	a	crystalline	film	is	grown	on	a	substrate	or	film	of	the	same	material.	Heteroepitaxy	is	epitaxy	performed	with	materials	that	are
different	from	each	other:	a	crystalline	film	grows	on	a	crystalline	substrate	or	film	of	another	material.	This	technology	may	be	applied	for	growing	crystalline	films	of	materials	of	which	single	crystals	cannot	be	obtained	and	for	the	integration	of	crystalline	layers	of	different	materials.	Examples	include	gallium	nitride	(GaN)	on	sapphire	or
aluminum	gallium	indium	phosphide	(AlGaInP)	on	gallium	arsenide	(GaAs).	Here,	we	will	use	the	heteroepitaxy	technique	to		form	islands	(quantum	dots)	of	one	material	on	the	surface	of	another.	To	understand	this	method	better,	we	first	gather	some	148   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	E	rc	=	critical
nucleus	size	E*	=	activation	barrier	to	nucleation	FIGURE	3.26 	Nanoparticle	growth	in	a	vapor.	r	background	on	nucleation	and	growth	of	particles	in	air	and	on	a	solid	surface.	Consider	a	droplet	of	radius	r	in	contact	with	a	vapor	(Figure	3.26).	The	Gibbs	free	energy	change	ΔG	for	this	system	is	given	by	the	following	expression:	4	∆G	=	πr	3	∆G	V
+	4	πr	2	γ	3	FIGURE	3.27 	The	Gibbs	free	energy	as	a	function	of	particle	radius.	rcritical	=	−2γ	Ω	kTln(1+	S)	(3.8)	16πγ	3	3(∆G	v	)2	(3.9)	and	also:	(3.6)	(3.6)	Pv	−	Ps	,	Ω		=	Ps	the	atomic	volume	(volume	per	atom),	Pv	the	actual	pressure	in	the	gas	phase,	and	Ps	the	saturated	vapor	pressure	at	equilibrium.	When	P	>	Ps,	one	defines	supersaturation,
P	=	Ps	means	equilibrium	is	attained,	and	at	P	<	Ps	the	gas	phase	is	undersaturated.	The	presence	of	surface	tension,	as	illustrated	in	Figure	3.27,	always	produces	an	activation	barrier	to	the	nucleation	of	condensed	phases.	This	is	true	for	solids	and	for	liquids	(see,	for	example,	the	case	of	etching	a	single	crystal	in	a	solution	as	illustrated	in	Volume
II,	Figure	4.60).	The	critical	nucleus	size,	marked	rc	in	Figure	3.27,	can	be	calculated	from	the	following:	with	S	defined	as	supersatuation	S	=	4	3	πr	∆GV	+	4πr	2γ	3	4	3	πr	∆GV	3	(3.5)	where	γ	=	surface	tension,	the	first	term	on	the	right	is	the	free	energy	change	per	unit	volume,	and	the	second	term	on	the	right	is	the	free	energy	change	per	unit
area	of	surface.	The	first	term	can	be	calculated	as	follows:	kT	æ	PV	ö	kT	∆G	V	=	ln	ln	(1	+	S	)	=	Ω	çè	PS	ø	Ω	∆G	=	∆G*critical	=	From	Equation	3.8,	as	supersaturation	S	increases,	the	critical	nucleus	size	decreases,	so	that	for	very	small	particles	one	needs	high	super-saturation	and	rapid	nucleation.	The	deposition	rate	of	atoms	on	the	nanoparticle	is
then	given	as	follows:	dN	=	hn	s	A*	exp	dt	−	∆G*critical	kT	(3.10)(3.10)	where	h	=	the	Arrhenius	pre-exponential	ns	=	t	he	number	density	of	atoms	in	the	gas	phase	A*	=	the	area	of	the	critical	nucleus	The	Schwöbel	barrier	(ΔG*critical)	determines	the	kinetics	(dN/dt)	of	the	system.	∂∆G	2	=	4	π	r	∆G	+	8	π	r	γ	(3.7)	For	condensation	of	atoms	on	a
solid	surface	v	∂r	(Figure		3.28)	instead	of	on	a	spherical	particle,	Equation	3.5	is	modified	to	the	following	expression:	∂∆G	2−γ	=	0,	so	that	rcritical	=	The	maximum	of	the	curve	is	at	∂r	∆G	v	∆G	=	l1l2	h∆G	V	+	l1l2	(	γ	)	+	l1β1	+	l2β2	(3.11)	2−γ	kT	æ	Pvv	ö	kT	0,	so	that	rcritical	=	In	(1	+	S)	=	and,	with	∆G	vv	=	Surface	Line	∆G	v	Ω	çè	Pss	ø	Ω	tension
tension	(Equation	3.6)	we	obtain:	Nanotechnology   	149	l1	l2	10	nm	FIGURE	3.28 	Island	formation	on	flat	solid	surfaces.62	To	identify	l1	and	l2	see	Figure	3.28.	The	product	l1l2	corresponds	to	the	area	of	the	adsorbate	coverage.	Where	γ	is	the	surface	tension	and	β1	and	β2	are	line	tensions.	A	line	tension	represents	an	additional	contribution
to	the	surface	tension	due	to	the	presence	of	steps.	The	step	line	tension	may	be	calculated	as	the	difference	between	the	surface	tension	of	stepped	and	flat	surfaces	per	step	and	step	length.	When	an	adsorbate	coverage	as	shown	in	Figure	3.28	exceeds	one	monolayer,	one	speaks	of	thin-film	growth.	Thin-film	growth	is	controlled	by	the	interplay	of
thermodynamics	and	kinetics,	and	the	following	elementary	processes	take	part:	adsorption,	surface	diffusion,	re-evaporation,	capturing	by	defects,	and	combination	with	other	adatoms	to	form	clusters	(nucleation).	Small	clusters	are	metastable,	but	they	become	stable	at	a	critical	island	size,	determined	by	the	energy	gain	for	condensation	and	the
energy	cost	to	form	new	surfaces.	Depending	on	the	surface	diffusion	of	atoms,	different	growth	modes	result,	governed	by	the	bond	strength	between	the	atoms	in	the	layer	and	the	atom-substrate	bonds.	The	occurrence	of	these	different	growth	modes	can	be	understood	qualitatively	in	terms	of	the	surface	tension,	γ	(surface	energy)	as	depicted	in
Figure	3.29.	γF	γ	S	ϕ	γ	F/S	FIGURE	3.29 	Surface	tension	of	a	film	forming	on	a	solid	surface	(see	also	Volume	I,	Figure	6.43).	The	surface	tension,	represented	by	the	symbol	γ	(see	Volume	I,	Equation	6.88),	is	the	force	along	a	line	of	unit	length,	where	the	force	is	parallel	to	the	surface	but	perpendicular	to	the	line.	Surface	tension	is	therefore
measured	in	force	per	unit	length.	Its	SI	unit	is	Newton	per	meter,	but	the	cgs	unit	of	dynes	per	centimeter	is	most	commonly	used.	The	wetting	angle	φ	of	a	drop-like	island,	illustrated	in	Figure	3.29,	is	determined	by	the	surface	tensions	of	substrate	(γS),	film	(γF),	and	film-substrate	interface	(γFS).	Balance	of	these	forces	changes	during	growth.
Flat	surfaces	exhibit	three	canonical	growth	modes,	depending	on	the	surface	and	interface	energies.	Beyond	that,	one	finds	more	exotic	growth	modes	at	stepped	surfaces.	In	the	case	of	γS	>	γF	+	γFS,	typically,	the	first	layer	wets	the	surface	but	subsequent	layers	do	not.	The	first	atomic	layer	tries	to	coat	the	whole	surface	to	provide	optimal	free
energy	reduction	but	with	subsequent	layers	the	situation	changes:	the	first	atomic	layer	reduces	the	surface	energy	of	the	substrate	and	new	atoms	do	not	experience	the	same	interface	energy	as	the	first	atomic	layer.	In	addition,	the	added	layers	have	to	absorb	the	misfit	strain	energy,	which	grows	with	increasing	film	thickness	(see	below).
Therefore,	one	can	have	either	a	continued	layer-by-layer	growth	mode	(Frank-van	der	Merwe	mode),	which	is	relatively	rare,	or	the	formation	of	islands	on	top	of	a	flat	first	layer	(StranskiKrastanov	growth	mode).	If	the	energy	balance	at	the	interface	is	tipped	the	opposite	way,	i.e.,	γS	<	γF	+	γFS,	the	overlayer	has	a	tendency	to	nucleate
threedimensional	islands	right	away	and	leave	the	lowenergy	substrate	exposed	(Volmer-Weber	growth).	This	situation	usually	occurs	when	growing	more	reactive	materials	on	top	of	an	inert	substrate,	such	as	in	the	case	of	transition	metals	on	a	noble	metal	or	an	oxide.	The	Stranski-Krastanov	growth	(SK	growth;	also	spelled	Stransky-Krastanov	or
Stranski-Krastanow)	is		one	of	the	three	primary	modes	by	which	thin	films		grow	epitaxially	at	a	crystal	surface	or	interface.	Also	known	as	layer-plus-island	growth,	the	SK	growth	mechanism	was	first	noted	by	Ivan	Stranski		and	L.		Von	Krastanov	in	1939.	It	was	not	until	1958,	however,	in	a	seminal	work	by	Ernst	Bauer	published	in	Zeitschrift	für
Kristallographie,	that	the	150   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	SK,	Volmer-Weber,	and	Frank-van	der	Merwe	mechanisms	were	systematically	classified	as	the	primary	thin-film	growth	processes.	Since	then,	SK		growth	has	been	the	subject	of	intense	investigation,	not	only	to	better	understand	the
complex	thermodynamics	and	kinetics	at	the	core	of	thin-film	formation,	but	also	as	a	route	to	fabricating	novel	nanostructures	for	application	in	the	microelectronics	industry.	The	range	of	possible	growth	modes	becomes	richer	when	going	down	in	dimensionality.	For	example,	when	growing	one-dimensional	stripes	on	a	two-dimensional,	stepped
surface.	In	addition	to	an	extension	of	the	three	growth	modes	described	above,	one	finds	additional	phenomena	that	are	related	to	the	interaction	with	the	one-dimensional	steps.	As	we	saw	in	Equation	3.11	when	stepped	surfaces	are	involved	line	tensions	due	to	the	presence	of	steps	contribute	to	the	surface	tension.	Layer-bylayer	growth	turns	into
row-by-row	growth,	which	is	often	called	step	flow	growth	because	the	step	edge	propagates	downhill.	There	are	other	modes	as	well,	such	as	the	reverse	step	flow,	where	the	material	accumulates	at	the	top	of	the	step	edge	and	propagates	in	the	opposite	direction.	For	manipulating	these	different	growth	modes,	it	is	important	to	understand	and
control	the	surface	and	interface	energies.	Broadly	speaking,	one	distinguishes	three	classes	of	solids	where	three	different	terms	domi	nate	the	surface	energy.	Metals	try	to	achieve	the	highest	possible	number	of	neighbors.	Therefore,	the	surface	with	the	lowest	free	energy	is	closepacked.	Ionic	solids,	such	as	alkali	halides,	have	the	constraint	that
a	stable	surface	needs	to	be	charge	neutral.	Otherwise	the	Coulomb	energy	of	a	sheet	of	charge	diverges.	Covalent	solids,	such	as	semiconductors,	have	very	directional	bonds	that	rearrange	themselves	extensively	in	order	to	minimize	the	density	of	broken	bonds	at	the	surface.	Bond	counting	is	a	first	approximation,	but	the	intricate	rearrangement
of	atoms	at	semiconductor	surfaces	often	defies	our	expectations.	The	absolute	values	of	the	surface	energy	are	typically	highest	for	transition	metals	and	rare	earths	(2–3	Jm–2);	intermediate	for	covalent	semiconductors,	noble	metals,	and	simple	metals	(1–2	Jm–2);	and	lowest	for	ionic	insulators	(0.3–1	Jm–2).	The	three	growth	modes	are	summarized
in	Figure	3.30.	If	γs	>	γf	+	γsf	γs	>	γf	+	γsf	γs	>	γf	+	γsf	With	misfit	3D	islanding	(Volmer-Weber)	Layer-by-layer	followed	by	3D	islanding	(Stranski-Krastanov)	Film	Substrate	Layer-by-layer	(Frank	van	der	Merwe)	FIGURE	3.30 	Summary	of	the	three	film	growth	mechanisms.	1.	γS	>	γF	+	γFS.	At	the	highest	surface	diffusion	rates,	layer-by-layer	or
Frank-van	der	Merwe	growth	mode	is	observed.	The	growing	layer	reduces	the	substrate	surface	very	fast,	i.e.,	it	wets	the	surface.	2.	γS	<	γF	+	γFS.	High	rate	of	incoming	atoms	and	high	Ehrlich-Schwöbel	barrier,	leads	to	island	growth	or	Volmer-Weber	growth.	The	growing	layer	wants	to	minimize	interface	energy	and	its	own	surface	energy	and
the	layer	“balls	up”	on	the	surface.	3.	γS	>	γF	+	γFS	with	misfit.	Layer	plus	island	or	SK	growth.	SK	growth	is	possible	in	a	hetero	epitaxial	system	(misfit).	This	is	the	case	of	most	interest	for	nanomanufacturing.	If	the	crystal	structure	(lattice	constants)	is	different	for	substrate	and	film,	strain	appears	at	the	interface	because	of	this	misfit.	The	strain
depends	on	the	size	of	this	misfit:	ε	=	(b	–	a)/a,	with	a	and	b	the	lattice	constants	for	substrate	and	film	(see	also	Vegard’s	law,	Volume	I,	Equation	4.74).	The	elastic	strain	of	a	lattice	mismatch	can	be	accommodated	either	by	a	pseudomorphic	growth	or	by	misfit	dislocations,	as	illustrated	in	Figure	3.31.	In	Figure	3.32,	this	is	illustrated	for	the	case	of
Ge	on	Si,	where	we	see	how	the	island	structure	forms	(see	also	Volume	I,	Figure	4.59).	In	this	case,	since	the	Ge	lattice	is	4%	bigger	than	Si,	bonding	of	Ge	to	Si	compresses	the	Ge	lattice	by	4%.	As	the	deposited	film	gets	thicker,	atoms	continue	to	be	forced	to	adapt	to	a	different	lattice	constant,	and	the	total	strain	energy	increases	linearly	with	the
thickness	of	the	growing	film:	2	E	strain	æ	∆a	ö	=	λ	ç		At	è	a	ø	(3.12)	Nanotechnology   	151	b	=a	b	=a	b	≠a	b⊥	≠	a	b⊥	≠	a	b⊥	=	a	a	Lattice-matched	a	a	Pseudomorphic	a	Dislocated	a	a	FIGURE	3.31 	The	deposited	atoms	try	to	adopt	to	the	lattice	constant.	A	lattice	mismatch	can	be	accommodated	by	pseudomorphic	growth	or	by	misfit
dislocations.	FIGURE	3.32 	As	the	germanium	lattice	is	4%	bigger	than	that	of	Si,	bonding	of	Ge	to	Si	compresses	the	Ge	lattice	by	4%.	As	the	deposited	film	gets	thicker,	atoms	continue	to	be	forced	to	adapt	to	a	different	lattice	constant,	and	the	total	strain	energy	increases	linearly	with	the	thickness	of	the	growing	film.	where	λ	=	elastic	modulus
Δa	=	forced	change	in	lattice	constant	a	=	“free”	lattice	constant	A	=	area	t	=	thickness	In	lattice-mismatched	systems,	self-organized	quantum	dots	can	be	achieved	by	utilizing	the	Stranski-Krastanov	growth	mode	(in	an	MBE	or	MOCVD	reactor).	In	this	mode,	isolated	islands	form	spontaneously	above	a	certain	critical	thickness	to	relieve	the
mismatch	strain	energy.	This	is	illustrated	in	Figure	3.33.	Depending	on	the	growth	conditions,	one	can	get	compact	islands	or	ramified	(fractal)	islands.	The	compactness	of	the	islands	depends	on	the	diffusion	probability	along	its	edges:	this	in	turn	depends	on	the	surface	temperature.	In	the	extreme	case	of	hit-and-stick,	at	low	temperatures,	where
surface	diffusion	is	limited,	a	diffusion	limited	aggregation	model	holds,	which	predicts	fractal	islands.	This	is	demonstrated	for	the	example	of	Pt	growth	on	Pt(111)	in	Figure	3.34a	(left-most	image).	The	equilibrium	shapes	are	hexagons	(at	700	K)	(Figure	3.34	panel	c).	The	size	distribution	of	the	islands	is	affected	by	critical	island	size,	coverage,	and
substrate	temperature.	According	to	scaling	theory,	one	can	derive	a	scaling	relation	for	the	size	distribution,	which	depends	only	on	the	critical	size.63	Certain	surfactants	may	change	the	growth	modes.	Adding	surfactants,	a	modification	of	the	kinetics	takes	place	rather	than	a	change	of	the	energetics.	For	example,	the	adatom	diffusivity	on	the
terraces	might	be	influenced,	the	number	of	nucleation	centers	can	be	changed,	the	Schwöbel	barrier	may	be	changed,	etc.	The	classic	example	is	the	growth	of	Ge	on	Si(111).	On	the	bare	surface	there	is	a	Stranski-Krastanov	(SK)	growth.	With	Sb	as	a	surfactant,	the	film	grows	in	a	layer-by-layer	fashion.	Another	example	is	the	influence	of	H	on
Si(111)	on	the	growth	of	Ag.	A	successful	method	for	quantum	dot	laser	fabrication	is	based	on	the	self-organized	SK	growth	described	here.	SK	growth	occurs,	we	just	saw,	when	a	few	monolayers	of	QD	material	(e.g.,	InGaAs)	are	deposited	on	a	lattice	mismatched	material	(e.g.,	GaAs).	First,	a	quantum	well-like	wetting	layer	forms,	from	which
quantum	dots	emerge.	Strain,	surface	energy,	and	interaction	with	surrounding	dots	determine	the	dot	shape,	size,	and	distribution.	Self-organized	quantum	dots	are	distributed	on	a	semiconductor	surface	in	a	random	way,	and	their	size	is	subject	to	variations	of	a	few	percent	(see	152   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and
Applications	Strained	layer	Relaxed	layer	Dislocation	or	other	defect	}	Relaxed	}	Strained	wetting	layer	Dislocation	or	other	defect	}	Relaxed	(normal	lattice	constant)	}	Strained	FIGURE	3.33 	Stranski-Krastanov	growth	mode	(in	an	MBE	growth	or	MOCVD	reactor):	isolated	islands	form	spontaneously	above	a	certain	critical	thickness	to	relieve	the
mismatch	strain	energy.	T	=	300	K	T	=	400	K	Pt/Pt(111)	A	rA	A	rB	γB	=	=0.87±0.02	rA	γA	B	(a)	(b)	B	rB	(c)	FIGURE	3.34 	STM	image	of	Pt	growth	on	Pt(111).	At	300	(a),	400	(b),	and	700	K	(c).	(A)	(B)	(a)	(b)	GaAs	During	the	GaAs	2D-growth	InAs	(c)	(d)	GaAs	During	the	InAs	2D-growth	InAs	(e)	(f	)	GaAs	During	the	InAs	3D-growth	FIGURE	3.35 	InAs
quantum	dots	on	a	GaAs	surface.	(A)	atomic	force	microscope	(AFM)	picture	of	InAs/GaAs	quantum	dots.	(B)	reflection	high-energy	electron	diffraction	(RHEED)	patterns	(a,	c,	e)	during	the	two-dimensional	(2D)	deposition	of	GaAs	(b)	and	the	2D	deposition	of	InAs	(d),	and	the	3D	deposition	of	InAs	(f)	on	a	(100)GaAs	buffer	layer.64	Figure	3.35	with
InAs	quantum	dots	on	a	GaAs	surface).	While	single	quantum	dots	have	sharp,	atomlike	emission	lines,	ensembles	of	quantum	dots	show	an	inhomogeneously	broadened	spectrum.	Size,	distribution,	composition,	and	shape	of	the	quantum	dots	can	be	chosen	by	different	growth	conditions	such	as	temperature	and	precursor	pressure.	Larger	quantum
dots	emit	longer	wavelengths,	and	smaller	dots	emit	shorter	wavelengths.	The	main	advantages	of	self-organized	growth	are	its	integration	into	a	single	growth	run,	the	low	defect	density,	and	the	high	dot	density.	The	main	limitations	of	this	method	are	the	cost	of	fabrication	and	the	lack	of	control	over	positioning	of	individual	dots.	Some	claim	that
Stranski-Krastanov	methods	for	growing	self-assembly	quantum	dots	has	rendered	the	Nanotechnology   	153	lithographic	approach	to	semiconductor	quantum	dot	fabrication	virtually	obsolete.	Reflection	high-energy	electron	diffraction	(RHEED)	is	very	sensitive	to	surface	changes,	because		of	either	structural	changes	or	adsorption,	and	is	a
good	method	by	which	to	monitor	island	growth.	In	RHEED,	a	high-energy	electron	beam	(3–100	keV)	is	directed	at	the	sample	surface	at	a	grazing	angle.	The	distance	between	the	streaks	in	a	RHEED	pattern	(see	Figure	3.35)	gives	us	the	surface	lattice	unit	cell	size.	For	an	atomically	flat	surface,	sharp	RHEED	patterns	result	and	with	rougher
surfaces	one	gets	diffused	RHEED	patterns.	In	layer-by-layer	growth	mode,	RHEED	oscillations	are	observed	(Figure	3.35Ba).	These	are	a	direct	measure	of	growth	rates	in	MBE:	the	oscillation	frequency	corresponds	to	the	monolayer	growth	rate.	The	incident	angle	dependence	of	the	oscillations	suggest	that	interference	between	electrons
scattering	from	the	underlying	layer	and	the	partially	grown	layer	contribute	to	these	oscillations.	The	magnitude	of	the	RHEED	oscillations	damps	out	(see	Figure	3.35Be)	because	as	the	growth	progresses,	islands	nucleate	before	the	previous	layer	is	finished.	Epitaxial	growth	on	patterned	substrates	can	organize	the	quantum	dots	on	a	surface	into
a	regular	pattern,	as	illustrated	in	Figure	3.36	where	the	growth	of	AlGaAs	in	pyramid-shaped	recesses	is	shown.	The	recesses	are	formed	by	selective	ion	etching.	The	main	disadvantage	of	this	technique	is	that	the	density	of	QDs	is	limited	by	the	mask	pattern.	SiO2	(110)	(111)	B	GaAs	substrate	GaAs	Al	GaAs	Al	GaAs	FIGURE	3.36 	Growth	of
quantum	dots	in	pyramid-shaped	recesses	on	a	GaAs	substrate.65	Solid-State	Processes	Solid-state	processes,	involving	top-down	grinding	or	milling	to	produce	ceramic	nanoparticles,	are	also	referred	to	as	mechanical	attrition	methods.	In	mechanical	attrition,	macro-	or	microscale	particles	are	ground	in	a	ball	mill	or	in	other	size-reducing
mechanisms.	The	resulting	particles	are	air	classified	to	recover	the	nanoparticles.	Ball	milling	involves	using	fixed	and	moving	elements	to	reduce	larger	particles	into	micron-sized	and	nanosized	particles.	The	material	to	be	ground	is	reduced	in	size	because	of	the	interaction	of	the	fixed	elements,	the	moving	elements,	and	the	material	itself.	The
milling	materials,	the	milling	time,	and	the	atmosphere	all	affect	the	nanoparticle	properties.	The	kinetic	energy	transfer	from	balls	to	the	powder	in	the	milling	bowl	accomplishes	the	reduction	in	grain	size.	Since	the	kinetic	energy	of	the	balls	is	a	function	of	their	mass	and	velocity,	dense	materials	such	as	steel	or	tungsten	carbide	are	preferred.
Other	materials	used	as	balls	are	agate,	sintered	corundum,	zirconium	dioxide,	Teflon,	chrome	nickel,	silicon	nitride,	etc.	In	order	to	prevent	excessive	abrasion,	the	hardness	of	the	grinding	bowl	used	and	of	the	grinding	balls	must	be	higher	than	that	of	the	materials	that	are	being	ground.	Normally,	grinding	bowls	and	grinding	balls	should	be	made
of	the	same	material.	In	the	initial	stage	of	milling,	a	fast	decrease	of	grain	size	occurs	that	slows	down	after	extended	milling.	Initially	the	kinetic	energy	transfer	leads	to	the	production	of	a	myriad	of	dislocations	in	the	powder	grains	resulting	in	atomic	level	strains.	At	a	certain	strain	level,	the	dislocations	annihilate	and	recombine	to	form	small-
angle	grain	boundaries,	separating	the	individual	grains.	This	way,	subgrains	with	reduced	grain	size	are	formed.	During	further	milling,	this	process	extends	throughout	the	entire	sample.	To	maintain	this	reduction	in	size,	the	material	must	experience	very	high	stresses.	However,	extended	traditional	ball	milling	cannot	maintain	the	required	high
stresses,	and	hence	reduction	of	grain	size	is	limited.	The	other	two	parameters	also	causing	a	limit	to	grain	size	reduction	in	traditional	ball	milling	are	the	local	temperature	developed	due	to	ball	collisions	and	the	overall	temperature	in	the	bowl.	A	rise	in	temperature	also	results	from	154   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques
and	Applications	Table	3.5 	Traditional	Ball	Milling	Compared	with	High-Energy	Ball	Milling	Milling	time	Impact	energy	(W/g	per	ball)	Particle	size	Structural	changes	Chemical	changes	Atmosphere	Temperature	Ball	Milling	High-Energy	Ball	Milling	>	L)	(see	Figure	3.49b).	The	contacts	are	part	of	the	device	and	all	the	scattering	occurs	at	the
contacts;	hence,	all	the	voltage	drops	also	at	the	contacts.	The	resistance,	as	we	saw	in	Volume	I,	Chapter	3,	is	quantized	in	amounts	of	R	=	25.8	kΩ	(see	also	the	Landauer	equation:	Volume	I,	Equation	3.274).	In	metallic	nanotubes,	electrons	can	easily	move	from	the	valence	to	the	conduction	band.	There	is	no	gap	between	the	valence	and
conduction	band	in	armchair	nanotubes,	but	as	we	just	saw,	an	V1	V1	I	V2	L	Power	=	1*∆V	(a)	l	>	L	I	=	2e2∆V	h	Note	h2	=	R	=	25.8	kΩ	e	FIGURE	3.49 	(a)	diffusive	transport	in	an	ordinary	wire.	(b)	ballistic	transport	in	a	quantum	wire.	V2	energy	gap	exists	between	the	valence	and	conduction	bands	in	about	two-thirds	of	zigzag	and	chiral
nanotubes.	The	bandgap	of	the	semiconducting	carbon	nanotubes	can	be	“tuned”	from	0.5	to	1.5		eV	by	adjusting	the	diameter	of	the	nanotube;	as	the	nanotube	diameter	increases,	more	wave	vectors	are	allowed	in	the	circumferential	direction	and	the	band	gap	narrows.	The	carbon	nanotube	band	gap	is	inversely	proportional	to	the	tube	diameter
and	approaches	zero	at	large	diameters,	just	as	for	a	graphene	sheet	(at	a	nanotube	diameter	of	about	3	nm,	the	band	gap	becomes	comparable	to	thermal	energies	at	room	temperature).	The	fact	that	the	electronic	structure	of	a	carbon	nanotube	depends	only	on	its	physical	geometry,	without	any	doping,	is	unique	to	solid-state	physics	and	is	the
basis	for	many	of	its	proposed	applications	in	electronics.	Nanotubes,	we	explained	earlier,	are	made	up	of	graphene	sheets,	and	the	unusual	electronic	properties	of	graphene	arise	from	the	fact	that	the	carbon	atom	has	four	electrons,	three	of	which	are	tied	up	in	bonding	with	its	neighbors.	But	the	unbound	fourth	electrons	are	in	orbitals	extending
vertically	above	and	below	the	plane,	and	the	hybridization	of	these	spreads	across	the	whole	graphene	sheet	(see	also	the	section	below	on	graphene).	The	energy	vs	wavevector	(E-k)	surfaces	and	band	diagrams	of	a	metallic	and	a	semiconducting	carbon	nanotube	are	compared	in	Figure	3.50A.	As	we	saw	above	carbon	nanotubes	can	be	viewed	as	a
rolled	up	graphene	sheet	(Figure	3.50Aa	and	b).	The	periodic	boundary	condition	only	allows	quantized	wave	vectors	around	the	circumferential	direction,	which	generates	one-dimensional	bands	for	carbon	nanotubes.	The	nanotube	can	be	either	metallic	(Figure	3.50Ac)	or	semiconducting	(Figure	3.50Ad).	If	(n1 – n2)/3	=	q	(with	q	an	integer),	then
the	SWNT	is	metallic.	So	with	n1	–	n2	=	0	we	are	dealing	with	a	metallic	tube	and	the	bandgap	is	zero.	And	if	n1 – n2/3	is	not	an	integer	we	have	a	semiconducting	tube	that	exhibits	a	forbidden	band	gap	in	the	E-k	diagram.	As	we	learned	in	Volume	I,	Chapter	3,	carbon	nanotubes	have	peaks	in	their	density	of	states	(DOS)	function	that	are	called
criticalities	or	Van	Hove	singularities.	These	singularities	in	the	DOS	function	lead	to	sharp	peaks	in	optical	spectra	(see	Figure	3.50B)	and	can	be	observed	directly	with	scanning	tunneling	microscopy	Nanotechnology   	165	E	b	x	E	Ef	kx	kx	c	x	y	BZ	boundary	E	ky	Valence	y	Semiconducting	(B)	E11	E22	v1	Density	of	states	Metallic	SWNT	v1	c1
corresponds	to	the	“first	van	Hove”	optical	transition	Conduction	c2	c1	v2	Valence	v1	Density	of	states	x	Ef	(A)	E11	Metallic	d	BZ	boundary	c1	Conduction	Energy	y	Energy	a	Semiconducting	SWNT	v2	c2	corresponds	to	the	“second	van	Hove”	optical	transition	FIGURE	3.50 	The	E-k	surfaces	and	band	diagrams	of	metallic	and	semiconducting	carbon
nanotubes	compared.	(A)	Energy	vs	wave	vector	plot.	Carbon	nanotubes	can	be	viewed	as	rolled	up	graphene	sheets	(a,b).	The	periodic	boundary	condition	only	allows	quantized	wave	vectors	around	the	circumferential	direction,	which	generates	one-dimensional	bands	for	carbon	nanotubes.	The	nanotube	can	be	either	metallic	(c)	or	semiconducting
(d),	depending	on	whether	(n1	−	n2)	is	the	multiple	of	3.	(B)	Sharp	optical	transitions	due	to	Van	Hove	singularities.	Optical	transitions	between	the	v1	−	c1,	v2	−	c2,	etc.,	states	of	semiconducting	or	metallic	nanotubes	are	traditionally	labeled	as	S11,	S22,	M11,	etc.	The	energies	between	the	Van	Hove	singularities	depend	on	the	nanotube	structure.
Thus	by	varying	this	structure,	one	can	tune	the	optoelectronic	properties	of	carbon	nanotubes.	Optical	transitions	are	sharp	(~10	meV)	and	strong.	Consequently,	it	is	relatively	easy	to	selectively	excite	nanotubes	having	certain	(n1,	n2)	indices,	as	well	as	to	detect	optical	signals	from	individual	nanotubes.	(STM)	(see	Volume	I,	Figure	3.135).	At	low
temperatures,	the	derivative	of	the	STM	current	with	respect	to	voltage	(dI/dV)	is	proportional	to	the	density	of	states	at	the	tunneling	electron	energy,	weighted	by	the	density	of	those	states	at	the	STM	tip	position.	Since	dI/dV		∼	local	density	of	states	(LDOS),	the	LDOS	is	directly	observed	from	an	STM	scan.	In	practice,	during	scanning	tunneling
spectroscopy	measurements,	a	constant	tip-sample	separation	is	first	established	by	fixing	the	set-point	current	at	a	given	bias	voltage.	Next,	the	feedback	of	the	STM	is	turned	off	and	a	small	sinusoidal	modulation	is	added	to	the	DC	bias	voltage.	The	resulting	current	modulation	(dI/dV)	is	then	read	off	from	a	lock-in	amplifier,	into	which	the
tunneling	current	signal	from	the	current	preamplifier	is	fed.	The	output	signal	from	the	lock-in	amplifier	is	plotted	as	a	function	of	the	DC	bias	voltage	and	the	tip	position	to	generate	a	tunneling	spectrum	dI/dV	(V,	r),	and	hence	the	LDOS.	By	taking	dI/dV	along	a	line	or	by	taking	a	two-dimensional	dI/dV	map,	changes	in	LDOS	around	a	impurity,	or
among	nanotubes	with	different	crystalline	orientations	can	be	revealed	and	compared	with	theoretical	predictions.	The	density	of	states	(DOS)	functions	for	a	metallic	and	a	semiconducting	carbon	nanotube	are	illustrated	in	Figure	3.50B.	The	peaks	in	these	DOS	functions	are	the	Van	Hove	singularities.	In	Volume		I,	Figure	3.135,	the	same	DOS
functions	are	shown	in	the	top	two	plates,	and	the	differential	conductance	is	illustrated	in	the	bottom	two	plates.	Metallic	carbon	tubes	have	a	constant	DOS	around	E	=	0,	whereas	for	semiconducting	ones,	there	is	a	gap	at	E	=	0	(DOS	=	0).	Carbon	Nanotube	Manufacture	Like	fullerenes,	nanotubes	may	be	formed	in	macroscopic	quantities	in	an	arc
discharge	apparatus	as	described	in	Volume	II,	Chapter	9	(see	Figure	9.25).	In	the	case	of	a	carbon	arc,	one	refers	to	such	a	setup	as	a	Huffman-Kratschmer	reactor.95	In	a	carbon	arc	as	illustrated	in	Figure	3.51,	two	carbon	rods	are	placed	end	to	end	with	a	separation	distance	of	about	1	mm	and	are	used	as	electrodes.	In	an	enclosed	volume	of	an
inert	gas	(He,	Ar)	at	a	low	pressure	(50–70	mbar),	a	current	of	50–100	A,	driven	by	20	V,	creates	a	high-temperature	arc	between	the	electrodes.	The	discharge	vaporizes	one	rod	forming	a	deposit	on	the	other.	Producing	nanotubes	in	high	yield	depends	upon	the	uniformity	in	the	plasma	arc	and	also	upon	166   	From	MEMS	to	Bio-NEMS:
Manufacturing	Techniques	and	Applications	Graphite	rod	–	C-soot	Deposit	Graphite	rod	+	+	DC	arc	discharge	power	source	–	Gas	Vacuum	pump	FIGURE	3.51 	In	the	case	of	a	carbon	arc,	one	refers	to	such	a	setup	as	a	Huffman-Kratschmer	reactor.95	the	temperature	of	the	deposit	on	the	second	carbon	electrode.	At	the	extremely	high	temperatures
of	the	arc	plasma,	a	wide	range	of	carbon	materials	is	formed.	This	may	include	amorphous	carbon,	fullerenes,	nanotubes,	endohedrals	(carbon	structures	with	enclosures),	nanocrystallites,	and	graphite	crystals.	A	typical	yield	for	nanotubes	is	around	30%	by	weight.	It	is	the	most	common	and	arguably	the	easiest	way	to	produce	carbon	nanotubes;	-
however,	as	pointed	out,	it	produces	a	mixture	of	items	such	as	“soot”	and	catalytic	metals	in	the	end	product,	and	the	tubes	are	deposited	in	random	sizes	and	directions.	There	are	a	few	ways	of	improving	the	process	of	arc	discharge	for	producing	either	SWNT	or	MWNT	.	,	..	e	od	p	do	ed	th	wi	o	i,	C	N	An	(see	Figure	3.52).	In	order	to	favor	the
production	of	SWNT,	the	anode	in	the	apparatus	is	doped	with	a	metal	catalyst.	The	most	important	metals	to	catalyze	the	growth	of	graphitic	carbon	nanofibers	are	iron,	cobalt,	and	nickel;	chromium,	vanadium,	and	molybdenum	have	also	been	studied.	The	metals	have	been	used	both	as	bulk	particles	(size	typically	100	nm)	and	as	supported
particles	(10–50	nm).	MWNTs	do	not	need	any	catalysts	to	grow.	By	controlling	the	mixture	of	helium	and	argon	gas,	one	can	also	control	the	diameter	distribution	of	the	produced	nanotubes.	Supposedly,	this	is	due	to	the	fact	that	the	different	mixtures	have	different	diffusion	coefficients	and	thermal	conductivities.	Metal-filled	carbon	nanotubes
(endohedrals)	also	have	been	produced	with	the	arc-discharge	method,	for	example,	by	doping	a	99.4%	graphite	anode	with	a	transition	metal	such	as	Cr	or	Ni,	a	rare	earth	such	as	Yb	or	Dy,	or	a	covalent	element	such	as	S	or	Ge.	A	growth	mechanism	based	on	a	catalytic	process	involving	three	elements,	i.e.,	carbon,	a	metal,	and	sulfur	has	been
proposed.	The	excellent	protective	nature	of	the	outer	graphitic	cages	against	oxidation	of	the	inner	materials	was	demonstrated.103	These	carbon-coated	nanoparticles	are	of	potential	importance	in	the	study	of	nanowire	protection	against	oxidation,	magnetic	data	storage,	magnetic	toner	xerography,	magnetic	inks,	and	ferrofluids.	To	favor
multiwalled	carbon	nanotube	(MWNT)	production,	both	electrodes	in	the	arc	discharge	apparatus	should	be	graphite	(Figure	3.52).	Synthesis	Pu	re	Helium	atmosphere,	gra	ph	400	mbar	ite	ele	Graphite	anode	ct	ro	Plasma	de	s	Deposit	Graphite	cathode	10	pumps	DC	current	source	Single-walled	nanotubes	10	nm	Multiwalled	nanotubes	10	nm
FIGURE	3.52 	A	carbon	arc	can	be	used	to	obtain	single-walled	and	multiwalled	nanotubes.	Nanotechnology   	167	in	a	magnetic	field	and	with	a	rotating	arc	discharge	also	improves	the	MWNT	yield.	Magnets	are	placed	around	electrodes	and	help	align	nanotubes	during	formation.	Purification	is	needed	in	this	case,	which	may	lead	to	loss	of
structure	and	can	cause	disorder	in	the	nanotube	walls.	Purification	of	carbon	nanotubes	is	quite	difficult	because	they	are	insoluble	in	organic	solvents	and	metals	are	often	encased	in	a	carbon	coating.	Possible	solutions	entail	acid	oxidation,	gas	or	water	oxidation,	filtration,	and	chromatography.	Besides	carbon	plasma	arcing,	other	established
methods	to	produce	nanotubes	are	chemical	vapor	deposition	(CVD)	and	laser	ablation.	Morinubo	Endo	of	Shinshu	University	was	the	first	to	make	nanotubes	using	CVD.104	Pushing	the	field	one	step	further,	Hongjie	Dai	et	al.	at	Stanford	University	devised	a	novel	method	for	growing	vertical	singlewalled	carbon	nanotubes	(SWNTs)	on	a	large	scale.
This	group	modified	a	plasma-enhanced	chemical	vapor	deposition	station	and	achieved	ultrahighyield	growth	of	SWNTs,	thus	increasing	their	application	into	commercial	products.105	By	patterning	a	catalyst	on	a	planar	substrate	they	were	able	to	control	where	the	tubes	form,	for	example,	to	make	carbon	nanotube	arrays	on	a	silicon	wafer.106
Typically,	methane,	carbon	monoxide,	synthesis	gas	(H2/CO),	ethyne,	and	ethene	in	the	temperature	range	700–	1200	K	are	employed	to	provide	the	carbon	atoms	in	the	process.	Dai	and	his	colleagues	discovered	that	the	key	to	attaining	SWNTs	is	to	add	oxygen	to	the	CVD	reaction.	While	carbon	atoms	try	to	form	the	nanotube’s	planar	structure,
hydrogen	radicals	are	eating	away	at	the	carbon	tube.	Adding	oxygen	remedies	the	problem	by	scavenging	the	hydrogen	radicals,	creating	a	carbon-rich	and	hydrogen-deficient	environment.	These	conditions	jumpstart	growth	and	spawn	a	vertical	forest	of	nanotubes.	(Dai	and	his	colleagues	were	able	to	create	4-in.	wafers	blanketed	with	SWNTs.	In
addition,	they	devised	a	method	for	lifting	the	nanotubes	off	the	original	growth	substrate	and	transferring	them	onto	a	variety	of	more	desirable	substrates	such	as	plastics	and	metals—materials	incompatible	with	the	high	temperatures	required	for	nanotube	growth.)	A	typical	CVD	setup,	we	saw	in	Volume	II,	Chapter	7,	consists	of	a	target	substrate
held	in	a	quartz	tube	placed	inside	a	furnace	(see	Figure	3.53).	The	yield	of	FIGURE	3.53 	Plasma-enhanced	chemical	vapor	deposition	setup	for	nanotubes:	Firstnano	EasyTube	3000.	this	process	ranges	from	20%	to	100%,	the	process	is	easy	to	scale	up,	and	nanotubes	of	great	length	can	be	produced.	For	example,	with	fast-heating	CVD,	CNTs	that
are	millimeters	long	can	be	grown	while	maintaining	control	over	their	orientation.	Fast	heating	minimizes	interaction	of	the	growing	tubes	with	the	substrate.	Using	this	process,	Huang	et	al.	grew	a	square	2D	network	of	SWNTs	guided	by	flow	of	carrier	gas	(Fe/Mo	catalyst	and	CO2	gas)	(see	Volume	II,	Figure	7.41).108	The	longest	carbon
nanotubes,	as	long	as	18.5	cm,	were	reported	in	2009.	They	were	grown	on	Si	substrates	using	an	improved	chemical	vapor	deposition	(CVD).109	The	general	picture	that	has	emerged	for	nanofiber	formation	is	shown	in	Figure	3.54,	where	we	contrast	base	growth	and	tip	growth.	In	base	growth,	the	catalyst	particle	can	be	found	at	the	base	of	the
nanotube,	whereas	in	tip	growth	the	nanoparticle	is	seen	at	the	very	tip	of	the	tube.	The	latter	seems	to	be	the	most	frequent	growth	mode.	It	is	not	exactly	known	yet	how	the	carbon	atoms	in	any	of	the	manufacturingtechniques	detailed	here	condense	into	tubes.	Hoogenraad	has	proposed	the	following	model	for	nucleation	and	growth	in	the	case	of
carbon	nanowires	grown	on	Ni	catalyst	particles	(Figure	3.55).107	The	process	starts	when	methane	decomposes	into	carbon	and	hydrogen	atoms	at	the	nickel	catalyst	surface	(1–2).	Next,	H2	molecules	desorb,	and	carbon	dissolves	and	forms	a	(substoichiometric)	nickel	carbide	(3).	This	nickel	carbide	is		metastable	with	respect	to	nickel	metal	and
graphite	so	that	after	a	short	time	(e.g.,	10	min),	the	carbide	phase	decomposes	into	metallic	nickel	168   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	20	nm	Tip	growth	Extrusion	or	root	growth	CH	Metal	C	CH	C	+	H	C	C	Support	Metal	Support	FIGURE	3.54 	Base	and	tip	growth	of	carbon	nanotubes.	Arrows	point	to
the	catalyst	particle.	(Hoogenraad,	M.S.	1995.	Utrecht	University,	PhD	thesis.	Utrecht,	the	Netherlands.107)	CH4	H2	(1)	(2)	(3)	(6a)	CH4	H2	(4)	(5)	(6b)	FIGURE	3.55 	Mechanism	for	the	nucleation	and	growth	of	a	carbon	nanofiber	from	methane	catalyzed	by	a	supported	metal	particle.	(Based	on	the	work	of	Hoogenraad,	M.S.	1995.	Utrecht
University,	PhD	thesis.	Utrecht,	the	Netherlands.107)	and	graphite	with	the	graphite	encapsulating	the	nickel	particle	in	question	(4).	Hoogenraad	now	speculates	that	the	metal	particle	is	squeezed	out	of	its	encapsulation	because	of	pressure	buildup	due	to	the	formation	of	graphite	layers	at	the	internal	surface	of	the	graphite	envelope,	on	the	one
hand,	and	liquid-like	behavior	of	the	metal	under	these	conditions,	on	the	other	(5).	As	soon	as	the	metal	is	pushed	out,	a	fresh	Ni	surface	is	exposed	to	the	methane	and	growth	continues.	Finally,	a	steadystate	process	occurs	with	either	pulsed	growth	(6a)	or	smooth	growth	of	a	straight	fiber	(6b).	This	model	explains	why,	more	often	than	not,	metal
particles	are	found	at	the	tip	of	the	carbon	fiber:	the	graphite	fiber	pushes	the	metal	particle	from	the	support	and	continues	to	grow	at	the	back	of	the	particle.	This	type	of	mechanism	corresponds	to	the	vapor-liquid-solid	(VLS)	model	as	originally	proposed	in	1964	by	R.S.	Wagner	and	W.C.	Ellis110,140	Nanotechnology   	169	Target	rod	SWNTs
Flow	Ar	controller	Furnace	Trap	Water	Lens	Laser	Quartz	glass	tube	Pressure	controller	Window	Pump	FIGURE	3.56 	Laser	ablation	station	for	carbon	nanotube	production.112	(With	kind	permission	from	Elsevier.)	for	the	Au-catalyzed	Si	whisker	growth	(see	Figures	3.60	and	3.61).	Smalley	made	his	early	buckyballs	by	laser	ablation	in	a	furnace,	as
shown	in	Figure	3.56	(see	also	Volume	II,	Figure	7.18).	The	same	setup	can	be	utilized	to	make	carbon	nanotubes.	Smalley	and	coworkers	at	Rice	University	pioneered	the	use	of	intense	laser	pulses	to	bombard	graphite	rods	to	generate	the	hot	carbon	gas	from	which	nanotubes	settle	on	a	copper	collector.	Typical	yield	is	70%,	and	the	method	tends
to	produce	single-walled	nanotubes.	The	method	is	quite	expensive	because	of	the	use	of	the	lasers.	In	Table	3.8	we	compare	the	pros	and	cons	of	carbon-arc	discharge	with	chemical	vapor	deposition	and	pulse	laser	vaporization	for	the	fabrication	of	carbon	nanotubes.	Carbon	Nanotube	Applications	Electronic	Properties	Some	of	the	amazing
properties	of	nanotubes	are	summarized	in	Table	3.9	below.	These	properties	could	well	make	carbon	nanotubes	(CNTs)	the	“Si”	of	this	century.	It	is	possible	for	the	carbon	nanotube	to	supply	the	basic	building	blocks	for	an	integrated	circuit,	as	Table	3.8 	Comparison	of	the	Pros	and	Cons	of	Carbon	Nanotube	Synthesis	by	Carbon-Arc	Discharge
with	Chemical	Vapor	Deposition	and	Pulse	Laser	Vaporization	Method:	Carbon-arc	discharge	Chemical	vapor	deposition	Pulse	laser	vaporization	Who:	Ebbesen	and	Ajayan,	NEC,	Japan	1992113	Connect	two	graphite	rods	to	a	power	supply,	place	them	a	few	millimeters	apart,	and	throw	the	switch;	at	100	amps,	carbon	vaporizes	and	forms	a	hot
plasma	Endo,	Shinshu	University,	Nagano,	Japan114	Place	substrate	in	oven,	heat	to	600°C,	and	slowly	add	a	carbon-bearing	gas	such	as	methane;	as	gas	decomposes	it	frees	up	carbon	atoms,	which	recombine	in	the	form	of	NTs	Smalley,	Rice,	199576	Yield:	SWNT:	30–90%	Short	tubes	with	diameters	of	0.6–1.4	nm	20–100%	Long	tubes	with
diameters	ranging	from	0.6–4	nm	MWNT:	Short	tubes	with	inner	diameter	of	1–3	nm	and	outer	diameter	of	approximately	10	nm	Long	tubes	with	diameters	ranging	from	10–240	nm	Pros:	Can	easily	produce	SWNT	and	MWNTs;	SWNTs	have	few	structural	defects;	MWNTs	without	catalyst,	not	too	expensive,	open-air	synthesis	possible	Tubes	tend	to
be	short	with	random	sizes	and	directions;	often	needs	a	lot	of	purification	Easiest	to	scale	up	to	industrial	production;	long	length,	simple	process;	SWNT	diameter	controllable,	quite	pure	How:	Cons:	NTs	are	usually	MWNTs	and	often	riddled	with	defects	Blast	graphite	with	intense	laser	pulses;	use	the	laser	pulses	rather	than	electricity	to	generate
carbon	gas	from	which	the	NTs	form	try	various	conditions	until	hitting	upon	one	that	produces	prodigious	amounts	of	SWNTs	Up	to	70%	Long	bundles	of	tubes	(5–20	µm),	with	individual	diameter	from	1–2	nm	Not	very	much	interest	in	this	technique	because	it	is	too	expensive,	but	MWNT	synthesis	is	possible	Primarily	SWNTs,	with	good	diameter
control	and	few	defects;	reaction	product	quite	pure	Costly	technique	because	it	requires	expensive	lasers	and	high-power	equipment,	but	improving	170   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	Table	3.9 	Some	Physical	Properties	of	Carbon	Nanotubes	Property	Remark/Comparison	Applications	Size	The	average
diameter	of	an	SWNT	is	1.2–1.4	nm	E-beam	lithography	produces	lines	30	nm	wide	High	specific	surface	>1000	m2/g	For	comparison	carbon	aerosol	gels	have	a	specific	surface	area	(200–350	m2/g)	Density	1.33–1.40	gcm–3	Lowest	for	armchair,	highest	for	chiral	Al	is	2.7	g	cm–3	Tensile	strength	Estimated	to	be	150	GPa	Resilience	Can	be	bent	at
large	angle	without	damage	High-strength	carbon	steel	alloys,	1	GPa.	Carbon	nanotubes	have	the	greatest	tensile	strength	of	any	material.	It	is	also	the	stiffest	known	material,	with	a	tremendously	high	elastic	modulus	(see	Young’s	modulus)	Metals	and	carbon	fibers	fracture	at	grain	boundaries	Nanotube-tipped	AFMs	can	trace	an	individual	strand
of	DNA.	The	hollow	structures	may	store	hydrogen,	lithium	ions,	or	even	drug	molecules	for	slow	release	devices	Materials	with	large	specific	surface	areas	are	used	for	energy	storage	as	in	capacitors,	batteries,	and	fuel	cells.	They	are	also	used	for	storage,	purification,	and	separation	of	chemicals	The	applications	for	low	density	materials	are	far
ranging	from	consumer	products	such	as	food	containers,	to	packaging	materials,	to	crash	protection	energy	absorbers	More	rugged	tips	for	AFM	and	STM,	superstrong	composites	Young’s	modulus	1–6	TPa	(SWNT)	0.27–0.95	Tpa	(MWNT)	The	Young’s	modulus	of	the	best	nanotubes	can	be	higher	than	1000	GPa	which	is	approximately	5x	higher	than
steel.	Reported	numbers	vary	widely	Current	carrying	capacity	Thermal	conductivity	and	phonon	mean	free	path	Estimated	at	1	×	1013	Am–2	Cu	wires	will	carry	no	more	than	1	×	10	6	A	cm–2	Compare	this	to	copper,	a	metal	well-known	for	its	good	thermal	conductivity,	which	transmits	385	W/mK.	The	thermal	conductivity	of	carbon	nanotubes	is
dependent	on	the	temperature	and	the	large	phonon	mean	free	paths	Electrical	resistivity	10–4	ohm.cm	for	ropes	of	SWNTs	at	room	temperature	Activates	phosphors	at	1–2	V	with	electrodes	spaced	1	µm	apart	In	vacuum	up	to	2800°C	and	750°C	in	air	Field	emission	Temperature	stability	Thermal	conductivity	for	SWNT	is	as	high	as	3000	W/mK
along	the	nanotube	axis.	The	phonon	mean	free	path	length	is	∼100	nm	Mechanical	memory	switches	and	nanotweezers,	superstrong	materials	This	high	Young’s	modulus	combined	with	an	excellent	tensile	strength	and	the	lightness	of	carbon	nanotubes,	gives	them	great	potential	in	applications	such	as	aerospace	(see	“space	elevator”	in	the
heading	of	this	chapter)	Potential	for	terahertz	FETs	Efficient	heat	sinking	in	electronics	and	optoelectronics	Wiring	in	electronic	circuitry	Mo	tips	(Spindt	cathodes,	see	Volume	II,	Figure	2.42)	require	fields	of	50–100	V/µm	Metal	in	ICs	melts	between	600°C	and	1000°C	Flat-panel	displays,	nanovacuum	tubes	High-temperature	environments
Nanotechnology   	171	Table	3.9 	Some	Physical	Properties	of	Carbon	Nanotubes	(Continued)	Property	Remark/Comparison	Applications	Easy	to	manipulate	electronic	properties	New	generation	of	quantum	devices	Most	solid-state	gas	sensors	only	work	at	higher	temperatures	(e.g.,	>350°C)	High	aspect	ratio	For	every	nanotube	circumference
there	is	a	unique	band	gap	Oxygen,	halogens,	and	alkalis	cause	a	drastic	resistance	change	at	room	temperature	Easily	1000 : 1	Cost	∼$100/g	Band	gap	0	for	metallic	and	0.5	eV	for	semiconductors	Supersensitive,	room	temperature	chemical	sensors	(selectivity	might	be	an	issue)	The	high	aspect	ratio	of	CNTs	imparts	electrical	conductivity
to	polymers	at	lower	loadings,	compared	to	conventional	additive	materials,	such	as	carbon	black,	chopped	carbon	fiber,	or	stainless	steel	fiber	High	cost	will	make	many	of	the	above	applications	impossible	until	prices	come	down	Semiconductive	type	can	be	used	as	a	transistor	and	metallic	as	an	interconnect	Quantum	effects	Chemical	sensitivity
Au,	∼$10/g	For	a	good	introductory	reading	on	fullerenes,	we	suggest	The	Chemistry	of	the	Fullerenes	by	Hirsch.119	For	a	good	introduction	to	nanotubes,	we	refer	to	the	book	Carbon	Nanotubes	by	Dresselhaus	et	al.120	and	the	special	section	“Carbon	Nanotubes”	in	Physics	World.121	the	metallic	nanotubes	can	act	as	highly	conductive	wires	and
the	semiconducting	nanotubes	can	be	fabricated	into	transistors.	Cees	Dekker	in	Delft,88	Paul	McEuen	at	Cornell,112	Phaedron	Avouris	at	IBM,115	and	Charles	Lieber	at	Harvard116	all	have	demonstrated	that	single	nanotubes	can	act	as	transistors.	A	field-effect	transistor—a	three-terminal	switching	device—can	be	constructed	of	only	one
semiconducting	SWNT.	By	applying	a	voltage	to	a	gate	electrode,	the	nanotube	can	be	switched	from	a	conducting	to	an	insulating	state.	In	Volume		I,	Figure	1.30b,	we	show	a	single	semiconducting	nanotube	contacted	by	two	electrodes.	The	Si	substrate,	which	is	covered	by	a	layer	of	SiO2	300	nm	thick,	acts	as	a	back	gate.	In	2002,	researchers	built
the	world’s	first	array	of	transistors	out	of	carbon	nanotubes.117	Another	carbon	nanotube	electronic	application	involves	field	emission.	When	a	solid	is	subjected	to	a	sufficiently	high	electric	field,	electrons	near	the	Fermi	level	can	be	extracted	from	the	solid	by	tunneling	through	the	surface	potential	barrier	(see	Volume	II,	Figure	2.17).	This
emission	current	depends	on	both	the	strength	of	the	local	electric	field	at	the	surface	and	the	material’s	work	function	(which	denotes	the	energy	necessary	to	extract	an	electron	from	its	highest	bounded	state	to	the	vacuum	level).	The	applied	electric	field	must	be	very	high	in	order	to	extract	an	electron,	a	condition	easily	fulfilled	for	carbon
nanotubes,	because	their	elongated	shape	ensures	a	very	large	electric	field	concentration.	For	technological	applications,	the	emissive	material	should	also	have	a	low	threshold	emission	field	and	remain	stable	at	very	high	current	densities.	Furthermore,	an	ideal	emitter	should	be	nanometer	size,	have	high	structural	integrity	and	high	electrical
conductivity,	exhibit	a	small	energy	spread,	and	demonstrate	excellent	chemical	stability.	Carbon	nanotubes	possess	all	these	properties.	The	growth	of	aligned	arrays	of	CNTs	inside	the	pores	of	self-organized	nanoporous	alumina	templates	is	an	especially	intriguing	application	in	this	regard	(see	Chapter	5,	this	volume).	Govyadinov	et	al.118
synthesized	arrays	of	CNTs	(deposited	with	catalytic	CVD)	in	alumina	pores	with	diameters	in	the	sub-100-nm	range	and	densities	from	108	to	1011	tips	per	cm	2.	These	prototype	CNT	arrays	have	been	used	as	field	emitters	(carbon	has	a	low	work	function)	and	shown	to	ex	hibit	field	emission	at	a	low	threshold	of	3–5	V/µm	and	emission	current
densities	up	to	100	mA/cm	2	in	low-vacuum	conditions.	However,	a	bottleneck	in	the	use	of	nanotubes	for	field	emitter	application	is	the	dependence	of	the	conductivity	and	emission	stability	of	the	nanotubes	172   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	on	the	fabrication	process	and	synthesis	conditions.
Examples	of	applications	for	nanotubes	as	field	emitting	devices	are	flat-panel	displays	(see	Volume		II,	Figure	7.90),	gas-discharge	tubes	in	telecom	networks,	electron	guns	for	electron	microscopes,	AFM	tips,	and	microwave	amplifiers.	Mechanical	Properties	Estimates	vary	as	to	precisely	how	strong	a	single-carbon	nanotube	can	be,	but
experimental	results	have	shown	their	tensile	strength	to	be	in	excess	of	60	times	stronger	than	high-grade	steel.	Depending		upon	the	specific	paper	at	hand,	the	reported	numerical	values	for	the	Young’s	modulus	range	from	1–6	TPa.	This	scatter	is	known	as	“Yakobson’s	Paradox”	after	Boris	Yakobson	(Rice	University)	who	first	discussed	this.122	In
a	recent	paper,	Young	Huang	and	co-workers	address	this	issue	and	provide	a	resolution.123	According	to	Huang	et	al.	the	errors	originate	in	the	wide	scatter	of	assumptions	about	“h”	the	thickness	of	the	single-walled	nanotube	or	the	graphene	sheet.	Theoretically,	SWNTs	could	have	a	Young’s	modulus	of	between	1	and	6	TPa.	MWNTs	are	less
strong	because	the	individual	cylinders	slide	with	respect	to	each	other.	Ropes	of	SWNTs	are	also	less	strong.	The	individual	tubes	can	pull	out	by	shearing,	and	eventually	the	whole	rope	will	break.	This	happens	at	stresses	far	below	the	tensile	strength	of	individual	nanotubes.	Nanotubes	sustain	large	strains	in	tension	without	showing	signs	of
fracture,	and	in	other	directions,	nanotubes	are	highly	flexible.	Because	of	their	flexibility,	nanotubes	are	used,	for	example,	in	scanning	probe	instruments.	CNTs	are	not	nearly	as	strong	under	compression	than	under	tension.	Because	of	their	hollow	structure	and	high	aspect	ratio,	they	tend	to	undergo	bucking	when	placed	under	compressive,
torsional,	or	bending	stress.	Since	MWNT	tips	are	conducting,	they	can	be	used	in	STM	and	AFM	instruments	(Volume	II,	Figure	2.40).	Advantages	are	the	improved	resolution	in	comparison	with	conventional	Si	or	metal	tips,	while	the	tips	do	not	suffer	from	crashes	with	the	surfaces	because	of	their	high	elasticity.	However,	nanotube	vibration	due
to	the	large	length	remains	an	important	issue,	until	shorter	nanotubes	can	be	grown	controllably.	Because	of	the	stiffness	of	carbon	nanotubes,	they	should	be	ideal	candidates	for	structural	applications.	For	example,	they	may	be	used	as	reinforcements	in	high-strength,	low-weight,	and	high-performance	composites	(see	below).	Energy	Storage	and
Conversion	See	Chapter	9,	this	volume.	Chemical	Sensors	and	Nanoreactors	Nanotube	tips	can	be	modified	chemically	through	attachment	of	functional	groups.	Because	of	this,	nanotubes	can	be	used	as	molecular	probes,	with	potential	applications	in	chemistry	and	biology.	Because	of	the	small	channels,	strong	capillary	forces	exist	in	nanotubes.
These	forces	are	strong	enough	to	hold	gases	and	fluids	in	nanotubes.	In	this	way,	it	may	be	possible	to	fill	the	cavities	of	the	nanotubes	to	create	nanow	ires.	The	critical	issue	here	is	the	wetting	characteristic	of	nanotubes.	Because	of	their	smaller	pore	sizes,	filling	SWNTs	is	more	difficult	than	filling	MWNTs.	If	it	becomes	possible	to	keep	fluids
inside	nanotubes,	it	could	also	be	possible	to	perform	chemical	reactions	inside	their	cavities.	In	particular,	organic	solvents	wet	nanotubes	easily.	In	this	case	we	could	speak	of	a	nanoreactor.	Table	3.10	summarizes	some	chemical	and	biological	sensor	applications	of	carbon	nanotubes.	Carbon	Nanotubes	in	Composites	One	of	the	most	important
applications	of	carbon	nanotubes	is	projected	to	be	as	reinforcement	in	composite	materials.	However,	there	have	not	been	many	successful	experiments	that	show	that	nanotubes	are	better	fillers	than	the	traditionally	used	carbon	fibers.	The	main	problem	is	to	create	a	good	interface	between	the	nanotubes	and	the	polymer	matrix,	as	nanotubes	are
very	smooth	and	have	a	small	diameter	that	is	nearly	the	same	as	that	of	a	polymer	chain.	Secondly,	nanotube	aggregates,	which	are	very	common,	behave	differently	in	response	to	loads	than	individual	nanotubes	do.	Limiting	factors	for	good	load	transfer	could	be	sliding	of	cylinders	in	MWNTs	and	shearing	of	tubes	in	SWNT	ropes.	To	solve	this
problem,	the	Nanotechnology   	173	Table	3.10 	Chemical	and	Biological	Applications	of	Carbon	Nanotubes	System	Target	Species	Salient	Feature	SWNT	NH3	and	NO2	SWNT	N2,	He,	O2,	and	Ar	MWCNT	NH3	Poly(o-anisidine)-coated	CNT	HCl	MWNT-SiO2	CO2,	O2,	and	NH3	SWNT	d-Glucose	Poly(vinylferrocene)derivatized	MWCNT	Glucose
Sensitive	to	200	ppm	of	NO2	and	1%	of	NH3.124	Gas	concentrations	as	low	as	100	ppm	can	be	detected.125	Gas	concentrations	as	low	as	10	ppm	can	be	detected.	The	sensor	showed	a	reversible	response	of	few	minutes.126	Nine	times	increase	in	sensitivity	compared	with	uncoated	CNT.127	Sensor	response	times	are	approximately	45	s,	4	min,	and
2	min	for	CO2,	O2,	and	NH3,	respectively.	The	sensor	response	is	reversible	for	O2	and	CO2	but	irreversible	for	NH3.128	Senses	d-glucose	in	solution	phase	by	two	distinct	mechanisms	of	signal	transduction:	fluorescence	and	charge	transfer.129	Glucose	concentration	in	real	blood	sample	can	be	determined.130	aggregates	need	to	be	broken	up	and
dispersed	or	cross-linked	to	prevent	slippage.	A	main	advantage	of	using	nanotubes	for	structural	polymer	composites	is	that	nanotube	reinforcements	will	increase	the	toughness	of	the	composites	by	absorbing	energy	during	their	highly	flexible	elastic	behavior.	Other	advantages	are	the	low	density	of	the	nanotubes,	an	increased	electrical
conduction,	and	better	performance	during	compressive	load.	Another	possibility,	which	is	an	example	of	a	nonstructural	application,	is	filling	of	photoactive	polymers	with	nanotubes.	Poly-p-phenylenevinylene	filled	with	MWNTs	and	SWNTs	is	a	composite	that	has	been	used	for	several	experiments.	These	composites	show	a	large	increase	in
conductivity	with	only	a	small	loss	in	photoluminescence	and	electroluminescence	yields.	Another	benefit	is	that	the	composite	is	more	robust	than	the	pure	polymer.	Of	course,	nanotube-polymer	composites	could	be	used	also	in	other	areas.	For	instance,	they	could	be	used	in	the	biochemical	field	as	membranes	for	molecular	separations	or	for
osteointegration	(growth	of	bone	cells).	However,	these	areas	are	less	well	explored.	The	most	important	thing	we	have	to	know	about	nanotubes	for	efficient	use	of	nanotubes	as	reinforcing	fibers	is	knowledge	of	how	to	manipulate	the	surfaces	chemically	to	enhance	interfacial	behavior	between	the	individual	nanotubes	and	the	matrix	material.
Conclusion	Carbon	nanotubes	continue	to	hold	a	tremendous	promise	as	a	structural	and	electronic	material.	Some	types	of	nanotubes	might	present	a	danger	similar	to	that	posed	by	asbestos,	which	has	tiny	fibers	that	can	get	into	lung	tissues	and	cause	cancerous	lesions.131	Researchers	are	suggesting	more	study	and	caution	in	handling	the
material.	The	Rise	of	Graphene:*138	2D	Graphene	is	the	name	given	to	a	monolayer	of	carbon	atoms	arranged	into	benzene	rings;	it	is	used	to	describe	properties	of	many	carbon-based	*	Based	on	the	paper	of	the	same	title	by	Geim	and	Novoselov119	(Nature	Materials	2007;6:183–91).	174   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques
and	Applications		aterials,	including	graphite,	fullerenes,	and	nanm	otubes	(see	Figures	3.44	and	3.45).	The	graphene	theory	was	first	developed	by	Philip	Wallace	in	1947	as	an	approximation	to	help	understand	the	electronic	properties	of	more	complex,	three-dimensional	graphite.132	Landau	and	Peierls,	70	years	ago,	claimed	that	2D	crystals	are
thermodynamically	unstable	and	that	divergent	contribution	of	thermal	fluctuations	in	2D	crystals	lattices	would	lead	to	displacements	of	atoms	comparable	to	the	interatomic	distances	and	thus	destroy	the	2D	layer.	They	also	concluded	that	the	melting	temperature	of	these	thin	films	would	rapidly	decrease	with	decreasing	thickness.	Furthermore,
in	quantum	field	theory	and	statistical	mechanics,	the	MerminWagner	theorem	(also	known	as	Mermin-WagnerHohenberg	theorem	or	Coleman	theorem)	says	that	crystalline	order	is	impossible	in	two-dimensional	structures	at	non	non-zero	temperatures,	and	this	has	been	interpreted	as	saying	that	a	freestanding,	two-dimensional	crystal	would	be
disrupted	by	thermodynamic	forces	(hence	“2D	materials	were	presumed	not	to	exist”).133	It	was	believed	that	because	of	instabilities,	a	2D	graphene	structure	would	fold	up,	or	crumple,	to	form	a	more	stable	3D	structure.	In	summary,	planar	graphene	was	presumed	not	to	exist	in	the	free	state,	being	unstable	with	respect	to	the	formation	of
curved	structures	such	as	soot,	fullerenes,	and	nanotubes.	However,	in	2004,	Novoselov	et	al.	obtained	relatively	large	graphene	sheets	(eventually,	up	to	100	μm	in	size)	by	mechanical	exfoliation	(repeated	peeling)	of	3D	graphite	crystals.82	Their	motivation	allegedly	was	to	study	the	electrical	properties	of	thin	graphite	films.	As	purely	two-
dimensional	crystals	were	unknown	before	and	presumed	not	to	exist,	their	discovery	of	individual	planes	of	graphite	may	be	viewed	as	accidental.	The	Manchester	experimental	discovery	of	2D	crystal	matter	was	at	first	put	in	doubt	until	2005,	when	the	groups	of	Andre	Geim	and	Philip	Kim	of	Columbia	University	proved	that	the	obtained	graphitic
layers	exhibited	the	expected	theoretical	electronic	properties	of	graphene.134,135	On	October	5,	2010,	the	Royal	Swedish	Academy	of	Sciences	awarded	the	Nobel	Prize	in	Physics	to	Andre	Geim	and	Konstantin	Novoselov	University	of	Manchester,	UK,	“for	groundbreaking	experiments	regarding	the	two-dimensional	material	graphene,”	(	i	ze.org
/nobel	_	pr	i	zes/physic	s/	laureates/2010/press.html).	Single		layers	of	graphite	were	previously	(starting	from	the	1970s)	grown	epitaxially	on	top	of	other	materials.	Epitaxial	graphene	also	consists	of	a	single-atom-thick	hexagonal	lattice	of	sp2-bonded	carbon	atoms,	as	in	free-standing	graphene,	but	there	is	significant	charge	transfer	from	the
substrate	to	the	epitaxial	graphene,	and,	in	some	cases,	hybridization	between	the	d	orbitals	of	the	substrate	atoms	and	π	orbitals	of	the	graphene	layer.	This	interaction	significantly	alters	the	electronic	structure	of	the	epitaxial	graphene.	The	Manchester	free-standing	graphene	on	the	other	hand	is	a	singleatom-thick	crystal	of	a	macroscopic	size
that	is	either	suspended	or	interacting	only	very	weakly	with	a	substrate.	The	electronic	structure	of	graphene	approaches	the	3D	limit	of	graphite	at	ten	layers	of	graphene.	Today,	graphene	sheets	are	prepared	by	chemical	exfoliation	(solution-based),	epitaxial	growth	by	CVD	(same	as	nanotubes),	epitaxy	on	catalytic	surfaces	(Ni,	Pt),	and	mechanical
cleavage.	Single	graphene	layers	are	not	that	difficult	to	make	(see	pencil	in	Figure	3.45),	but	they	are	more	difficult	to	identify.	With	AFM	it	is	possible,	but	the	throughput	is	very	low	on	large	areas,	and	SEM	does	not	reveal	the	number	of	atomic	layers.	A	solution	involves	the	placement	of	graphene	on	top	of	a	Si	wafer	with	a	carefully	chosen
thickness	of	SiO2;	in	this	way	graphene	becomes	visible	even	in	an	optical	microscope.	An	interference-like	contrast	appears	with	an	SiO2	thickness	of	300	or	90	nm	(see	Figure	3.57).	FIGURE	3.57 	Graphene	on	SiO2	observed	in	an	optical	microscope.117	Nanotechnology   	175	FIGURE	3.58 	Graphene	sheet	with	ripples.119	The	atomic
structure	of	isolated,	single-layer	graphene	has	been	studied	by	transmission	electron	microscopy	(TEM)	on	sheets	of	graphene	suspended	between	bars	of	a	metallic	grid.136	These	electron	diffraction	patterns	showed	the	expected	hexagonal	lattice	of	graphene	but	also	revealed	“rippling”	of	the	flat	sheet,	with	an	amplitude	of	about	1	nm	(see	Figure
3.58).	These	ripples	may	be	intrinsic	to	graphene	as	a	result	of	the	instability	of	two-dimensional	crystals	referred	to	above,	or	they	may	be	extrinsic,	originating	perhaps	from	the	ubiquitous	dirt	seen	in	all	TEM	images	of	graphene.	While	an	infinitely	large	single	layer	of	graphene	would	be	in	direct	contradiction	to	the	Mermin-Wagner	theorem	(see
above),	a	finite-size	2D	crystal	of	graphene	could	be	stable.	The	observed	ripples	in	suspended	layers	of	graphene,	it	has	been	proposed,	are	caused	by	thermal	fluctuations	in	the	material;	graphene	adjusts	to	the	thermal	fluctuations,	which	could	threaten	to	destroy	the	structure,	by	adjusting	its	bond	length	to	accommodate	the	fluctuations.	Within
this	context,	it	is	actually	debatable	whether	graphene	is	truly	2D	or	not,	because	of	this	natural	tendency	to	ripple.137	Because	graphene	is	somewhat	tricky	to	make	and	even	trickier	to	see	and	handle,	most	experiments	have	been	performed	not	on	free-standing	monolayers	but	on	two	types	of	graphene	samples:	exfoliated	graphene,	deposited	on	a
silicon-oxide/	silicon	substrate	(see	Figure	3.57),	and	epitaxial	graphene,	a	layer	of	carbon	atoms	chemically	deposited	on	(and	chemically	bonded	to)	a	substrate	of	silicon	carbide.	The	surge	of	interest	in	the	electronic	properties	of	graphene	has	largely	been	motivated	by	the	discovery	that	electron	mobility	in	graphene	is	ten	times	higher	than	in
commercial-grade	silicon	(up	to	100,000	cm2	V–1	s–1,	limited	by	impurity	scattering,	and	weakly	dependent	on	temperature),	ballistic	transport	is	observed	on	the	submicron	scale	(up	to	0.3	µm	at	300	K),	and	the	quantum	Hall	effect	can	be	observed	at	room	temperature	(extending	the	previous	temperature	range	by	a	factor	of	10).	All	these
properties	raise	the	possibility	of	highefficiency,	low-power,	carbon-based	electronics.	The	surprising	electronic	properties	of	graphene	are	ascribed	to	the	presence	of	charge	carriers	that	behave	as	if	they	are	massless,	“relativistic”	quasiparticles	called	Dirac	fermions.	A	2D	graphene	crystal	is	very	different	from	a	3D	silicon	single	crystal	such	as	Si.
In	a	semiconductor	such	as	Si,	electrons	and	holes	interact	with	the	periodic	field	of	the	atomic	lattice	to	form	quasiparticles.	For	example,	in	Volume	I,	Chapters	3	and	4,	we	saw	how	an	electron	moving	through	a	conventional	solid	is	described	as	having	an	effective	mass	(m*e	)	that	takes	into	account	the	drag	on	its	momentum	from	the	surrounding
crystal	lattice	as	well	as	from	interactions	with	other	particles.	The	energy	of	quasiparticles	in	a	solid	depends	on	their	momentum,	a	relationship	described	by	the	energy	bands.	In	a	typical	3D	semiconductor,	the	energy	bands	are	“parabolic.”	Between	them	is	the	forbidden	band	gap,	representing	the	amount	of	energy	it	takes	to	promote	an	electron
from	the	valence	band	to	the	conduction	band.	The	energy	(E)	of	an	electron	in	such	a	crystal	depends	quadratically	on	its	momentum	(p),	as	given	by	the	following	equation.	E=		2	k	2	æ	p2	ö	=	2m*e	çè	2m*e	ø	(Volume	I,	Equation	3.213)	While	electron	transport	in	most	solids	is	accurately	described	by	the	nonrelativistic	Schrödinger	176   	From
MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	E	ky	kx	FIGURE	3.59 	E-k	surface	of	graphene.	Intrinsic	graphene	is	a	semimetal	or	zero-gap	semiconductor.	equation,	graphene	is	quite	different	from	most	conventional	three-dimensional	materials.	Unlike	in	ordinary	semiconductors,	graphs	of	the	valence	band	and	the	conduction
band	in	an	E-k	diagram	for	graphene	are	smooth-sided	cones	that	meet	at	six	points,	called	the	Dirac	points	(see	Figure	3.59).	One	interesting	consequence	of	this	unique	band	structure	is	that	the	electrons	in	graphene	are	“sort	of	free.”	The	E-k	relation	near	the	Dirac	points	is	linear	for	low	energies,	leading	to	zero	effective	mass	for	electrons	and
holes.	Charge	carriers	in	this	energy	range	thus	behave	like	relativistic	particles	(they	behave	like	photons)	described	by	the	Dirac	equation	for	spin	1/2	particles.	The	linear	dispersion	relationship	in	the	low	energy	region	is	simply	given	by	the	following	equation:	E	=	vF	k	(3.14)	where	the	wave	number	(k)	represents	momentum	and	the	Fermi
velocity	(vF)	stands	in	for	the	speed	of	light.	Dirac	fermions*	travel	at	a	constant	speed—a	small	fraction	of	the	speed	of	light.138	Graphene	has	all	the	ideal	properties	to	become	an	almost	ideal	component	for	integrated	circuits.	It	has	a	high	carrier	mobility,	as	well	as	low	noise,	allowing	it	to	be	utilized	as	the	channel	in	a	FET.	In	2008,	the	smallest
transistor	so	far,	one	atom	thick,	ten	atoms	wide,	was	made	of	graphene.139	IBM	researchers	are	reporting	progress	in	circuits	based	on	narrow	ribbons	of	*	Dirac	fermions	have	also	been	invoked	to	explain	the	quantum	Hall	effect	in	graphene,	the	magnetic-field-driven	metal–insulator-like	transition	in	graphite,	superfluidity	in	3He,	and	the	exotic
pseudogap	phase	of	high-temperature	superconductors.	planar	graphene.	The	narrow	graphene	ribbons	confine	electrons	in	the	narrow,	single-planed	graphene	ribbons,	which	open	up	the	possibility	of	building	quantum	wires	and	quantum	wells.	Narrow	ribbons	of	graphene	behave	much	like	nanotubes	and	may	be	more	amenable	to	manufacturing
techniques	such	as	etching.	The	current	technology	limits	how	thin	graphene	ribbons	can	be	made.	It	does	not	allow	them	to	be	made	thin	enough	to	push	to	room	temperature,	so	the	work	is	carried	out	at	lower	temperatures.	Besides	its	electronic	properties,	graphene	also	is	researched	for	its	mechanical,	thermal,	and	optical	properties.	Despite	all
the	excitement,	don’t	expect	“graphenium”	microprocessors	just	yet.	Think	about	carbon	nanotubes,	observed	in	1991:	they	have	created	tremendous	excitement,	but	today,	there	are	no	commercial	CNT-based	breakthrough	products	on	the	market—although	they	supposedly	make	your	golf	balls	go	straighter	(a	breakthrough	for	some	golfers	at
least).	Moreover,	graphene	currently	is	one	of	the	most	expensive	materials	on	Earth,	with	a	sample	that	can	be	placed	on	the	cross-section	of	a	human	hair	costing	more	than	$1000	(as	of	April	2008).	The	price	may	fall	dramatically,	though,	if	and	when	commercial	production	methods	are	developed	in	the	future.	Noncarbon	Nanotubes	and
Nanowires	A	nanotube,	strictly	speaking,	is	any	tube	with	nanoscale	dimensions,	but	generally	the	term	is	used	to	refer	to	carbon	nanotubes.	With	a	thin	shell	that	is	only	one	atom	wide,	nanotubes	are	hollow,	giving	them	characteristics	significantly	different	from	those	of	solid	nanowires	made	of	silicon	or	other	materials.	Nanowires	can	be	defined
as	structures	that	have	a	lateral	size	constrained	to	tens	of	nanometers	or	less	and	an	unconstrained	longitudinal	size.	At	these	scales,	quantum	mechanical	effects	are	important.	Such	wires	are	also	known	as	quantum	wires.	Many	different	types	of	nanowires	exist,	including	metallic	(e.g.,	Ni,	Pt,	Au),	semiconducting	(e.g.,	Si,	InP,	GaN,	etc.),	and



insulating	(e.g.,	SiO2,	TiO2).	Molecular	nanowires	are	composed	of	repeating	molecular	units	Nanotechnology   	177	either	organic	(e.g.,	DNA	and	protein)	or	inorganic	(e.g.,	Mo6S9-x	I	x).	A	major	drawback	to	the	utility	of	carbon	nanotubes	is	the	limited	control	over	their	chirality,	which	we	saw	above	directly	affects	their	electronic	properties.
At	present	no	synthesis	methods	capable	of	controlling	this	feature	are	available,	and	selective	synthesis	of	carbon	nanotubes	having	only	semiconducting	characteristics	remains	elusive.	A	commonly	studied	noncarbon	nanotube	variety	is	made	of	boron	nitride	(BN).	BN	is	the	III-V	homolog	to	graphene,	and	in	this	2D	lattice	B	and	N	occupy	different
sublattices—this	lowers	the	symmetry	and	leads	to	new	physical	effects.	BN	nanotubes	are	all	insulating,	with	a	band	gap	of	about	5	eV.	Unlike	carbon	nanotubes,	the	conductive	properties	of	BN	nanotubes	are	more	or	less	independent	of	chirality,	diameter,	and	even	the	number	of	walls	in	the	tube.	Theoretically,	the	existence	of	silicon	nanotubes
with	an	sp2	atomic	arrangement	is	also	predicted:	creation	of	this	type	of	nanotube	is	considered	an	important	challenge	for	the	future.	By	making	clever	choices	of	seed	crystals	and	growing	conditions,	it	is	possible	to	cause	crystals	to	assume	unusual	shapes.	As	originally	proposed	by	R.S.	Wagner	and	W.C.	Ellis,	from	Bell	Labs,	for	the	Au-catalyzed
Si	whisker	growth,	a	vaporliquid-solid	(VLS)	mechanism	still	is	mostly	used	(Figure	3.60).140	As	illustrated	in	Figure	3.61,	(111)-oriented	Si	“whiskers”	grow	from	a	small	Au	particle	island	on	a	Si(111)	surface	when	heated	at	950°C	and	exposed	0.3µ	0.5	MM	FIGURE	3.60 	Si	whisker	growth:	Au-catalyzed	Si	whisker	growth	based	on	a	vapor-liquid-
solid	(VLS)	mechanism.	Vapor	Silicon	crystal	Vapor	Au-Si	liquid	alloy	〈111〉	Silicon	substrate	FIGURE	3.61 	The	vapor-liquid-solid	mechanism	for	singlecrystal	Si	growth.	to	a	flow	of	SiCl4	and	H2	in	a	CVD	reactor.	Similar	results	are	obtained	with	Pt,	Ag,	Pd,	Cu,	and	Ni.	When	the	substrate	is	heated	up,	a	gold	monolayer	de-wets	(unbinds)	from	the
substrate	in	liquid	form.	From	there,	the	liquid	gold	coalesces	into	nanoclusters	and	naturally	self-assembles	into	gold	nanoclusters.	The	gold	acts	as	the	catalyst	in	the	VLS	model.	The	liquid	droplet	is	the	preferred	site	for	CVD	deposition,	and	once	the	percentage	of	source	material	has	supersaturated	the	nanoclusters,	it	begins	to	solidify	and	grow
outward	in	a	perfect	single-crystal	nanowire.	In	this	growth	mechanism	the	“impurity”	is	essential	and	remains	in	evidence	from	a	small	“globule”	that	is	present	at	the	tip	of	the	whiskers	during	the	growth	(see	Figure	3.61).	The	role	of	the	impurity	is	to	form	a	liquid	alloy	droplet	at	relatively	low	T.	The	selection	of	the	impurity	is	important,	as	the
diameter	of	the	nanowire	roughly	is	controlled	by	the	diameter	of	the	nanoclusters.	The	length	of	a	nanowire	is	controlled	by	the	amount	of	time	the	source	is	left	on.	The	VLS	model	corresponds	to	the	model	for	the	nucleation	and	growth	of	a	carbon	nanofiber	from	methane	catalyzed	by	a	supported	metal	particle	shown	in	Figure	3.55	(based	on	the
work	of	Hoogenraad107).	Nanoscale	catalysts	have	been	used	to	seed	long,	wire-like	single	crystals	of	compounds	such	as	indium	phosphide	or	gallium	arsenide.	The	nanowire	field	got	a	shot	in	the	arm	(a	rebirth,	so	to	speak)	with	efforts	by	Charles	Lieber	(Harvard)	(Volume	I,	Figure	3.65),	Peidong	Yang	(	178   	From	MEMS	to	Bio-NEMS:
Manufacturing	Techniques	and	Applications	Direction	of	growth	500	nm	FIGURE	3.62 	Lateral	growth	of	nanowires	between	Si(111)	surfaces.	(From	M.	Saif	Islam,	S.	Sharma,	T.I.	Kamins,	and	R.S.	Williams,	Nanotechnology	15;L5–L8,	2004.	With	permission.141)	pdygrp/main.html),	James	Heath	(	.	caltech.edu/∼heathgrp),	and	Hongkun	Park	(http://
www.people.fas.harvard.edu/∼hpark).	Lieber’s	group	at	Harvard	(	)	reported	arranging	indium	phosphide	semiconducting	nanowires	into	a	simple	configuration	that	resembled	the	lines	in	a	tic-tac-toe	board.	The	team	used	electron	beam	lithography	to	place	electrical	contacts	at	the	ends	of	the	nanowires	in	order	to	show	that	the	array	was
electronically	active.	Saif	Islam	et	al.	came	up	with	the	idea	of	connecting	vertical	Si(111)	walls	by	growing	Si	nanowires	laterally.	Starting	with	a	good	catalyst	on	one	wall,	if	there	is	another	vertical	surface	in	its	close	vicinity,	the	nanowire	hits	that	surface	and	makes	a	bridge.141	This	is	illustrated	in	Figure	3.62.	Electrochemical	deposition	of
nanowires	into	a	porous	medium	is	another	popular	technique	for	making	metallic	nanowires.	The	porous	medium	may	be	porous	silica,	alumina,	polycarbonate	membranes,	and	even	polyaniline	nanotubules.	Nanowire	diameters	as	low	as	∼10	nm	have	been	reported,	and	wire	length	may	range	from	∼1	µm	to	>20	µm	depending	on	the	wire’s
diameter.	Using	nanoporous	alumina	as	a	template	for	the	deposition	of	nanostructures	of	a	material	of	choice,	such	as	metals,	semiconductors,	and	polymers,	will	be	explained	in	Chapter	5,	this	volume	(in	Figure	5.10,	the	electrochemical	deposition	of	the	nanowire	thermoelectric	material	Bi2Te3	is	illustrated).	Dresselhaus	et	al.	show	that
lowerdimensional	structures,	such	as	nanowires	based	on	Bi,	BiSb,	Bi2Te3,	and	SiGe	nanotechnology,	give	additional	controls	that	could	lead	to	a	higher	ZT	(see	Chapter	8,	this	volume).54	Table	3.11 	Nanowires	and	Their	Applications	Material	Application	Si	Cobalt	Germanium	Tin	oxide	Indium	oxide	Indium	tin	oxide	Electronics,	sensors	Magnetic
Electronics,	infrared	detectors	Chemical	sensors	Chemical	sensors,	biosensors	Transparent	conductive	film	in	display	electrodes,	solar	cells,	organic	light-emitting	diodes	UV	lasers,	field	emission	devices,	chemical	sensors	Field	emission	device	High	temperature	electronics,	UV	detectors	and	lasers,	automotive	electronics	and	sensors	Insulator
Electronics,	optoelectronics	Photonics	(Q-switch,	blue-green	laser	diode,	blue	UV	photodetector)	Thermoelectric	Electrical	interconnects	ZnO	Copper	oxide	Wide	bandgap	nitrides	(GaN)	Boron	nitride	Indium	phosphide	Zinc	selenide	Bi2Te3	Copper,	tungsten	Nanotechnology   	179	Table	3.12 	Nanowire	Chemical	Sensor	Applications	Metal	Oxide
Target	Species	Salient	Features	V2O5	nanofibers	1-Butylamine,	toluene,	propanol	SnO2	nanobelts	CO,	NO2,	ethanol	In2O3	nanowires	NH3,	NO2	ZnO	nanowires	Ethanol	MoO3	nanorods	Ethanol	and	CO	Cd-doped	ZnO	nanowire	Relative	humidity	SnO2	Dimethyl	methylphosphonate	(DMMP)	Extremely	high	sensitivity	was	measured	for	1-butylamine
(below	30	ppb)	and	moderate	sensitivity	for	ammonia.	In	contrast,	only	very	little	sensitivity	was	observed	for	toluene	and	1-propanol	vapors.142	Sensitivity	at	the	level	of	a	few	parts	per	billion.143	The	response	times	have	been	determined	to	be	5	s	for	100-ppm	NO2	and	10	s	for	1%	NH3,	and	the	lowest	detectable	concentrations	are	0.5	ppm	for
NO2	and	0.02%	for	NH3.144	Sensitive	to	ethanol	concentration	is	in	the	range	of	1–100	ppm.	Sensitivity	increases	sharply	as	the	temperature	is	raised	from	200	to	300°C.145	The	detection	limit	for	ethanol	and	CO	is	lower	than	30	ppm.146	Cd-doped	ZnO	nanowires	show	a	clear	positive	temperature	coefficient	of	resistance	effect,	which	is	quite
abnormal	compared	with	pure	ZnO	nanowires.147	Sensitive	to	53	ppb	DMMP;	can	be	improved	via	doping	nanobelts	with	catalytic	additives.148	Advanced	lithographic	techniques	(electron	beam)	are	also	used	to	pattern	catalyst	seeds	for	nanowire	growth.	In	Table	3.11	we	list	some	typical	nanowires	and	their	applications,	and	in	Table	3.12,	we
review	nanowire	chemical	sensor	applications.	Questions	Questions	by	Dr.	Marc	Madou	assisted	by	Mr.	George	O’Quinn,	UC	Berkeley	3.1:	Explain	the	“fat	fingers”	and	“sticky	fingers”	controversy,	and	suggest	some	possible	ways	that	the	problems	associated	with	fat	fingers	and	sticky	fingers	may	be	overcome.	3.2:	Explain	the	difference	between
self-assembly,	self-organization,	and	self-replication.	3.3:	Why	are	fractal	structures	used	consistently	in	nature?	What	benefits	do	these	structures	entail?	3.4:	Make	a	listing	of	material	properties	that	change	in	the	nanoscale	and	explain	why	they	change.	3.5:	Explain	the	process	of	Stransky-Krastanov	(SK)	growth	and	how	it	can	be	used.	3.6:	What
effects	do	the	chiral,	zigzag,	and	armchair	structures	have	on	the	properties	of	carbon	nanotubes?	3.7:	What	are	some	important	distinctions	between	top-down	and	bottom-up	manufacturing	(nanochemistry)?	3.8:	Give	some	examples	of	bottom-up	manu	facturing	methods.	3.9:	Characterize	the	guiding	principles	involved	in	the	growth	of	living
organisms.	3.10:	What	does	irreversible	thermodynamics	have	to	do	with	self-organization?	3.11:	In	the	last	few	years,	applications	of	quantum	dots	have	become	increasingly	popular	among	analytical	chemists.	Quantum	dots	are	now	commercially	available	for	a	variety	of	applications,	and	many	examples	of	their	uses	can	be	found	in	the	literature.
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interactions	and	origami	mathematics.	(Courtesy	of	Radhika	Nagpal,	Massachusetts	Institute	of	Technology.)	Once	the	components	were	expensive	and	the	wires	cheap.	Now	the	components	are	cheap	and	the	wires	expensive.	Len	Schaper	Arkansas	University	The	aboriginal	people	of	Australia	believed	that	the	world	began	only	when	their	Ancestor
sang	it	into	existence.	Bruce	Chatwin	The	Songlines	In	the	end	the	supremacy	of	organic	biomaterials	is	tied	in	with	the	question	of	scale.	Organic	machinery	can	be	made	much	smaller.	Such	clever	185	186   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	things	become	possible	as	sockets,	which	can	recognize,	hold	and
manipulate	other	molecules.	In	any	competition	to	do	with	molecular	control	the	system	with	the	smallest	fingers	will	win.	Graham	Cairns-Smith	1985	What	is	the	Heart,	but	a	Spring;	and	the	Nerves,	but	so	many	Springs;	and	the	Joynts,	but	so	many	Wheeles,	given	motion	to	the	whole	Body,	such	as	was	intended	by	the	Artificer.	Thomas	Hobbes
Introduction	This	chapter	addresses	packaging,	assembly,	and	self-assembly.	Under	packaging	of	micromachines,	we	consider	issues	that	differ	the	most	from	integrated	circuit	(IC)	packaging;	with	micromachines	one	faces	the	paradox	of	needing	hermetic	isolation	from	the	environment	that	must	be	sensed.	This	has	proven	to	be	a	challenge	for
mechanical	sensors,	such	as	for	pressure	and,	to	a	lesser	extent,	for	accelerometers,	but	it	is	the	Achilles’	heel	of	chemical	and	biological	sensors.	We	distinguish	between	waferlevel	(batch)	packaging	steps	and	serial	packaging	processes	and	learn	that	micromachining	itself	plays	an	important	role	in	transforming	costly	serial	packaging	steps	into
less	costly,	wafer-level	processes.	During	packaging,	miniature	components	are	put	together	into	a	housing	structure	in	a	microassembly	step.	This	task	becomes	more	cumbersome	with	smaller	building	blocks	and	will	increasingly	necessitate	the	use	of	parallel	self-assembly	techniques.	Self-assembly	is	imperative	when	components	are	nanoscale.
Packaging	Introduction	In	electronic	device	and	mechanical	micromachine	fabrication,	processes	can	be	divided	into	three	major	groups.	1.	First,	fabrication	with	additive	and	subtractive	processes,	as	described	in	Volume	II.	These	also	are	called	front-end	processes.	2.	Packaging,	involving	processes	such	as	bonding,	wafer	scribing,	lead	attachment,
and	encapsulation	in	a	protective	body.	3.	Testing,	including	package	leak	tests,	electrical	integrity,	and	sensor	functionality.	The	last	two	process	groups	incorporate	the	most	costly	steps	and	are	called	back-end	processes.	In	the	case	of	a	micromachine,	which	often	interfaces	with	a	hostile	environment	and	where	testing	might	involve	chemical
and/or	mechanical	parameters,	packaging	and	testing	are	yet	more	difficult	and	expensive	than	in	the	case	of	ICs.	More	than	70%	of	the	sensor	cost	may	be	determined	by	its	package,	and	the	physical	size	of	a	micromachined	sensor	often	is	dwarfed	by	the	size	of	its	package.	Most	conventional	packaging	approaches	are	space	inefficient,	with
volumetric	efficiencies,	even	in	the	case	of	ICs,	often	less	than	1%.1	Contrasting	the	inefficiency	of	human	packaging	methods	with	nature’s	excellence	at	packaging	is	striking.	As	an	example,	consider	how	DNA	is	packed	in	the	nucleus	of	a	cell.	Biomolecules	in	a	solution	coil	up	with	a	gyration	radius	rg	given	by	the	de	Gennes	formula,	r	=	(Lb)1/2,
where	L	is	the	molecule’s	contour	length	and	b	is	determined	by	the	degree	to	which	the	molecule	resists	thermal	motion.2	The	total	length	of	all	DNA	in	a	human	cell	is	2	m,	which	is	a	million	times	the	cell	nucleus	diameter.	For	b	of	DNA,	a	value	of	100	nm	has	been	determined.	The	resulting	radius	of	the	2-m	DNA	molecule	is	calculated	at	0.45	mm,
1000	times	the	nucleus	diameter.	How	does	nature	pack	all	this	into	the	nucleus	of	a	cell?	The	answer	is	efficient	packaging.	Like	a	thread	on	a	spool,	DNA	is	wound	around	a	set	of	nuclear	proteins—the	histones.	The	molecule	is	wound	twice	around	one	“spool”	and	then	passes	onto	the	next,	and	so	on.	A	necklace	of	histones	is	neatly	packed	into	a
chromosome.	This	packaging	scenario	is	illustrated	in	Figure	4.1.	This	way,	a	0.45-mm	polymer	coil	is	squeezed	into	a	nucleus	of	less	than	a	micrometer.3	Packaging	issues	of	ICs	and	mechanical	micromachines	are	somewhat	similar,	whereas	packaging	of	devices	that	are	used	in	fluids	(e.g.,	level	sensor)	or	that	contain	liquids	(e.g.,	some
electrochemical	sensors)	are	totally	different.	The	latter	require	very	Packaging,	Assembly,	and	Self-Assembly   	187	Short	region	of	DNA	double	helix	2	nm	“Beads-on-a-string”	form	of	chromatin	11	nm	30-nm	chromatin	fiber	of	packed	nucleosomes	30	nm	Section	of	chromosome	in	an	extended	form	300	nm	Condensed	section	of	metaphase
chromosome	700	nm	Entire	metaphase	chromosome	1400	nm	FIGURE	4.1 	DNA	is	packaged	very	compactly	in	the	cell.	In	eukaryotic	cells,	it	is	assembled	into	chromosomes,	which	have	a	hierarchical	structure.	The	double-stranded	DNA	is	wound	twice	around	disc-like	protein	“beads”	made	from	eight	separate	protein	units	called	histones.	The
DNA-histone	assembly	is	a	nucleosome.	The	DNA	chain,	with	nucleosomes	all	along	its	length,	is	then	wound	into	a	helix,	which	is	itself	packaged	into	a	compact	bundle	in	the	chromosome.	different	partitioning	solutions	and	often	must	face	biocompatibility	issues	as	well.	Packaging	in	ICs	and	MEMS	Packaging	is	an	essential	bridge	between
components	and	their	environment.	In	ICs,	packaging	provides	at	least	four	functions:	1.	Signal	redistribution	2.	Mechanical	support	3.	Power	distribution	4.	Thermal	management	In	chemical	and	biological	MEMS,	the	package	might	have	several	additional	functions,	for	example:	1.	Biocompatibility	for	in	vivo	devices	2.	Fluidic	manifold	to	guide
liquids	to	different	parts	of	the	MEMS	structure	3.	Window/opening	for	analyte	to	interact	with	the	chemical	sensitive	part	of	the	MEMS	structure	The	signal	redistribution	is	easy	to	understand:	the	electrical	contacts	of	an	IC	are	too	closely	spaced	to	accommodate	the	interconnection	capacity	of	a	traditional	printed	wiring	board	(PWB).	Packaging
redistributes	contacts	over	a	larger,	more	manageable	surface—it	fans	out	the	electrical	path.	The	mechanical	support	provides	rigidity,	stress	release,	and	protection	from	the	environment	(e.g.,	against	electromagnetic	interference).	Power	distribution	is	similar	to	signal	distribution	except	that	power	delivery	systems	are	more	robust	than	signal
delivery	systems,	and	the	thermal	management	function	is	there	to	provide	adequate	thermal	transport	to	sustain	operation	for	the	product	lifetime.1	The	various	levels	of	packaging	and	their	interconnections	in	the	IC	industry	that	we	adapt	here	also	for	micromachines	are	summarized	in	Table	4.11	and	illustrated	in	Figure	4.2a.4,5	The	lowest	level
in	the	IC	electronics	(L0	in	the	hierarchy)	is	single	IC	features	interconnected	on	a	single	die	with	IC	metallization	lines	into	a	level	1	IC	or	discrete	component.	Single-chip	packages	and	multichip	modules	are	at	level	2.	Levels	3	and	4	are	the	PWB	(L3)	and	chassis	or	box	(L4),	respectively.	Level	5	is	the	system	itself.	The	hierarchy	for	packaging	a
micromachine	such	as	a	pressure	sensor	is	illustrated	in	Figure	4.2b	and	4.2c.	For	more	information	on	advanced	packaging	schemes	in	ICs,	we	refer	to	the	excellent	reviews	by	Lyke,1	Jensen,4	and	Lau.6	Packages	for	microelectronic	systems	have	evolved	over	five	decades	to	accommodate	devices	that	largely	have	no	need	to	interact	with	the
environment.	Packages	for	micromachines	have	all	the	same	functions	as	listed	for	ICs	but	are	considerably	more	complex,	as	they	serve	to	protect	from	the	environment	while,	somewhat	in	contradiction,	enabling	interaction	with	that	environment	so	as	to	measure	or	affect	the	desired	physical	or	chemical	parameters.	With	the	advent	of	integrated
sensors,	the	protection	problem	became	more	complicated.	Silicon	circuitry	is	sensitive	to	temperature,	moisture,	magnetic	field,	188   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	Table	4.1 	Connection	between	Packaging	Elements	at	Various	Levels	in	the	Hierarchy	for	ICs	and	Micromachines	Level	Level	0	Level	1
Level	2	Level	3	Level	4	Level	5	Element	Interconnected	by	Transistor	within	IC	or	resonator	in	MEMS	ICs	or	discrete	components	such	as	a	MEMS	silicon/glass	pressure	sensor	Single-	and	multichip	IC	packages	or	a	pressure	sensor	in	a	TO	header	in	MEMS	Printed	wiring	boards	Chassis	or	box	System	itself,	e.g.,	a	computer	(IC-based)	or	a	gas	alarm
system	(MEMS-based)	IC	metallization	Package	leadframes	(single-chip)	or	multichip	module	interconnection	system	Printed	wiring	boards	Connectors/backplanes	(busses)	Connectors/cable	harnesses	Source:	Adapted	from	Lyke,	J.	C.	1995.	In	Microengineering	technologies	for	space	systems,	ed.	H.	Helvajian,	131–80.	El	Segundo,	CA:	Aerospace
Corporation.1	manifold,	for	example,	to	guide	the	analyte	to	the	sensor	surface.	Sometimes	the	circuit	itself	can	be	used	to	reduce	packaging	concerns,	for	example,	to	transmit	data	about	effects	which	cannot	be	screened	out,	as	in	the	removal	of	a	temperature	effect	from	a	pressure	signal.	But	more	frequently,	integration	of	electronics	with	MEMS,
especially	when	dealing	with	measuring	chemical	or	biological	signals,	electromagnetic	interference,	and	light,	to	name	just	a	few	items.	The	package	must	protect	the	onboard	circuitry	while	simultaneously	exposing	the	sensor	to	the	effect	it	measures.	For	example,	in	an	in	vivo	integrated	sensor,	a	true	hermetic	seal	is	necessary	to	protect	the
circuitry	from	the	effects	of	blood,	and	the	housing	needs	to	be	biocompatible	as	well.	The	housing	also	might	be	equipped	with	a	fluidic	Chip	Card	Chip	carrier	Cable	Board	(a)	Al	Polysilicon	gate	R1	Diaphragm	R2	P-well	Pressure	inlet	hole	Glass	RG(T)	N-type	silicon	Anodic	bonding	Package	(b)	(c)	FIGURE	4.2 	The	packaging	hierarchy	in	the
integrated	circuit	(IC)	world	and	in	micromachining.	(a)	A	large	electronic	unit	with	ICs.	Transistors	on	the	IC	are	level	L0.	The	IC	itself	is	level	L1.	The	chip	carrier	is	level	L2,	and	the	printed	wiring	board	(card)	is	level	L3.	The	chassis	(or	box)	is	level	L4.	Level	5	(L5),	not	shown,	is	the	system	itself,	e.g.,	a	computer.	(From	Jensen,	J.	R.	1989.	In
Microelectronics	processing,	ed.	D.	W.	Hess	and	K.	F.	Jensen,	441–504.	Washington,	DC:	American	Chemical	Society.	With	permission.4)	(b)	and	(c)	A	micromachined	unit:	piezoresistive	pressure	sensor	from	NEC.	L0,	diaphragm	on	die;	L1,	Si/glass	piece;	L2,	sensor	mounted	in	TO	header.	Packaging,	Assembly,	and	Self-Assembly   	189	causes
more	problems	than	it	solves.	A	package	must	also	provide	communication	links,	remove	heat,	and	enable	handling	and	testing.	The	material	used	must	be	one	that	will	afford	physical	protection	against	normal	process	handling	during	and	after	assembly,	testing,	and	prescribed	mechanical	shock.	Chemical	protection	is	also	required	during	assembly
and	in	practical	usage.	For	example,	during	the	process	of	installing	dice	on	substrates,	the	package	undergoes	a	series	of	cleanings	and,	under	normal	usage,	the	package	may	be	exposed	to	oxygen,	moisture,	oil,	gasoline,	and	salt	water.	The	package	must	also	be	capable	of	providing	an	interior	environment	compatible	with	device	performance	and
reliability;	for	example,	a	high-Q*	resonator	might	need	a	good	vacuum.	Physical	sensors	usually	have	a	physical	barrier	layer	or	fluid;	for	example,	a	pressure	transmission	fluid	interposed	between	the	sensing	Si	elements	and	the	environment	outside,	making	the	encapsulation	problem	less	severe.	The	sensor	community	is	still	searching	for	the
perfect	way	to	protect	sensors	from	their	environment	while	at	the	same	time	probing	that	environment.	The	packaging	problem	is	the	least	severe	for	a	physical	sensor	such	as	an	accelerometer,	which	can	be	sealed	and	protected	from	all	chemical	environment	effects	while	probing	the	inertial	effects	it	measures.	The	problem	is	most	severe	for
chemical	and	biological	sensors,	which	must	be	exposed	directly	to	an	unfriendly	world.	Generalizing,	chemical	and	biological	sensors	have	been	orders	of	magnitude	more	difficult	to	commercialize	than	physical	sensors,	in	no	small	part	because	of	packaging	problems.	In	the	latter	case,	problems	are	especially	severe	with	electronic	components	and
sensors	integrated	on	the	same	side	of	a	single	Si	substrate.	For	that	reason,	chemical	and	biological	sensors	are	better	made	with	hybrid	MEMS.	In	hybrid	MEMS,	*	As	we	will	learn	in	Chapter	8,	this	volume,	there	are	two	different	common	definitions	of	the	Q	factor	of	a	resonator	(see	“Quality	Factor”	in	Chapter	8).	One	is	via	the	energy	storage
where	the	Q	factor	is	given	as	2π	times	the	ratio	of	the	stored	energy	to	the	energy	dissipated	per	oscillation	cycle,	or	equivalently	the	ratio	of	the	stored	energy	to	the	energy	dissipated	per	radian	of	the	oscillation.	The	other	definition	is	via	the	resonance	bandwidth	in	which	the	Q	factor	is	the	ratio	of	the	resonance	frequency	f0	and	the	full	width	at
halfmaximum	(FWHM)	bandwidth	Δf	of	the	resonance.	Both	definitions	are	equivalent	only	in	the	limit	of	weakly	damped	oscillations,	i.e.,	for	high	Q	values.	MEMS	and	electronics	are	fabricated	in	separate	processes	and	put	together	afterward	within	a	common	package.	Making	a	hybrid	device	or	putting	the	electronics	on	the	other	side	of	the	wafer
often	provides	better	protection	of	the	electronics	from	the	environment.	The	challenges	in	packaging	chemical	and	biological	MEMS	are	further	compounded	by	the	fact	that	these	devices	usually	are	less	expensive	than	ICs	or	physical	MEMS	sensors	and	that	they	are	often	disposable.	Front-End	and	Back-End	Processes	During	the	front-end
processing	phase,	an	IC	or	MEMS	is	created	on	a	silicon	substrate	(referred	to	as	a	wafer).	During	the	back-end	processing	phase,	the	IC	chips	created	during	the	front-end	processing	phase	are	encapsulated	into	packages	and	thoroughly	inspected	before	becoming	completed	products.	The	front-end	and	back-end	processes	are	preceded	by	a	design
phase	and	by	the	mask	creation	in	which	the	function	of	the	IC	is	defined,	the	electric	circuit	is	designed,	and	a	mask	for	IC	manufacturing	is	created	on	the	basis	of	the	design.	In	this	chapter	we	are	primarily	concerned	with	the	more	expensive,	serial	back-end	processes.	The	back-end	process	used	to	start	after	the	last	of	the	IC	fabrication	steps,
i.e.,	to	make	the	interconnections	within	an	underlying	IC	(from	level	0	to	level	1	in	Table	4.1).	Unfortunately,	things	are	not	that	simple	anymore;	lately	making	internal	IC	connections	has	become	so	complicated	that	even	within	that	process	one	talks	about	front	end	and	back	end	of	the	line	steps.	As	advanced	ICs	contain	more	than	a	100	million
transistors,	the	importance	of	internal	IC	connections	is	steadily	increasing.	As	shown	in	Figure	4.3a,	eight	metal	layers	already	are	quite	common.	The	old	standard	for	making	these	metal	lines	was	using	insulating	layers	made	of	silicon	dioxide,	via	formation	by	plasma	etching	of	holes,	covering	the	whole	surface	with	tungsten	(W),	polishing	the
tungsten	down	to	the	silicon	dioxide,	leaving	the	vias	filled	with	tungsten	plugs,	and	finally	sputtering	an	aluminum	layer	and	selective	etching	it	to	leave	the	connecting	Al	lines.	As	we	saw	in	Volume	II,	Chapter	8,	the	more	advanced	process	for	constructing	interconnections	in	ICs	uses	the	“dual	damascene”	technique	(see	Figure	4.3b).	This	process,
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Protective	passivation	layer	Upper	interconnecting	layers,	with	SiO2	insulation,	Cu	columns,	and	Cu	lines;	lines	in	“dual	damascene”	technique	or	low	k	material	Lower	interconnecting	layer(s),	with	SiO2	insulation,	tungsten	columns,	and	aluminum	lines	Gate-contact	made	of	polysilicon,	(first	interconnecting	layer)	Exploded	view	Silicon	wafer	with
transistors,	resistors,	capacitors,	insulating	trenches,	etc.	Back	end	of	line	Front	end	of	line	(b)	FIGURE	4.3 	The	back-end	process	usually	takes	of	at	the	back	end	of	the	integrated	circuit	(IC)	line,	which	makes	the	interconnections	within	an	IC	(from	level	L0	to	L1).	In	the	case	of	very	complex	interconnecting	schemes	such	as	the	dual	damascene,
one	also	talks	about	back-end	and	front-end	processes	with	the	interconnecting	scheme.	(a)	Eight-metal	complementary	metal-oxide-silicon	chip.	(b)	Dual	damascene	technique	is	used	to	connect	upper	interconnecting	layers	with	lower	connecting	layers	(back	end	of	line)	and	transistors	on	the	wafer	(front	end	of	line).	from	Figure	4.3b,	is	itself	split
up	in	a	back-end	and	a	front	end	of	the	line.	In	the	dual	damascene	process,	the	last	step	in	the	front	end	of	the	line	is	a	first	interconnecting	layer	made	up	of	poly-Si	for	the	gate	contacts.	The	back	end	of	the	IC	interconnection	process	then	starts	with	an	insulating	layer,	either	again	made	of	silicon	dioxide	or	from	inorganic	or	organic	materials	with
lower	dielectric	constants	(so-called	low-k	materials).	Next	comes	the	creation	of	beds	for	lines	and	vias	in	two	subsequent	photoimaging	process	steps	followed	by	plasma	etching	of	the	insulating	layer.	In	a	subsequent	process	step,	the	whole	surface	is	covered	with	copper,	and	chemical	mechanical	polishing	(CMP)	removes	the	copper	down	to	the
top	side	of	the	insulating	layer	(see	Figure	4.3b	and	Volume	II,	Figure	8.41).	CMP	has	developed	into	a	very	important	step	in	the	process	chain	of	wafer	fabrication	(see	Volume	II,	Chapter	1,	Figure	1.66	for	a	CMP	setup).	The	CMP	slurry	contains	1)	chemistry	to	modify,	e.g.,	oxidize,	the	top	layer,	and	2)	abrasive	particles	to	remove	the	modified
material.	CMP	serves	to	planarize	Packaging,	Assembly,	and	Self-Assembly   	191	insulating	layers,	to	remove	tungsten	or	copper,	to	define	vias	and	lines,	and	to	back	grind	the	wafer	to	make	thin	flexible	chips.	The	resulting	flat	chip	surface	now	features	input/	output	(I/O)	pads	that	are	of	rectangular	shape	and	made	from	the	metal	of	the	top
layer,	i.e.,	from	aluminum	or	copper	(in	GaAs	chips,	gold	is	used	for	contacts).	These	exposed	metal	surfaces	are	slightly	alloyed	to	increase	hardness	and	longtime	stability.	The	chip	surface,	except	the	I/O	pads	and	the	dicing	lines,	are	covered	by	a	passivation	made	from	silicon	oxide	and	silicon	nitride.	Historically,	this	passivation	was	a	crucial	step
in	the	development	of	plastic	packages.	Plastic	packaged	chips	are	not	as	well	protected	from	humidity	as	chips	in	hermetically	sealed	housings.	Testing	the	outcome	of	a	wafer	process	depends	on	hundreds	of	parameters	that	all	have	to	be	tightly	controlled	during	production.	All	materials	and	parameter	settings	are	recorded	to	allow	the	back
tracing	of	deviations.	Processed	chips	still	on	a	wafer	are	difficult	to	test,	because	measurements	at	high	frequencies	with	hundreds	of	contacts	are	difficult	and	expensive.	Therefore,	only	a	so-called	static	test	at	low	frequencies	is	performed	to	do	a	first	wafer	screening,	perhaps	in	a	manual	probe	station	with	needle	tips	and	a	microscope,	as	shown
in	Figure	4.4.	The	packaged	chip—with	its	built-in	(shielded)	fan	out	of	the	contacts—is	the	best	location	in	the	fabrication	chain	to	do	a	full	testing	of	the	device	(L2;	see	below).	But	before	we	can	mount	the	chip	in	its	package	we	need	to	dice	it.	Dicing	One	of	the	final	steps	in	front-end	processing	of	an	IC	or	three-dimensional	(3D)	microstructure	
fab	ric	ation	and	the	first	in	back-end	packaging	is	sawing	the	finished	Si	wafer	into	individual	“dice.”	After	the	wafer	is	probed	(see	above;	Figure		4.4),	it	is	mounted	onto	sticky	tape	and	put	onto	the	dicing	saw	(Figure	4.5).	A	typical	saw	blade	consists	of	a	thick	hub	with	a	thin	rim	impregnated	with	diamond	or	carbide	grit.	Rotating	at	a	speed	of	sev-
eral	thousand	revolutions	per	minute,	the	blade	encounters	the	Si	wafer	at	a	feed	rate	on	the	order	of	a	centimeter	per	second,	sawing	partially	or	com 	pletely	through	the	wafer.	After	dicing,	the	elastic	plastic	sheet	can	be	stretched	to	distance	the	chips	in	case	the	saw	kerf	went	all	the	way	through	the	Si	wafer.	Except	when	cutting	a	silicon-glass
bonded	wafer	combination,	standard	IC	cutting	practices	regarding	surfactants,	cleanliness,	and	blade	width/depth	ratio	apply	to	MEMS	wafers	as	well.	Typical	kerf	widths	are	50–200	μm,	while	typical	roughness	along	the	kerf	edge	is	10–50	μm.	The	restrictions	of	mechanical	sawing	include	this	roughness,	which	precludes	the	fabrication	of	smooth
structures	along	the	outside	edge	of	the	die.	In	addition,	the	vibration	inherent	in	the	sawing	process	makes	it	difficult	to	securely	hold	down	dice	during	sawing	if	these	dice	are	less	than	0.5	mm	on	a	side.	For	smaller	dice,	micromachining	is	necessary	for	edge	definition	and	separation	of	individual	devices.	In	the	latter	case,	anisotropically	etched	V-
grooves	extending	almost	through	the	depth	of	the	wafer	separate	the	individual	dice,	which	might	be	broken	apart	by	applying	a	small	mechanical	force.	Alternatively,	the	dice	Diamond	dicing	saw	Water	jet	Wafer	on	a	plastic	sheet	Singulated	chip	FIGURE	4.4 	Optical	microscope	with	needle-tip	manipulators.	FIGURE	4.5 	Dicing	operation.
192   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	are	etched	completely	free	at	the	moment	critical	components	(e.g.,	a	pressure-sensitive	membrane)	have	reached	the	specified	thickness	(see	V-groove	Thickness	Control	in	Volume	II,	Figure	4.44).	Most	mechanical	sensors	and	actuators	are	equipped	with	a	bonded
cap	or	cover	(Si,	glass,	etc.),	protecting	them	during	dicing.	In	the	case	of	surface	micromachined	devices,	a	final	sacrificial	release	etch	(see	Volume	II,	Chapter	7)	is	performed	after	the	dicing	is	complete.	This	procedure	ensures	that	there	are	no	free	mechanical	structures	during	the	dicing,	but	it	implies	also	that	the	microstructures	must	be	freed
on	individual	dice,	making	for	a	more	costly	device.	The	TI	DMD	TM	arrays	described	in	Volume	II,	Example	7.2	are	handled	this	way:	they	are	diced	first,	and	then	the	organic	sacrificial	layer	is	etched	in	an	oxygen	plasma.	The	cap	approach	is	not	applicable	in	the	case	of	flow	sensors,	and	chemical	and	biological	sensors	or	other	devices	that	require
direct	contact	with	their	surrounding	environments.	Level	1	Packaging	(L1)	and	Level	2	Packaging	(L2)	Introduction	Level	1	devices	are	packaged	with	leadframes	(singlechip),	transistor	outline	(TO)-headers,	or	multichip	module	interconnection	systems,	and	the	resulting	devices	are	then	packed	onto	printed	wiring	boards	(see	Table	4.1).
Micromachining	deviates	most	dramatically	from	ICs	in	the	nonstandard	nature	of	packages	from	level	2	up.	In	the	case	of	some	sensors,	standard	TO-5	and	TO-8	headers	still	might	be	useful,	but	in	most	cases	the	package	dictated	by	the	specific	application	is	of	a	much	more	complex	nature.	Single-Device	Packaging	A	typical	package	for	single	chips
with	100	and	more	leads	is	the	quad	flat	pack	(QFP)	illustrated	in	Figure	4.6.	The	process	steps	necessary	to	build	such	a	QFP	are	the	stamping	or	etching	of	a	leadframe,	gluing	the	chip	to	the	leadframe	(also	named	die	bonding),	wire	bonding	the	chip	to	the	leadframe,	overmolding	everything	except	the	outer	leads	and	cutting	and	bending	the	leads
to	gull-wing	shape.	In	the	cross-section	of	the	QFP,	in	Figure	4.6b,	the	different	elements	of	a	QFP	are	visible:	the	chip,	the	leadframe	and	the	glue,	the	gold	wires,	the	overmolding,	and	the	final	form	of	the	leads.	This	package	is	now	ready	to	be	soldered	to	a	printed	wiring	board.	Leadframes	are	stamped	or	etched	strips	of	metal	sheets	(Figure	4.7).
Chips	can	be	mounted	in	one	or	several	rows	on	the	large	central	pads.	The	outside	dimensions	of	the	strips—width,	length,	and	the	holes	at	the	edge—are	standardized.	The	basic	material	is	an	iron-nickel-alloy.	The	inner	leads,	the	lands	for	the	gold	wire,	have	to	be	gold	or	silver	plated.	The	outer	leads	are	pretinned	for	the	later	soldering	to	the
printed	wiring	board.	An	auxiliary	rectangular	line	circumventing	the	main	package	is	needed	to	seal	the	overmolding	form.	This	line	is	stamped	out	after	overmolding.	The	die	is	glued	to	the	large	central	pad	of	the	lead	frame	with	a	conductive	epoxy	resin.	Precise	mounting	of	the	chips	is	required	to	facilitate	the	subsequent	wire	bonding.	The	glue
has	to	be	cured	before	wire	bonding	starts.	Because	standard	glues	cure	in	tens	of	minutes,	rather	than	in	seconds,	the	curing	is	quite	a	disturbing	factor	in	a	production	line.	Batches	of	leadframes	have	to	be	placed	in	a	curing	oven.	Chip	Glue	Gold	wire	x	erte	Sup	G	P	Leadframe	(a)	Over	molding	(b)	FIGURE	4.6 	(a)	An	eighty-lead	plastic	quad	flat
pack	(QFP)	ready	for	soldering	to	a	printed	wiring	board	(PWB).	(b)	A	QFP	in	cross-section.	Packaging,	Assembly,	and	Self-Assembly   	193	The	QFP	shown	in	Figure	4.6	is	a	relatively	old	packaging	scheme	introduced	in	the	1980s.	The	dual	inline	package	(DIP),	what	most	people	envision	when	they	think	of	an	IC	“chip,”	was	developed	even
earlier	(in	the	1960s)	(Figure	4.8a).	In	a	DIP,	the	leads	are	perpendicular	to	the	body	of	the	package,	making	them	ideally	suited	for	insertion	mounting	onto	printed	wiring	boards	(PWBs)	using	plated	through-holes.	A	QFP	is	an	example	of	surface	mount	technology	(SMT).	In	SMT,	the	leads	do	not	penetrate	the	PWB	surface,	and	ICs	are	mounted,	by
reflow	solder	technology,	on	both	sides	of	the	PWB,	resulting	in	higherdensity	electronics.	In	the	industry,	SMT	has	largely	replaced	the	through-hole	technology	construction	method	of	fitting	components	with	wire	leads	into	holes	in	the	circuit	board.	An	SMT	component	usually	FIGURE	4.7 	Leadframes	are	stamped	or	etched	strips	of	metal	sheets.	x
erte	Sup	G	P	(a)	(b)	Semiconductor	chip	BGA	Semiconductor	chip	BGA	(CSP)	(c)	Au	wire	Die	attach	paste	Solder	resist	PCB	(e)	(d)	Encapsulation	Solder	ball	FIGURE	4.8 	Packaging	options.	(a)	The	dual	inline	package	(DIP),	developed	in	the	sixties.	(b)	The	quad	flat	pack	(QFP)	was	developed	in	the	1980s.	It	is	a	first	example	of	surface	mount
technology.	(c)	Pin	grid	arrays	(PGAs)	were	also	developed	in	the	1980s.	(d)	Ball	grid	array	(BGA),	developed	in	the	early	1990s	as	a	replacement	for	QFPs,	including	a	BGA	implemented	as	chip	scale	packaging	(CSP).	(e)	Detail	of	chip	scale	package	(CSP).	194   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	is	smaller
than	its	through-hole	counterpart	because	it	has	either	smaller	leads	or	no	leads	at	all.	The	QFPs	(see	above	and	Figure	4.8b)	and	pin	grid	arrays	(PGAs;	Figure	4.8c)	were	developed	in	the	1980s.	There	are	leadless	or	leaded	ones	and	come	in	plastic	or	ceramic	bodies.	With	contacts	on	all	four	sides,	up	to	∼200	I/Os	are	possible	with	QFPs,	and	PGAs
can	have	up	to	∼600	I/Os.	Ball	grid	arrays	(BGAs)	(Figure	4.8d)	were	developed	in	the	early	1990s	as	a	replacement	for	QFPs.	They	feature	solder	bumps	in	a	matrix	on	the	bottom	of	the	package.	They	have	a	higher	density,	smaller	footprint,	and	shorter	electrical	paths	(i.e.,	faster	signal	propagation)	but	are	more	expensive	than	QFPs.	BGAs	are	the
natural	choice	for	multichip	module	(MCM)	packaging	(see	below).	Chip	scale	packaging	(CSP)	was	developed	in	the	late	1990s	(see	bottom	drawing	labeled	“BGA	(CSP)”	in	Figure	4.8d	and	Figure	4.8e).	CSP	is	a	general	term	for	all	semiconductor	packaging	schemes	that	aim	to	be	almost	the	same	size	as	the	chip	itself	(typically	about	1.2	times	the
bare	chip).	In	CSP,	the	package	is	an	extension	of	the	bare	IC	and	permits	easier	handling,	testing,	and	assembly.	In	one	version	of	CSP,	the	BGA	packaging	scheme	is	modified	with	electrodes	that	are	directly	installed	on	the	bottom	of	the	IC.	[See	bottom	drawing	labeled	“BGA	(CSP)”	in	Figure	4.8d	and	Figure	4.8e.]	A	simple	single	die	mounting
method,	often	used	in	MEMS,	is	in	a	header,	as	shown	in	Figure		4.9,	where	we	show	the	bulk	silicon	micromachined	piezoresistive	accelerometer	manufactured	by	TRW	NovaSensor	(Fremont,	CA)	in	a	TO-5	header.	FIGURE	4.9 	Commercially	available	Si	accelerometer	based	on	hybrid	technology;	bulk-micromachined	50-g	accelerometer	bonded	into
a	TO-5	header.	Signal	conditioning	electronics	are	on	a	separate	chip.	(Courtesy	of	TRW	NovaSensor.)	After	dicing	a	MEMS	sensor	die,	the	die	attachment	step	to	the	header	follows.	In	a	typical	header,	gold-plated	pins	are	hermetically	sealed	to	the	header	base	with	glass	eyelets,	which	provide	a	hermetic	feed	through	with	both	high	electrical	and
mechanical	integrity.	To	protect	the	mounted	sensor,	a	metal	can	is	hermetically	resistance-welded	to	the	header.	Since	the	thermal	expansion	coefficient	of	the	package	material	to	which	the	die	is	attached	typically	differs	substantially	from	that	of	Si	and	glass,	the	die	attachment	must	compensate	for	this.	The	three	methods	used	the	most	for	die
attach	are	eutectic	(Au-Si	alloy),	epoxy,	and	silicone	rubber,	in	order	of	highest	to	lowest	stress.1,4	The	next	step	in	the	process		consists	of	the	electrical	connection	to	the	Si	sensor.	Gold	or	aluminum	wire	is	bonded	by	thermosonic,	thermocompression,	or	wedge-wedge	ultrasonic	wire	bonding	(see	“Wire	Bonding”,	this	chapter).	The	fine	gold	wires	in
the	TO-5	package	illustrated	in	Figure	4.9	are	barely	visible.	Wire	bond	ing	occasionally	damages	MEMS	components	during	packaging,	as	the	applied	ultrasonic	energy,	typically	at	a	frequency	between	50	and	100	kHz,	may	start	the	oscillation	of	suspended	mechanical	microstructures.	Coincidentally,	many	micromachined	structures	have	resonant
frequencies	in	the	50–100	kHz	range,	increasing	the	risk	of	structural	failure	during	wire	bonding.	The	TO-5	packaged	accelerometer	in	Figure	4.9	is	an	example	of	a	relatively	simple	packaging	solution;	typically	MEMS	packaging	is	a	lot	more	challenging.	Indeed,	an	accelerometer	can	be	completely	shielded	from	its	environment,	whereas	many
other	MEMS	sensors	must	be	exposed	directly	to	the	environment	they	are	sensing.	It	is	imperative	that	sensor	elements	are	not	subject	to	undesirable	mechanical	stresses	originating	from	their	packaging	structure.	Slow	creep	in	the	adhesive	or	epoxy	that	bonds	the	silicon	die	to	the	package	housing,	for	example,	may	lead	to	longterm	drift.
Corrugated	structural	members,	as	used	by	Jerman,7	decouple	the	sensor	from	its	encapsulation,	reducing	the	influence	of	temperature	changes	and	packaging	stress.	Corrugated	members	have	been	implemented,	for	example,	in	single-crystal	silicon,	polysilicon,	and	polyimide.	The	technique	was	described	in	Volume	II,	Chapter	7,	as	one	of	the
Packaging,	Assembly,	and	Self-Assembly   	195	Plate	area	Center	boss	Sensor	chip	Contact	area	of	chip	Bellow	structure	Contact	area	of	housing	Intermediate	Reference	pressure	part	FIGURE	4.10 	Stress	release	bellows.	A	corrugated	intermediate	Si	piece	decouples	the	sensor	from	its	housing.	(From	Offereins,	H.	L.,	H.	Sandmaier,	B.	Folkmer,
U.	Steger,	and	W.	Lang.	1991.	In	6th	International	Conference	on	Solid-State	Sensors	and	Actuators	[Transducers	’91],	986–89.	San	Francisco.	With	permission.10)	methods	to	control	stress	in	micromachined	structures.	The	stress-decoupling,	corrugated	bellows	either	surround	the	sensor	structure	itself 8,9	or	the	sensor	chip	is	mounted	via	an
intermediate	with	a	bellow	structure	to	the	housing.10	The	latter	implementation	is	sketched	in	Figure	4.10.	Thermal	management	in	MEMS	involves	cooling	heat-dissipating	devices,	especially	thermal	actuators,	but	also	includes	understanding	and	controlling	the	sources	of	temperature	fluctuations	that	may	adversely	affect	the	performance	of	the
device.	Thermal	modeling	must	include	both	the	die	and	its	package.	To	facilitate	heat	flow	from	die	to	package,	a	die-attach	scheme	must	be	used	that	exhibits	high	thermal	conductivity.	The	last	assembly	step,	after	die	attachment	and	electrical	contacting,	involves	the	protection	of	the	silicon	die	and	electrical	leads.	This	is	especially	important	for
sensors	and	actuators	that	are	to	be	used	in	intimate	contact	with	harsh	environments.	Various	methods	are	available,	including	the	following:1,4	1.	Vapor-deposited	organics	for	mildly	aggressive	environments	{e.g.,	2–3-μm	thick	lowpressure	chemical	vapor-deposited	[LPCVD]	parylene	[poly(p-xylene)]}.	A	negative	aspect	of	this	form	of	passivation	is
that	the	added	layer	often	makes	the	die	too	stiff	for	accurate	sensing	or	actuating	functions.	2.	Silicone	oil	over	the	die	for	medium-isolated	pressure	sensors.	3.	Coating	of	the	die	surface	with	soft	substances	such	as	silicone	gel.	Hardening	of	the	gel	over	time	is	a	major	problem.	Silicones	do	not	form	a	moisture	barrier,	and	the	exact	mechanism	by
which	they	protect	the	die	as	a	surface	coat	is	not	understood.11	4.	SiC	(e.g.,	deposited	with	plasma-enhanced	chemical	vapor	deposition)	for	harsh	environ	ments.12	5.	A	plastic	or	ceramic	cap	for	particle	and	handling	protection.	6.	A	welded-on	nickel	cap	with	pressure	port.	Multichip	Packaging	A	multichip	module	(MCM)	is	a	chip	package	that
contains	two	or	more	bare	chips	mounted	close	together	on	a	common	substrate.	Shorter	tracks	between	the	individual	chips	increase	performance	and	eliminate	much	of	the	noise	that	external	tracks	between	individual	chip	packages	pick	up.	There	are	four	main	categories	of	MCMs	based	on	the	substrate	used:	1.	Laminated	(MCM-L):	Constructed
of	plastic	laminate-based	dielectrics	and	copper	conductors	using	PWB	technology.	These	are	the	lowest	cost	MCMs.	2.	Ceramic	(MCM-C):	Constructed	on	cofired	ceramic	or	glass-ceramic	substrates	using	thickfilm	(screen	printing)	technologies.	3.	Deposited	(MCM-D):	Uses	a	dielectric	layer	over	a	ceramic,	glass,	or	metal	substrate,	and	thin	film
interconnects	are	created	on	the	dielectric	layer.	These	are	the	highest-performance	MCMs.	4.	Si-based	(MCM-Si):	Uses	a	silicon	substrate	with	tracks	created	in	the	silicon	like	regular	ICs.	Transistors	can	also	be	formed	in	the	substrate.	ICs	and	micromachined	chips	may	be	packed	laterally	or	they	may	be	stacked	on	top	of	one	another.	In	the	latter
case,	individual	dice,	blocks	of	dice,	and	entire	wafers	may	be	stacked	with	electrical	interconnections	either	made	by	wires	(see	Figure	4.11)	196   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	Wire	bond	Mold	compound	Vertical	MCM	Die	Die	attach	Wire	bond	IC	chip	2	IC	chip	1	Laterally	packed	MCM	Solder	ball	IC
chip	1	IC	chip	2	Flip	chip	Epoxy	underfill	Rigid	laminate	substrate	Die	Mold	cap	FIGURE	4.11 	Schematic	of	a	two-chip	MCM.	or	interconnects	running	vertically	from	plane	to	plane.13	A	commercial	example	of	a	four-chip	MCM	is	shown	in	Figure	4.12.	MCMs	increase	the	interconnect	density	on	printed	circuit	boards	and	speed	up	the	processing
time.	Multichip	modules	are	an	important	supporting	technology	for	MEMS,	as	most	MEMS	are	better	partitioned	into	separate	sensing	and	electronic	parts	rather	than	being	built	monolithically	in	Si.	MCM	also	allows	complementary	metal-oxidesilicon	(CMOS)	and	bipolar	technologies	to	be	used	in	the	same	package.	Instead	of	the	wire	bonds
shown	in	the	MCMs	in	Figure	4.11,	flip-chip	bonding	often	is	used	to	make	contact	to	the	chip.	In	flip-chip	bonding,	as	its	name	implies,	the	die	is	bonded,	facedown,	on	its	substrate	without	the	use	of	connecting	wires	(see	“Electrical	Connection	Methods”	and	Figure	4.13).	Electrical	contacts	are	made	directly	between	plated	solder	bumps	on	bond
pads	on	the	die	and	metal	pads	on	the	packaging	substrate.	The	intimate	spac	Flash	EEPROM	ASIC	SDRAM	MCM	Microprocessor	FIGURE	4.12 	A	2-mm-thick	MCM	holding	four	ICs	used	in	Casio’s	Exilim	digital	camera.	FIGURE	4.13 	Flip-chip	versus	wiring	bonding.	ing	between	the	die	and	the	substrate	(5	μm)	and	photolithographically	defining
the	aluminum	into	the	desired	pattern	on	one	side	of	the	Si	wafer.	The	wafer	is	then	radiatively	heated	from	the	other	side	to	temperatures	considerably	higher	(1000–1200°C)	Packaging,	Assembly,	and	Self-Assembly   	201	than	the	eutectic	temperature	to	form	the	molten	zone.	The	one-sided	heating	imposes	a	thermal	gradient	of	up	to	50°C/cm
across	the	molten	zone,	resulting	in	a	highly	aluminum	doped	(2	×	1019	cm–3)	zone	of	single-crystal	Si.	Because	of	the	speed	(the	zone	moves	through	the	silicon	on	the	order	of	10	μm/min),	wafers	can	be	doped	through	their	thickness	in	minutes.	With	TGZM,	the	concomitant	side	diffusion	is	a	few	micrometers	compared	with	millimeters	for	solid-
state	diffusion.	In	principle,	this	technique	offers	very	exciting	opportunities	for	novel	3D	structures,	as	connections	can	be	made	front	to	back	on	a	Si	wafer.	However,	the	lines	through	the	silicon,	being	active	junctions,	are	light	sensitive,	and	the	Al	on	the	exit	side	can	turn	very	rough.	Also,	because	the	process	is	so	extreme,	it	needs	to	precede	the
implementation	of	any	other	structure	on	the	wafer.	Bonding	of	Layers	in	MEMS	Introduction	Wafer	bonding	is	a	technology	that	has	found	widespread	use	in	IC	as	well	as	MEMS	fabrication.	It	allows	the	permanent	bonding	of	two	wafers.	Applications	include	packaging,	fabricating	3D	structures,	and	forming	multilayer	devices.	In	MEMS,	more	often
than	with	ICs,	one	needs	to	bond	a	variety	of	materials	together,	including	Si	to	a	glass	pedestal	(e.g.,	in	pressure	sensors),	Si	to	Si	(in	many	multistack	MEMS	devices),	and	polymer	to	polymer	(e.g.,	in	fluidic	devices).	Assisted	Thermal	Bonding	or	Anodic	Bonding	Field-assisted	thermal	bonding,	also	known	as	anodic	bonding,	electrostatic	bonding,	or
the	Mallory	process,	is	commonly	used	for	joining	glass	to	silicon.	The	main	utility	of	the	process	stems	from	the	relatively	low	process	temperature	(the	temperature	limit	for	IC	processed	Si	substrates	is	about	450°C).	Since	the	glass	and	Si	remain	rigid	during	anodic	bonding,	it	is	possible	to	attach	glass	to	Si	surfaces,	preserving	etched	features	in
either	the	glass	or	the	silicon.	This	method	is	mostly	applicable	to	wafer	scale	die	bonding	(L1).	A	bond	can	be	established	between	a	sodiumrich	glass,	say	Corning	#7740	(Pyrex),	and	virtually	any	metal.19	Besides	Pyrex,	Corning	#7070,	soda	lime	#0080,	potash	soda	lead	#0120,	and	aluminosilicate	#1720	are	suitable	as	well.20	In	the	case	of	Si,
Pyrex	is	most	commonly	used.	Bonding	can	be	accomplished	on	a	hot	plate	in	atmosphere	or	vacuum	at	temperatures	between	180°C	and	500°C.	Typical	voltages,	depending	on	the	thickness	of	the	glass	and	the	temperature,	range	from	200	to	1000	V.	The	operating	temperatures	are	near	the	glass-softening	point	but	well	below	its	melting	point,	as
well	as	below	the	sintering	temperature	of	standard	AlSi	metallization.	At	the	most	elevated	temperatures,	the	wafers	are	bonded	in	5–10	min,	depending	on	voltage	and	bonded	area.20	Compared	with	Si	fusion	bonding	(see	below),	anodic	bonding	has	the	advantage	of	being	a	lower-temperature	process	with	a	lower	residual	stress	and	less	stringent
requirements	for	the	surface	quality	of	the	wafers.	Figure	4.19	represents	a	schematic	of	an	anodic	bonding	setup	and	an	image	of	the	actual	operation.	Generally,	one	places	a	glass	plate	on	top	of	the	Si	wafer	and	makes	a	pinpoint	contact	to	the	uppermost	surface	of	the	glass	piece,	which	is	held	at	a	constant	negative	bias	with	respect	to	the
electrically	grounded	silicon.	The	bonding	is	easy	to	follow:	looking	through	the	glass,	the	bonded	region	moves	from	the	contact	cathode	pinpoint	outward	and	can	be	detected	visually	through	the	glass	by	the	disappearance	of	the	interference	fringes.	When	the	whole	area	displays	a	dark	gray	color,	the	bonding	is	complete.	A	constant	current,
instead	of	constant	voltage,	could	also	be	used	but	is	avoided,	since	dielectric	breakdown	may	occur	after	the	bonding	is	complete	and	the	interface	becomes	an	insulator	(see	bonding	mechanism	below).	The	contacting	surfaces	need	to	be	flat	(surface	roughness	Ra	<	1	μm	and	warp/bow	<	5	μm)	and	dust-free	for	a	good	bond	to	form.	The	native	or
thermal	oxide	layer	on	the	Si	must	be	thinner	than	200	nm.	The	height	of	metal	lines	crossing	under	the	bonded	area	should	be	less	than	600	Å,	or	1000	Å	for	hermetic	sealing.	The	thermal	expansion	coefficients	of	the	bonded	materials	must	match	in	the	range	of	bonding.	In	Figure	4.20,	we	show	the	thermal	expansion	coefficient	of	Si,	a	borosilicate
202   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	Glass	500	V	(a)	Silicon	Hot	plate	(300~500°…)	Electrostatic	force	FIGURE	4.19 	(a)	Principle	sketch	of	anodic	glass-to-Si	bonding.	Control	parameters	are	temperature	(300–400°C),	bias	voltage	(700–1200	V),	time	(~2	min),	and	materials	(glasses,	Si,	SiO2).	(b)	Actual
anodic	bonding	process	on	a	simple	hot	plate.	glass,	and	a	Pyrex-like	glass	(HOYA’s	SD-2)	as	a	function	of	temperature.21	The	curves	of	borosilicate	glass	and	silicon	single-crystal	wafer	cross	at	about	240°C.	When	anodic	bonding	is	performed	at	400°C,	the	difference	of	the	expansions	at	high	temperature	creates	residual	stress	in	the	Si	chip	during
cooling	to	room	temperature.	45	Si	Borosilicate	SD-2	CTE	(×	10–7	/K)	40	35	30	25	0	100	200	300	T(ºC)	400	500	600	FIGURE	4.20 	Thermal	expansion	coefficients	of	Si,	borosilicate,	and	a	Pyrex-like	glass,	HOYA’s	SD-2,	a	substrate	engineered	to	minimize	the	distortion	or	bowing	effect	caused	by	the	thermal	mismatch	between	the	two	wafers.	CTE,



coefficient	of	thermal	expansion.	(From	Peeters,	E.	1994.	Process	development	for	3D	silicon	microstructures,	with	application	to	mechanical	sensor	design.	PhD	thesis,	Catholic	University	of	Louvain,	Belgium.	21)	Above	450°C,	the	thermal	properties	of	the	materials	begin	to	deviate	seriously;	therefore,	the	process	should	be	limited	to	450°C.	One
also	expects	that	Si	would	be	under	compression	for	seal	temperatures	below	280°C	and	under	tension	for	temperatures	in	excess	of	280°C.21	Wafer	curvature	measurements	indicate,	however,	that	the	transition	from	concave	7440	glass/Si	sandwiches	(Si	under	compression)	to	convex	sandwiches	(Si	under	tension)	lies	around	a	seal	temperature	of
315°C.21,22	This	indicates	that	other	non-negligible,	stressinducing	effects	add	an	additional	compressive	component.	As	we	learned	before,	for	most	applic	ations	tensile	stress	is	preferred	over	compressive	stress,	and	a	considerable	safety	margin	toward	higher	bonding	temperatures	must	be	respected	to	avoid	buckled	Si	membranes	and	bridges.
The	anodic	bonding	mechanism	is	not	yet	completely	understood.	Electrochemical,	electrostatic,	and	thermal	mechanisms	and	combinations	thereof	have	been	suggested	to	explain	bond	formation,	but	the	dominant	mechanism	has	not	been	clearly	defined.	It	is	suggested	that	at	elevated	temperatures,	the	glass	becomes	a	conductive	solid	electrolyte,
and	the	bonding	results	through	the	migration	of	sodium	(Pyrex	contains	approximately	3–5%	sodium)	toward	the	cathode	(see	Figure	4.19).	As	Packaging,	Assembly,	and	Self-Assembly   	203	it	moves,	it	leaves	a	space	charge	(bound	negative	charges)	in	the	region	of	the	glass/silicon	interface.	Most	of	the	applied	voltage	drop	occurs	across	this
space	charge	region,	and	the	high	electrical	field	between	the	glass	and	Si	results	in	an	electrostatic	force,	which	pulls	the	glass	and	Si	into	intimate	contact.	During	this	charging	process,	the	electric	field	is	high	enough	to	allow	a	drift	of	oxygen	to	the	positive	electrode	(Si)	reacting	with	silicon	and	creating	Si-O	bonds.	The	elevated	temperatures	and
high	electric	field	thus	result	in	covalent	bonds	forming	between	the	surface	atoms	of	the	glass	and	the	silicon.	A	good	quantitative	discussion	on	the	many	important	effects	in	anodic	bonding	is	by	Anthony.23	Field-assisted	bonding	has	also	been	applied	to	bond	GaAs	to	glass.	Corning	#0211	is	used	at	360°C,	and	a	bias	of	800	V	is	applied	for	30	min
to	complete	the	bonding	process.	It	is	well	known	that	GaAs	forms	very	poorly	adhering	oxides,	leading	to	poor	anodic	bonding;	prebaking	of	the	glass	at	400°C	for	15	h	in	a	reducing	atmosphere	(H2	and	N2)	is	reported	to	lead	to	better	bonding.24	Von	Arx	et	al.	bonded	glass	capsules	to	a	smooth	polysilicon	surface	to	form	a	hermetically	sealed
cavity	large	enough	to	contain	hybrid	circuitry	of	a	biocompatible	implant.25	The	high	electrical	field	and	the	migration	of	sodium	make	anodic	bonding	of	glass	plates	to	Si	a	rather	difficult	technology.	The	mismatch	in	thermal	expansion	coefficient	between	the	glass	and	the	Si	causes	both	thermally	induced	and	built-in	mechanical	stress.	In	addition,
the	viscous	behavior	of	the	glass	results	in	degraded	long-term	stability	of	the	components.	As	a	result	of	these	problems,	several	modifications	of	the	basic	technology	have	been	introduced	(see	below).	A	typical	commercial	instrument	for	anodic	bonding	is	from	Electronic	Visions	Co.’s	500	Series-Wafer	Bonding	Systems	(e.g.,	the	EV560).	Field-
Assisted	Thermal	Bonding	Modifications	The	pinpoint	method	for	anodic	bonding,	as	illustrated	in	Figure	4.19,	requires	a	very	high	bias	voltage	and	a	long	period	of	time	to	bond	areas	far	removed	from	the	cathode	point,	since	the	electrical	field	in	the	glass	substrate	diminishes	fast	as	the	distance	from	the	pinpoint	cathode	increases.	At	NEC,	a	Ti
mesh	bias	electrode	is	deposited	over	the	whole	glass	wafer	to	accomplish	faster	bonding.	Because	of	the	mesh	assistance,	the	whole	wafer	may	be	Si	bonded	at	400°C	and	600	V	in	less	than	5	min,	compared	with	over	an	hour	at	the	same	temperature	and	voltage	without	the	mesh.26	Another	modification	of	anodic	bonding	by	Sander27	involves
deposition	of	intermediate	layers	of	Si	dioxide	and	aluminum	to	screen	the	underlying	Si	from	harm	from	the	high	electrical	fields.	First,	Si	dioxide	is	thermally	grown	on	the	Si	surface.	Then,	a	layer	of	aluminum	is	deposited	on	the	oxide	surface.	Finally,	a	piece	of	glass	is	bonded	to	the	aluminum.	This	technique	produces	a	good	hermetic	seal,	but	the
soft	aluminum	may	be	expected	to	creep	after	bonding,	producing	drift	in	the	sensor	output.	In	addition,	the	aluminum	is	not	corrosion	resistant	for	in	vivo	applications,	so	that	the	bond	area	may	corrode	rapidly.	A	similar	modification	of	glass-tosilicon	bonding	also	uses	a	sandwich	structure,	but	a	layer	of	polycrystalline	silicon	(polysilicon)	is
deposited	on	the	oxide	surface	instead	of	aluminum,	and	a	piece	of	glass	is	bonded	to	the	polysilicon	(see	also	Von	Arx	et	al.25).	It	is	also	possible	to	anodically	bond	two	Si	wafers	with	a	thin	intermediate	sputtered28,29	or	evaporated30	borosilicate	glass	layer	(4–7	μm	thick).	Because	two	Si	wafers	are	used,	there	are	fewer	problems	associated	with
mismatch	in	thermal	expansion	coefficient.	In	addition,	since	the	glass	layer	is	very	thin,	the	voltage	necessary	for	the	bond	is	usually	no	more	than	about	50–100	V.	Using	a	thin	intermediate	film	makes	the	devices	akin	to	a	monolithic	structure.	Residual	stresses	and	thermal	expansion	coefficient	mismatches	only	have	minor	effects	on	device
performance.	The	surfaces	of	the	Si	to	be	bonded	should	be	polished,	and	one	of	the	two	wafers	should	be	coated	with	the	thin	glass	layer.	This	intermediate	layer	may	be	sputtered	from	a	Pyrex	target,	resulting	in	a	rather	slow	process.	Hanneborg	et	al.,	for	example,	report	a	growth	rate	of	100	nm/h	at	a	pressure	of	5	mTorr	argon	and	sputtering
power	of	1.6	W/cm2.29	The	films,	as	deposited,	are	highly	stressed	and	must	be	annealed	before	bonding	at	the	annealing	point	of	565°C	in	a	wet	oxygen	atmosphere.20	With	a	4-μm-thick	sputtered	204   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	glass	layer,	50	V	and	a	temperature	of	450–550°C	suffices	to	create	a
hermetic	bond.	With	sputtered	layers	below	4	μm	thick,	a	thermally	grown	SiO2	must	be	included	between	the	glass	and	the	silicon	to	avoid	electrical	breakdown	during	anodic	bonding.	The	bond	strength	with	Pyrex	as	an	intermediate	layer,	measured	by	pulling	the	wafers	apart,	ranges	from	2	to	3	MPa.	As	the	Pyrex	thin	films	etch	very	slowly	in
KOH,	they	can	be	used	as	a	mask	material	for	anisotropic	etching.31	Esashi	et	al.32	report	room	temperature	anodic	bonding	using	a	0.5–	4-μm-thick	film	sputtered	from	a	Corning	glass	#7570	target.	This	glass	has	a	softening	point	of	440°C	compared	with	821°C	for	Pyrex,	and	bonding	is	completed	within	10	min	with	30–60	V	applied.	A	pull	test
reveals	a	resulting	bond	strength	in	excess	of	1.5	MPa.	Application	of	pressure	up	to	160	kPa	on	the	wafer	sandwich	apparently	supports	the	bonding	process;	at	a	pressure	of	160	kPa,	the	minimum	voltage	to	achieve	bonding	drops	by	a	factor	of	2.	The	slow	deposition	rate	of	glass	sputtering	presents	a	major	disadvantage	for	this	technique,	but
evaporated	glass	layers	can	be	deposited	with	much	higher	rates	up	to	4	μm/min	and	could	provide	a	solution;	unfortunately,	in	this	case	pinholes	tend	to	reduce	the	breakdown	voltage.30	Field-assisted	bonding	between	two	Si	wafers,	both	provided	with	a	thermally	grown	oxide	film,	is	also	reported	to	be	successful.	Both	Si	wafers	must	(100)	Si
wafer	1	(a)	be	covered	with	1	μm	of	oxide.	Bonding	of	a	bare	Si	wafer	to	a	second	wafer	with	oxide	failed	because	of	oxide	breakdown	under	very	small	applied	bias.	Temperatures	range	from	850°C	to	950°C,	and	a	voltage	of	30	V	must	be	applied	for	45	min	at	the	chosen	bonding	temperature.33	Silicon	Fusion	Bonding	The	ability	to	bond	two	Si
wafers	directly	without	intermediate	layers	or	applying	an	electric	field	simplifies	the	fabrication	of	many	devices.	This	direct	bonding	of	silicon	to	silicon,	Si	fusion	bonding	(SFB),	is	based	on	a	chemical	reaction	between	OH	groups	present	at	the	surface	of	the	native	or	grown	oxides	covering	the	wafers.	The	bonding	relies	on	the	tendency	for	both
very	smooth	and	flat	surfaces	to	adhere,	and	heat	annealing	to	increase	bond	strength.	The	method	is	of	great	interest	for	the	fabrication	of	silicon-on-insulator	(SOI)	structures.	The	processes	involved	in	making	these	bonds	are	simpler	than	other	currently	employed	bonding	techniques,	the	yields	are	higher,	the	costs	are	lower,	and	the	mechanical
sensors	built	according	to	this	principle	exhibit	an	improved	performance.	Finally,	as	demonstrated	in	Figure	4.21,	the	size	of	an	SFBtype	device	can	be	almost	50%	smaller	than	that	of	a	conventional	anodically	bonded	chip.	Wafer	bonding	may	be	achieved	by	placing	the	surfaces	of	two	wafers	in	close	contact	and	(100)	Si	wafer	2	(b)	Thinned
lightlydoped	Si	wafer	(100)	Si	wafer	2	(100)	Si	wafer	1	(c)	(100)	Si	wafer	1	(d)	FIGURE	4.21 	Silicon	fusion	bonding	enables	smaller-footprint	microelectromechanical	system	devices	to	be	fabricated.	(a)	Etch	a	silicon	wafer	to	create	a	square	pit	(inverted	pyramid).	(b)	A	plain	second	silicon	wafer	is	cleaned	and	ready	for	fusion	bonding	to	the	first
wafer.	(c)	Bond	the	two	wafer	using	fusion	bonding.	(d)	The	second	wafer	is	then	thinned	down	from	the	back	side	using	either	mechanical-chemical	polishing	or	etching.	Packaging,	Assembly,	and	Self-Assembly   	205	inserting	them	in	an	oxidizing	ambient	at	temperatures	greater	than	800°C.	It	may	be	noted	that	the	term	silicon	fusion	bonding	is
somewhat	misleading;	the	fusion	point	of	Si	at	atmospheric	pressure	is	1410°C,	well	below	the	relevant	process	temperatures.31	The	quality	of	the	bond	depends	critically	on	temperature	and	the	roughness	of	the	surface.	Flatness	requirements	are	much	more	stringent	than	for	anodic	bondings,	with	a	microroughness	Ra	<	10	or	40	Å	and	bow	<	5
μm	versus	1	μm	Ra	and	bow	<	5	μm	in	anodic	bonding.	Because	of	the	high	temperature	involved,	active	electronics	cannot	be	incorporated	before	the	bonding	takes	place	(the	temperature	limit	for	bonding	IC-processed	standard	Si	substrates	is	about	420–450°C;	see	“IC	Compatibility”	in	Volume	II,	Chapter	7).	Higher	temperature	(above	1000°C)	is
usually	required	to	get	voidless	and	high-strength	bonding.34	Bond	strength	up	to	20	MPa	has	been	reported.	The	application	of	a	small	pressure	during	the	bonding	process	further	increases	the	final	bond	strength.35	The	bonding	can	be	carried	out	successfully	with	one	oxidized	Si	wafer	to	another	bare	Si	wafer,	two	oxidized	wafers,	or	two	bare	Si
wafers,	and	even	between	one	wafer	with	a	thin	layer	of	nitride	(100–200	nm)	and	one	bare	wafer	or	two	wafers	with	a	thin	layer	of	nitride.	The	same	fusionbonding	technique	can	be	applied	for	bonding	quartz	wafers,	GaAs	to	Si,	and	Si	to	glass.	Provided	that	the	surfaces	are	mirror	smooth	and	can	be	hydrated,	the	bonding	process	proceeds	in	an
identical	fashion	as	for	Si-Si	bonding	(see	Schmidt	36	and	references	therein).	According	to	most	references,	before	fusion	bonding,	the	oxidized	Si	surfaces	must	undergo	hydration.	Hydration	is	usually	accomplished	by	soaking	the	wafers	in	a	H2O2-H2SO4	mixture,	diluted	H2SO4,	or	boiling	nitric	acid.	After	this	treatment,	a	hydrophilic	top	layer
consisting	of	–OH	bonds	is	formed	on	the	oxide	surface.	An	additional	treatment	in	an	oxygen	plasma	greatly	enhances	the	number	of	–OH	groups	at	the	surface.37	Then,	the	wafers	are	rinsed	in	deionized	water	and	dried.	Contacting	the	mirrored	surfaces	at	room	temperature	in	a	cleanair	environment	forms	self-bonding	throughout	the	wafer
surface,	with	considerable	bonding	forces.38	In	a	transmission	infrared	microscope,	a	so-called	bonding	wave	can	be	seen	to	propagate	over	the	whole	wafer	in	a	matter	of	seconds.	The	bonded	pair	of	wafers	can	be	handled	without	danger	of	the	sandwich	falling	apart	during	transportation.	A	subsequent	high-temperature	anneal	increases	the	bond
strength	by	more	than	an	order	of	magnitude.	The	self-bonding	is	the	same	phenomenon	described	under	stiction	of	surface	micromachined	features	(see	Volume	II,	Chapter	7).	At	present,	the	fusion	bonding	mechanism	is	not	completely	clear.	However,	the	polymerization	of	silanol	bonds	is	believed	to	be	the	main	bonding	reaction:	Si−OH	+	HO−Si
→	H2O	+	Si−O−Si	Reaction	4.1	Figure	4.22	shows	the	suggested	bonding	mechanism,	including	the	transformation	from	silanol	bonds	to	siloxane	bonds.	Silanol	groups	give	rise	to	hydrogen	bonding,	which	takes	place	spontaneously	even	at	room	temperature	and	without	applying	pressure,	as	long	as	the	two	wafers	are	extremely	clean	and
smooth.38	Measurements	of	bond	strength	as	a	function	of	anneal	temperature	indicate	three	distinct	bond	strength	regions,	according	to	Schmidt.36	For	anneal	temperatures	below	300°C,	the	bond	strength	remains	the	same	as	the	spontaneous	bond	strength	measured	before	the	anneal.	For	self-bonded	>700°C	Silicon	Silicon	SiO2	SiO2	SiO2
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Schematic	illustration	of	the	silicon-tosilicon	bonding	by	fusion	and	a	proposed	mechanism.	206   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	wafers	with	hydrogen	bonding	between	the	silanol	groups	of	opposite	surfaces,	Tong	et	al.39	measured	an	activation	energy	of	0.07	eV	for	temperatures	800°C),	Schmidt	finds
the	bond	strength	starts	increasing	again,	and	at	1000°C,	the	bond	is	reaching	the	fracture	strength	of	single-crystalline	silicon:	10–20	MPa.	In	this	third	region,	it	has	been	suggested	that	surfaces	can	deform	more	easily	(oxide	flow),	bringing	them	into	better	contact.36	At	these	temperatures,	oxygen	also	diffuses	into	the	Si	lattice.	Multiple	Si	wafers
can	be	fusion	bonded	together.	In	some	applications,	up	to	a	total	of	seven	wafers	have	been	bonded	together.	Recall	that	for	fusion	bonding,	surfaces	have	to	be	chemically	activated	to	prepare	for	the	bond.	This	is	quite	an	undesirable	step	because	the	chemicals	needed	for	surface	preparation	often	are	not	compatible	with	other	micromachining
materials.	Another	way	to	activate	the	bonding	surface	and	to	make	it	hydrophilic	is	to	use	a	plasma	activation	step.	The	plasma	slightly	roughens	the	surface	and	increases	the	number	of	−OH	groups,	in	a	manner	similar	to	hydrophilic	chemical	activation.	The	plasma	activation	is	a	dry	process	that	is	much	more	compatible	with	many
micromachining	process	flows.	Also,	because	it	is	a	dry	process,	it	is	compatible	with	released	devices	(no	stiction	problems).	The	bond	still	needs	to	be	annealed,	just	as	in	regular	fusion	bonding,	but	the	anneal	temperatures	and	times	required	for	a	strong	bond	are	much	less	(400°C	vs.	1100°C),	possibly	because	of	the	slightly	roughened	surface.	It
should	be	noted	that	spontaneous	bonding	of	Si	wafers	also	has	been	claimed	with	hydrophobic	surfaces.	It	was	suggested	that	such	low-temperature	bonding	is	due	to	van	der	Waals	forces,	whereas	hydrogen	bridging	is	involved	in	hydrophilic	surfaces.	The	bonding	energy	obtained	with	hydrophobic	wafers	was	as	low	as	26	mJ/m2,	but	after
annealing	at	600°C,	the	bonding	energy	reached	a	value	of	2.5	J/m2,	only	attainable	at	900°C	with	hydrophilic	wafers.42	This	is	in	contradiction	with	most	other	research	done,	which	concludes	that	the	wafers	must	be	hydrophilic	for	SFB.	Early	on,	it	was	reported	that	Si3N4	was	a	nonbondable	surface.43	Based	on	Reaction	4.1,	one	would	assume
that	the	low-temperature	direct	bonding	of	Si3N4	could	take	place	only	if	oxidation	of	the	nitride	introduced	silanol	groups.	Indeed,	an	oxidized	surface	of	nitride	was	reported	to	bond	at	high	temperatures	consistent	with	Si	fusion	bonding.44	Unexpectedly,	Bower	et	al.45	demonstrated	extremely	strong	bonds	between	Si	wafers	coated	with	a	smooth,
clean	layer	of	LPCVD	Si3N4	at	temperatures	ranging	between	90°C	and	300°C.	A	500-Å-thick	nitride	was	first	deposited	in	the	LPCVD	reactor	and	then,	without	breaking	the	vacuum,	activated	in	an	ammonia	stream	for	several	minutes.	This	group	speculates	that	a	chemical	reaction	such	as	the	following	is	responsible	for	bonding	where	the	released
hydrogen	diffuses	from	the	bonding	interface:	≡	Si−(Nx	Hy)	+	(Nx	Hy)−Si	≡	→	≡	Si−(2Nx)−Si	≡	+	yH2	Reaction	4.2	Fracture	occurs	at	about	2	MPa.	In	a	further	extension	of	this	work,	it	was	found	that	an	NH3	plasma	Packaging,	Assembly,	and	Self-Assembly   	207	treatment	of	Si,	SiO2,	and	TiN	for	5	min	or	longer	also	provided	direct	bondable
surfaces.	Using	Si3N4	as	an	intermediate	layer,	Bower	and	coworkers	bonded	Si	to	Si,	Si	to	SiO2,	and	Si	to	GaAs.46	This	low-activation	energy	bonding	allows	bonding	of	optoelectronic	components	such	as	GaAs	with	completed	electronic	circuitry	on	Si	with	Al	metallization	in	place.	Thermal	Bonding	with	Intermediate	Layers	When	incorporating	an
intermediate	layer	between	two	substrates,	many	thermal	bonding	techniques	are	feasible.	If	the	intermediate	layers	can	be	patterned	by	lithography,	both	L0	and	L1	packaging	becomes	possible.	Anodic	bonding	occurs	uniformly,	but	the	high	fields	are	detrimental	to	field-effect	devices.	Some	intermediate	layer	materials	with	a	low	melting	point
[e.g.,	phosphosilicate	glass	(PSG)]	do	not	need	electric	field	for	bonding,	but	the	thickness	and	uniformity	are	hard	to	control.	An	ideal	method	would	require	neither	an	electrical	field	nor	high	temperatures	and	would	be	very	uniform.	With	films	that	become	soft	at	low	temperatures,	all	features	on	the	wafer	may	be	covered	smoothly	as	long	as	they
are	not	a	significant	fraction	of	the	intermediate	film	thickness	itself.	LPCVD	PSG	has	been	used	for	Si-to-Si	wafer	bonding.	Fusion	of	two	Si	wafers	coated	with	1–2-μmthick	PSG	layers	is	fast.	Excellent	bonding	results,	provided	the	wafers	are	clean	and	reasonably	flat.	Unfortunately,	the	bonding	process	occurs	at	a	high	temperature	of	1100°C	for	30
min.47	Several	suppliers	of	glass	materials	offer	lowtemperature	sealing	glasses	known	as	glass	frits	or	glass	solders.	Corning	Glass	Works,	for	example,	has	introduced	a	series	of	glass	frits	(#75xx)	with	sealing	temperatures	ranging	from	415°C	to	650°C.48	These	glasses	are	applied	by	a	variety	of	methods,	including	spraying,	screen-printing,
extrusion,	and	sedimentation.	After	the	glass	is	deposited,	it	needs	to	be	preglazed	to	remove	the	organic	residues	produced	by	vehicle	and	binder	decomposition	(see	“Types	of	Inks/Pastes	and	Applications”	in	Volume		II,	Chapter		9).	The	substrate-glass-substrate	sandwich	is		then	heated	to	the	sealing	temperature	while	a	slight	pressure	is	applied
(>1	psi).	Devitrifying	glasses	and	thermoplastic,	vitreous	glasses	are	offered.	The	devitrifying	glasses	are	thermosetting,	and	they	crystallize	during	the	sealing	procedure,	thereby	changing	their	mechanical	properties.	The	vitreous	glasses	are	thermoplastic,	melt	at	a	lower	temperature	than	devitrifying	glasses,	and	flow	during	sealing,	but	their
material	properties	do	not	change	after	sealing	is	completed.	An	important	problem	today	remains	the	uncertainty	regarding	the	mechanical	and	chemical	behavior	of	these	glasses.27	Moreover,	almost	all	of	the	low-melting-point	formulations	of	glass	frits	contain	some	lead,	which	is	a	major	drawback	because	the	European	Union	and	Japan	are
forbidding	the	use	of	lead	in	all	electronics	manufacturing	in	the	coming	years.	Ko	et	al.20	used	RF	sputtering	from	a	target	made	from	a	Corning	7593	glass	frit	to	obtain	a	thinner	(8000	Å)	and	more	uniform	intermediate	glass	film	for	bonding.	The	sputtered	glass	did	not	need	glazing.	Annealing	at	650°C	in	an	oxygen	atmosphere	resulted	in	an
excellent	bond	strength	of	two	Si	wafers	coated	with	these	films.	Legtenberg	et	al.49	used	a	thin	film	of	atmospheric	pressure	chemical	vapor-deposited	(APCVD)	boron	oxide	with	a	softening	temperature	of	450°C.	However,	boron	oxide	is	hygroscopic	and	does	not	present	a	viable	solution.	Field	et	al.50	used	borondoped	Si	dioxide,	which	also
becomes	soft	at	450°C.	The	doping	is	performed	in	a	solid	source	drive-in	furnace.	The	bond	seal	is	hermetic,	and	a	crack	propagates	right	through	the	material	rather	than	along	the	bonded	surface.	A	problem	with	this	method	is	the	sensitivity	of	the	film	to	phosphorous	contamination.	Spin-on-glass	(SOG)	was	reported	by	Yamada	et		al.51	and
Quenzer	and	Benecke52	In	Yamada	et		al.’s	effort,	SOG	[Si(OH)x	(with	2	<	x	<	4)]	was	coated	on	the	wafer	surface	to	be	bonded.	After	the	50-nm-thick	film	was	baked	at	a	temperature	of	250°C	for	10	min,	the	wafers	were	contacted	and	pressurized	in	vacuum	at	250°C	for	1	h.	The	bonding	was	already	strong	after	this	step,	but	wafers	were	further
annealed	for	1	h	at	1150°C	in	air	to	sinter	the	SOG	layer	and	to	improve	the	breakdown	voltage	of	the	layer.	Quenzer	et	al.	used	sodium	silicate	as	an	intermediate	layer.	The	wafers	were	made	hydrophilic	in	an	RCA1	cleaning	step,	and	the	glass	was	spun	on	from	a	dilute	sodium	silicate	solution.	The	film	thickness	was	between	3	and	100	nm,	and
208   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	annealing	at	200°C	produced	good	bonds	between	bare	Si	wafers,	Si	wafers	with	native	oxide,	thermal	oxide,	and	Si	nitride.	No	need	for	further	annealing	is	mentioned	in	this	work.	To	bond	the	unpolished	back	side	of	a	Si	die	to	another	Si	part,	an	aqua-gel	based	on	a
hydrophilic	pyrogenic	silica	powder	(grain	diameter	smaller	than	7	nm)	and	polyvinyl	alcohol	(PVA)	as	a	binder	may	be	used.	In	this	scheme,	the	adhesion	depends	on	hydrogen	bonding	between	the	−OH	groups	of	the	PVA,	the	SiO2	grains,	and	the	Si	surfaces.	No	spe	cial	surface	treatment	is	required,	and	the	bonding	can	be	achieved	in	15	min	at
room	temperature.	Bond	strength	is	in	excess	of	1	MPa.	This	new	technique	works	for	bonding	Si	to	Si,	Si	to	SiO2,	SiO2	to	SiO2,	and	glass	to	Si	or	SiO2.	Surprisingly,	this	technique	was	also	shown	to	work	for	bonding	III-V	materials.	This	type	of	bonding	is	proposed	for	the	fashioning	of	multichip-on-silicon	packaging	(L2	level).53	Silicon
microstructures	can	be	sealed	together	by	eutectic	bonding.	Eutectic	films	are	alloys	of	two	materials	and	act	as	the	“glue”	or	solder	to	bond	two	wafers.	Solder	is	a	form	of	eutectic	alloy	that	is	commonly	used	in	building	printed	circuit	boards.	Solder	has	been	used	since	antiquity	to	bond	metal	surfaces	to	one	another.	It	is	an	alloy	with	a	low	melting
point,	typically	containing	tin	or	indium,	used	to	join	electrical	components	to	a	circuit	board	or	to	join	metal	objects	together.	In	Au-Si	eutectic	bonding,	one	applies	a	contact	force	and	increases	the	temperature	beyond	the	Au-Si	eutectic	temperature	(363°C).	This	results	in	diffusion	of	silicon	into	the	gold	(not	diffusion	of	gold	into	silicon)	until	the
Au-Si	eutectic	composition	is	reached	(19	atomic	percent	Si).	The	Au-Si	eutectic	bonding	takes	place	at	a	temperature	of	363°C,	which	is	well	below	the	critical	temperature	for	Al	metallized	components,	and	Au	is	a	quite	commonly	used	thin-film	material.	These	are	good	reasons	to	select	the	Au-Si	eutectic,	but	other	material	combinations	are
possible.	It	is	possible	to	bond	bare	Si	against	Au-covered	Si,	or	Au-covered	Si	against	Au-covered	Si.	Another	alternative	is	to	use	Au-Si	preform	with	a	composition	close	to	the	eutectic	concentration.	Eutectic	bonding	in	MEMS	packaging	is	demonstrated	below,	in	Figure	4.37,	where	we	illustrate	a	wafer-to-wafer	transfer	of	an	encapulsation
package.	Tiensuu	et	al.	have	demonstrated	a	mean	fracture	strength	of	the	Au-Si	bond	of	148	MPa.54	This	compares	well	with	fusion	bonding	with	a	typical	bond	strength	of	5–15	MPa.	There	are	some	considerable	disadvantages	associated	with	Au-Si	eutectic	bonding.	It	is	difficult	to	obtain	complete	bonding	over	large	areas,	and	even	native	oxides
prevent	the	bonding	to	take	place	and	eutectic	preform	(e.g.,	with	Au-Sn)	bonding	is	reported	to	introduce	substantial	mounting	stress	in	piezoresistive	sensors,	causing	long-term	drift	due	to	relaxation	of	the	built-in	stress.20	Bonding	with	Organic	Layers	Two	silicon	wafers	also	can	be	bonded	using	an	intermediate	polymer	film	that	forms	the	“glue”
between	the	two.	Polymers	such	as	polyimide,	or	“epoxy”	can	be	used;	if	the	glue	can	be	deposited	in	a	uniform	film	and	has	good	adhesion	to	Si,	it	can	be	used	to	bond	the	two	wafers	together.	One	of	the	issues	with	polymers	is	that	as	they	are	baked	to	harden	them,	they	produce	vapors	of	solvents	within	them,	and	these	vapors	create	voids,	which
tend	to	push	the	two	wafers	apart.	Therefore,	polymers	that	tend	to	outgas	very	little	are	desired.	One	of	these	materials	is	benzo-cyclobutene	(BCB),	which	is	used	as	an	insulator	in	building	integrated	circuits.	BCB	can	be	spin	deposited	and	then	patterned	like	photoresist.	Thus,	it	is	possible	to	create	fine	features	on	one	wafer	that	can	then	be	used
to	bond	to	a	companion	wafer.	BCB	patterns	retain	their	shape	after	bonding,	and	the	bond	strength	is	very	high	(one	needs	to	destroy	the	BCB	to	break	the	bonded	wafers).	It	is	also	possible	to	use	another	polymer,	such	as	Parylene,	which	is	simply	a	plastic.	When	heated,	the	plastic	joins	the	two	wafers	together.	Parylene	is	a	very	inert,	tough,	and
easy	to	deposit	polymer.	It	is	used	extensively	in	implantable	biomedical	systems.	It	can	be	evaporated	at	room	temperature	(0.1–10	μm	range)	and	when	deposited	it	is	conformal,	uniform,	and	pinhole-free.	A	most	interesting	option	for	packaging	is	through	lithographic	patterning	of	thick	resist	layers.	Prominent	new	candidates	for	packaging
micromachines	are	thick	ultraviolet	photoresists,	such	as	AZ-4000	and	SU-8,	reviewed	in	Volume	II,	Chapter	1,	as	well	as	LIGA	resists	such	as	PMMA.	Packaging,	Assembly,	and	Self-Assembly   	209	Using	polymers,	very	low	bonding	temperatures	are	possible.	The	bond	strength	can	be	quite	high,	no	metal	ions	are	present,	and	the	elastic
properties	can	reduce	stress.	One	can	envision	that	with	thick	enough	polymer	layers,	packaging	as	part	of	the	frontend	processing	will	become	possible	(up	to	level	2).	Disadvantages	include	impossibility	of	hermetic	seals	(see	Figure	4.29),	high	vapor	pressure,	and	in	cases	where	a	high	Young’s	modulus	and	low	hysteresis	is	required	poor
mechanical	properties.	An	example	of	photopatterned	bonding	is	provided	by	the	flexible	polysiloxane	interconnection	between	two	substrates	demonstrated	by	Arquint	et		al.55	UV-sensitive	cross-linking	of	polysiloxane	layers	with	a	thickness	of	several	hundred	micrometers	is	used	to	pattern	the	polymer	onto	the	first	substrate,	and	a	condensation
reaction	is	used	to	form	a	chemical	bond	to	the	second	surface.	The	procedure	is	illustrated	in	Figure	4.23.55	Good	bonding	results	with	photopatternable	resists	also	have	been	obtained	by	den	Besten	et	al.,56	(a)	(b)	Pipette	UV	light	Mask	Mylar	sheet	(c)	Patterned	polymer	layer	(d)	Condensation	cross-linking	FIGURE	4.23 	Procedure	for
silicon/polymer/silicon	bonding:	(a)	Monomer	solution	is	deposited	either	by	spin	coating	or	casting;	(b)	exposure	to	ultraviolet	light	for	photopolymerization;	(c) polymeric	pattern	is	developed	in	xylene;	(d)	second	wafer	is	pressed	onto	the	polymeric	pattern	and	left	for	humidity-induced	polymerization	in	ambient	air	(10	h).	(From	Arquint,	P.,	P.	D.	van
der	Wal,	B.	H.	van	der	Schoot,	and	N.	F.	de	Rooij.	1995.	In	8th	International	Conference	on	Solid-State	Sensors	and	Actuators	(Transducers	’95),	263–64.	Stockholm,	Sweden.	With	permission.55)	who	used	negative	photoresist	at	a	bonding	temperature	of	130°C.	In	an	important	potential	application,	UV-curable	encapsulant	resins	have	been	employed
for	wafer-level	packaging	of	ion-sensitive	field	effect	transistors	(ISFETs).57	Bonding	of	Plastic	to	Plastic	A	major	concern	of	polymer-based	MEMS,	especially	in	microfluidic	devices,	is	how	to	bond	plastic	parts	together.	This	bonding	or	application	of	plastic	lids	to	plastic	microparts	can	be	achieved	using	adhesives	or	tapes,	plastic	welding	(e.g.,	hot
plate	and	ultrasonic	welding),	and	selected	organic	solvents	(i.e.,	partially	dissolving	the	bonding	surfaces	and	evaporating	the	solvent).	In	our	laboratory,	several	of	these	techniques	have	been	tried,	including	vacuum-assisted	heat	bonding,	bonding	with	double-sided	adhesive	tape,	and	water-soluble	polymer-assisted	bonding.	Figure	4.24	shows	a
cross-section	of	microchannels	bonded	by	these	three	methods.	For	large	features	(several	hundred	micrometers	to	millimeters),	conventional	plastic	welding	techniques	such	as	hot	plate,	ultrasonic,	and	infrared	(IR)	welding	can	be	used.	Applying	vacuum	before	welding	may	reduce	voids	at	the	welded	interface,	and	consequently,	lower	pressure	and
temperature	can	be	used	in	welding.	This	minimizes	the	molten	polymer	from	flowing	into	the	bonded	channels	(see	Figure	4.24a).	Ideally,	small	overflow	traps	should	be	designed	along	the	edge	of	the	channels	(as	shown	in	Figure	4.25)	to	completely	prevent	the	channels	from	being	blocked	by	the	molten	polymer	during	welding.	For	smaller
channel	sizes	(less	than	100	μm),	the	design	and	fabrication	of	overflow	traps	become	difficult.	Double-sided	adhesive	tape	can	be	a	useful	way	for	microbonding,	as	shown	in	Figure	4.24b.	The	main	disadvantage	is	that	the	presence	of	an	adhesive	tape	tends	to	change	the	channel	size	and	channel	wall	properties.	This	is	the	technique	we	often	used
in	the	assembly	of	the	compact	disc	(CD)	fluidic	platform	(see	Chapter	5,	Figure	5.28).	For	very	small	channels	(less	than	1	μm),	prefilling	the	channels	with	a	water-soluble	polymer	(serving	as	a	sacrificial	material),	drying	the	polymer,	sealing	the	plate	with	channels	to	a	cover	lid	by	either	welding	or	adhesive	bonding,	and	then	washing	out	the
water-soluble	polymer	turns	out	to	be	a	viable	way	to	210   	From	MEMS	to	Bio-NEMS:	Manufacturing	Techniques	and	Applications	(a)	Vacuum-assisted	hot	plate	bonding	(b)	Adhesive	tape	bonding	(c)	Water-soluble	polymer-assisted	bonding	200	m	Substrate	with	microchannel	Adhesive	tape	Cover	Substrate	with	microchannel	Cover	Water-
soluble	polymer	FIGURE	4.24 	Scanning	electron	microscope	cross-section	of	bonded	microchannels	by	three	diff erent	methods	(see	text).	(Courtesy	of	Dr.	Marc	Madou	and	Dr.	James	Lee,	Ohio	State	University.)	prevent	channel	blockage	during	bonding	(see	Figure	4.24c).	This	method,	however,	is	more	tedious	and	may	not	always	be	applicable.
Development	of	lowcost,	high-speed,	and	reliable	bonding	techniques	for	microfluidic	devices	remains	an	important	and	challenging	issue	in	bio-MEMS	fabrication.	Polydimethylsiloxane	(PDMS),	introduced	in	Volume	II,	Chapter	2,	is	the	most	common	example	of	a	group	of	polymers	known	as	silicones.	Silicones	are	used	as	a	component	in	silicone
grease	and	other	silicone-based	lubricants,	as	well	as	in	defoaming	agents,	damping	fluids,	heat	transfer	fluids,	cosmetics,	hair	conditioner,	and	other	applications;	they	are	also	the	primary	component	in	Silly	Putty.	PDMS	is	used	extensively	in	microfluidics	research	to	create	channels,	valves,	pumps,	and	other	components	that	make	up	microfluidic
systems.	As	we	saw	in	Volume	II,	Chapter	2,	the	molecular	structure	of	PDMS	is	made	up	of	a	backbone	of	siloxane	with	two	methyl	groups	attached	to	each	silicon	atom.	The	backbone	is	terminated	with	either	a	methyl	Cover	lid	Polymer	substrate	Microchannel	Horn	for	ultrasonic	welding	Overflow	trap	FIGURE	4.25 	Schematic	of	ultrasonic	welding
with	overflow	trap.	(Courtesy	of	Dr.	Marc	Madou	and	Dr.	James	Lee,	Ohio	State	University.)	group	or	hydroxyl	group.	PDMS	can	be	reversibly	and	irreversibly	bonded	to	a	variety	of	substrates.	Without	pretreatment,	PDMS	bonds	reversibly	to	glass	structures	with	a	bond	strength	that	can	survive	fluidic	pressures	of	∼4	psi,	enough	for	many
microfluidics	applications.	Activating	the	PDMS	surfaces	with	a	plasma	treatment	before	bonding	can	create	an	irreversible	bond.	The	plasma	treatment	temporarily	replaces	one	of	the	methyl	groups	of	the	PDMS	with	a	silanol	group.	This	activation	typically	lasts	for	tens	of	minutes.	If	the	surface	of	an	activated	PDMS	layer	comes	in	contact	with
another	activated	surface,	the	silanol	groups	combine	to	create	a	siloxane	bond	and	a	water	molecule,	similar	to	the	hydrophilic	fusion	bonding	process	described	above.	There	is	no	need	to	anneal	this	bond	because	the	high	permeability	of	the	surrounding	polymer	allows	the	water	molecule	to	diffuse	away	easily	(although	heat	speeds	the	process
up).	Irreversible	PDMS	bonds	can	stand	pressures	of	up	to	70	psi.	The	bonding	processes	detailed	here	are	summarized	in	Table	4.2.	A	good	review	of	polymer	micromolding,	including	polymer	bonding,	is	that	of	Becker	and	Gärtner.58	Alignment	during	Bonding	Obtaining	good	alignment	between	the	device	wafer	and	support	substrate	(e.g.,	glass	or
another	Si	wafer)	during	bonding	poses	some	extra	challenges,	because	a	transfer	from	aligner	to	annealing	furnace	Packaging,	Assembly,	and	Self-Assembly   	211	Table	4.2 	Comparison	of	Bonding	Techniques	Anodic	Bond	strength	Hermeticity	Temperature	Formation	Service	TCE	mismatch	CMOS-compatible	Process	complexity	Planarization
capability	Maturity	Cost	Fusion	Glass	Frit	Eutectic	Solder	Parylene	PDMS	Very	strong	Excellent	Good	Excellent	Strong	Good	Strong	Good	Strong	Good	OK	Poor/OK	Weak	Poor	250–400°C	>400°C	OK	OK	Low	Poor	200–1000°C	>1000°C	Good	Poor	Some	Very	poor	400–500°C	363°C
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